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PREFACE. 


MONG the many advances in the progress of mathematical 
science during the last forty years, not the least remarkable 
are those in the theory of functions. The contributions that are 
still being made to it testify to its vitality: all the evidence points 
to the continuance of its growth. And, indeed, this need cause no 
surprise. Few subjects can boast such varied processes, based 
upon methods so distinct from one another as are those originated 
by Cauchy, by Weierstrass, and by Riemann. Each of these 
methods is sufficient in itself to provide a complete development ; 
combined, they exhibit an unusual wealth of ideas and furnish 
unsurpassed resources in attacking new problems. 

It is difficult to keep pace with the rapid growth of the 
literature which is due to the activity of mathematicians, 
especially of continental mathematicians: and there is, in con- 
sequence, sufficient reason for considering that some marshalling 
of the main results is at least desirable and is, perhaps, necessary. 
Not that there is any dearth of treatises in French and in 
German: but, for the most part, they either expound the pro- 
cesses based upon some single method or they deal with the 
discussion of some particular branch of the theory. 
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The present treatise is an attempt to give a consecutive 
account of what may fairly be deemed the principal branches of 
the whole subject. It may be that the next few years will see 
additions as important as those of the last few years: this account 
would then be insufficient for its purpose, notwithstanding the 
breadth of range over which it may seem at present to extend. 
My hope is that the book, so far as it goes, may assist mathe- 
maticians, by lessening the labour of acquiring a proper knowledge 
of the subject, and by indicating the main lines, on which recent 


progress has been achieved. 


No apology is offered for the size of the book. Indeed, if 
there were to be an apology, it would rather be on the ground 
of the too brief treatment of some portions and the omissions 
of others. The detail in the exposition of the elements of several 
important branches has prevented a completeness of treatment 
of those branches: but this fulness of initial explanations is 
deliberate, my opinion being that students will thereby become 
better qualified to read the great classical memoirs, by the study 
of which effective progress can best be made. And limitations of 
space have compelled me to exclude some branches which other- 
wise would have found a place. Thus the theory of functions of 
areal variable is left undiscussed: happily, the treatises of Dini, 
Stolz, Tannery and Chrystal are sufficient to supply the omission. 
Again, the theory of functions of more than one complex variable 
receives only a passing mention; but in this case, as in most 
cases, where the consideration is brief, references are given 
which will enable the student to follow the development to 
such extent as he may desire. Limitation in one other direction 
has been imposed: the treatise aims at dealing with the general 
theory of functions and it does not profess to deal with special 
classes of functions. I have not hesitated to use examples of 
special classes: but they are used merely as illustrations of the 
general theory, and references are given to other treatises for 


the detailed exposition of their properties. 


PREFACE vil 


The general method which is adopted is not limited so that 
it may conform to any single one of the three principal inde- 
pendent methods, due to Cauchy, to Weierstrass and to Riemann 
respectively : where it has been convenient to do so, I have 
combined ideas and processes derived from different methods. 


The book may be considered as composed of five parts. 

The first part, consisting of Chapters I—VII, contains the 
theory of uniform functions: the discussion ‘is based upon power- 
series, initially connected with Cauchy’s theorems in integration, 
and the properties established are chiefly those which are con- 
tained in the memoirs of Weierstrass and Mittag-Leffler. 

The second part, consisting of Chapters VIII—XIII, contains 
the theory of multiform functions, and of uniform periodic 
functions which are derived through the inversion of integrals 
of algebraic functions. The method adopted in this part is 
Cauchy’s, as used by Briot and Bouquet in their three memoirs 
and in their treatise on elliptic functions: it is the method that 
has been followed by Hermite and others to obtain the properties 
of various kinds of periodic functions. A chapter has been 
devoted to the proof of Weierstrass’s results relating to functions 
that possess an addition-theorem. 

The third part, consisting of Chapters XITV—XVIII, contains 
the development of the theory of functions according to the 
method initiated by Riemann in his memoirs. The proof which 
is given of the existence-theorem is substantially due to Schwarz ; 
in the rest of this part of the book, I have derived great assist- 
ance from Neumann’s treatise on Abelian functions, from Fricke’s 
treatise on Klein’s theory of modular functions, and from many 
memoirs by Klein. 

The fourth part, consisting of Chapters XIX and XX, treats 
of conformal representation. The fundamental theorem, as to the 
possibility of the conformal representation of surfaces upon one 
another, 1s derived from the existence-theorem : it 1s a curious fact 
that the actual solution, which has been proved to exist in general, 
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has been obtained only for cases in which there is distinct 
limitation. 

The fifth part, consisting of Chapters XXI and XXII, contains 
an introduction to the theory of Fuchsian or automorphic functions, 
based upon the researches of Poincaré and Klein: the discussion is 
restricted to the elements of this newly-developed theory. 

The arrangement of the subject-matter, as indicated in this 
abstract of the contents, has been adopted as being the most 
convenient for the continuous exposition of the theory. But the 
arrangement does not provide an order best adapted to one who is 
reading the subject for the first time. I have therefore ventured 
to prefix to the Table of Contents a selection of Chapters that 
will probably form a more suitable introduction to the subject for 
such a reader; the remaining Chapters can then be taken in an 
order determined by the branch of the subject which he wishes 
to follow out. 


In the course of the preparation of this book, I have consulted 
many treatises and memoirs. References to them, both general 
and particular, are freely made: without making precise reserva- 
tions as to independent contributions of my own, I wish in this 
place to make a comprehensive acknowledgement of my obligations 
to such works. A number of examples occur in the book: most of 
them are extracted from memoirs, which do not le close to the 
direct line of development of the general theory but contain 
results that provide interesting special illustrations. My inten- 
tion has been to give the author’s name in every case where a 
result has been extracted from a memoir: any omission to do so 
is due to inadvertence. 


Substantial as has been the aid provided by the treatises and 
memoirs to which reference has just been made, the completion of 
the book in the correction of the proof-sheets has been rendered 
easier to me by the unstinted and untiring help rendered by 


two friends. To Mr William Burnside, M.A., formerly Fellow of 
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Pembroke College, Cambridge, and now Professor of Mathematics 
at the Royal Naval College, Greenwich, I am under a deep debt 
of gratitude: he has used his great knowledge of the subject in 
the most generous manner, making suggestions and criticisms that 
have enabled me to correct’ errors and to improve the book in 
many respects. Mr H. M. Taylor, M.A., Fellow of Trinity College, 
Cambridge, has read the proofs with great care: the kind assist- 
ance that he has given me in this way has proved of substantial 
service and usefulness in correcting the sheets. I desire to 
recognise most gratefully my sense of the value of the work which 
these gentlemen have done. 

It is but just on my part to state that the willing and active 
co-operation of the Staff of the University Press during the 
progress of printing has done much to lighten my labour. 


It is, perhaps, too ambitious to hope that, on ground which 
is relatively new to English mathematics, there will be freedom 
from error or obscurity and that the mode of presentation in this 
treatise will command general approbation. In any case, my aim 
has been to produce a book that will assist mathematicians in 
acquiring a knowledge of the theory of functions: in proportion 
as it may prove of real service to them, will be my reward. 


A. RB, FORSYTH. 


Trinity CoLLEGH, CAMBRIDGE, 
25 February, 1893. 


PREFACE TO THE SECOND EDITION. 


N issuing the second edition of this treatise, I desire to express 
my grateful sense of the reception which has already been 
accorded to the book. When it was first published, I could not 
but fear that, if from no other reason than the breadth of range 
which it covers, it would contain blemishes in the way of inaccuracy 
and obscurity. During the preparation of the second edition, I 
have had the advantage of suggestions and criticisms sent to me 
by friends and correspondents, to whom my thanks are willingly 
returned for the help they thus have afforded me; my hope is that 
improvement has been secured in several respects. The principal 
changes may be indicated briefly. 

Some modifications have been made in the portion that is 
devoted to the theory of uniform functions: no substantial 
additions have been made to this part of the book, but new 
references are given for the sake of readers who may wish to 
acquaint themselves with the most recent developments. 

The exposition of Schwarz’s proof of the existence of various 
classes of functions upon a Riemann’s surface has been considerably 
changed. The new form seems to me to be free from some of the 
difficulties to which exception has been taken from time to time : 
the general features of the proof have been retained. 
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Several sections have been inserted in Chapter XVIII, which 
are intended to serve as a simple introduction to the theory of 
birational transformation of algebraic equations and curves and of 
Riemann’s surfaces. Moreover, as that part of the book is occupied 
with integrals of algebraic functions and with Abelian functions, it 
seems not unnatural that a proof of Abel’s Theorem should be 
given, as well as some illustrations: this has been effected in some 
supplementary notes appended to Chapter XVIII. With minor 
exceptions, these additions constitute the whole of the new matter 
relating to algebraic functions and their integrals. 

The chief omission from the contents of the former edition is 
caused by the transference, to the second volume of my Theory of 
Differential Equations, of the sections that discussed the properties 
of certain binomial differential equations of the first order. The 
space thus placed at my disposal has been assigned to the theory 
of birational transformation ; and I have been euabled to keep the 
numbering ‘of the paragraphs the same as in the former edition 
with only very few exceptions. 

The increased size of the book has prevented me, even more 
definitely than before, from attempting to discuss some of the 
subjects left undiscussed in the first edition. The volume will 
probably be regarded as sufficiently large in its present form : 
I hope that it may continue to be found a useful introduction to 
one of the most important subjects in modern pure mathematics. 


Me Mates dite 


Trinity CoLLEGE, CAMBRIDGE, 
31 October, 1900. 
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CHAPTER I. 


GENERAL INTRODUCTION. 


1. ALGEBRAICAL operations are either direct or inverse. Without 
entering into a general discussion of the nature of rational, irrational, and 
imaginary quantities, it will be sufficient to point out that direct algebraical 
operations on numbers that are positive and integral lead to numbers of the 
same character; and that inverse algebraical operations on numbers that are 
positive and integral lead to numbers, which may be negative or fractional 
or irrational, or to numbers which may not even fall within the class of real 
quantities. The simplest case of occurrence of a quantity, which is not 
real, is that which arises when the square root of a negative quantity is 
required. 

Combinations of the various kinds of quantities that may occur are of 
the form x+y, where x and y are real, and 7, the non-real element of the 
quantity, denotes the square root of —1. It is found that, when quantities 
of this character are subjected to algebraical operations, they always lead to 
quantities of the same formal character; and it is therefore inferred that 
the most general form of algebraical quantity 1s x + 1y. 


Such a quantity «+ 7y, for brevity denoted by z, is usually called a 
complex variable*; it therefore appears that the complex variable is the 
most general form of algebraical quantity which obeys the fundamental laws 
of ordinary algebra. 


2. The most general complex variable is that, in which the constituents 
x and y are independent of one another and (being real quantities) are 
separately capable of assuming all values from —o to +; thus a doubly- 
infinite variation is possible for the variable. In the case of a real variable, 
it is convenient to use the customary geometrical representation by measure- 
ment of distance along a straight line; so also in the case of a complex 


* The conjugate complex, viz. x — iy, is frequently denoted by 2). 


2 GEOMETRICAL REPRESENTATION OF [2. 


variable, it is convenient to associate a geometrical representation with 
the algebraical expression; and this is the well-known representation of 
the variable #+iy by means of a point with coordinates # and y referred 
to rectangular axes*, The complete variation of the complex variable z 
is represented by the aggregate of all possible positions of the associated 
point, which is often called the point z; the special case of real variables 
being evidently included in it because, when y=0, the aggregate of 
possible points is the line which is the range of geometrical variation of 
the real variable. 


The variation of z is said to be continuous when the variations of # and y 
are continuous. Continuous variation of z between two given values will 
thus be represented by continuous variation in the position of the point z, 
that is, by a continuous curve (not necessarily of continuous curvature) 
between the points corresponding to the two values. But since an infinite 
number of curves can be drawn between two points in a plane, continuity of 
line is not sufficient to specify the variation of the complex variable; and, in 
order to indicate any special mode of variation, it is necessary to assign, 
either explicitly or implicitly, some determinate law connecting the variations 
of # and y or, what is the same thing, some determinate law connecting « 
and y. The analytical expression of this law is the equation of the curve 
which represents the aggregate of values assumed by the variable between 
the two given values. 


In such a case the variable is often said to describe the part of the curve 
between the two points. In particular, if the variable resume its initial 
value, the representative point must return to its initial position; and then 
the variable is said to describe the whole curvef. 


When a given closed curve is continuously described by the variable, 
there are two directions in which the description can take place. From 
the analogy of the description of a straight line by a point representing a 
real variable, one of these directions is considered as positive and the other 


* This method of geometrical representation of imaginary quantities, ordinarily assigned to 
Gauss, was originally developed by Argand who, in 1806, published his Essai sur une manizre 
de représenter les quantités imaginaires dans les constructions géométriques. This tract was 
republished in 1874 as a second edition (Gauthier-Villars); an interesting preface is added 
to it by Hoiiel, who gives an account of the earlier history of the publications associated with 
the theory. 

Other references to the historical development are given in Chrystal’s Text-book of Algebra, 
vol. i, pp. 248, 249 ; in Holzmiiller’s Hinfiihrung in die Theorie der isogonalen Verwandschaften 
und der conformen Abbildungen, verbunden mit Anwendungen auf mathematische Physik, pp. 1—10, 
21—23; in Schlémilch’s Compendium der hiheren Analysis, vol. ii, p. 38 (note); and in Casorati, 
Teorica delle funzioni di variabili complesse, only one volume of which was published. In this 
connection, an article by Cayley (Quart. Journ. of Math., vol. xxii, pp. 270—308; Coll. Math. 
Papers, t. xii, pp. 459—489) may be consulted with advantage. 

+ In these elementary explanations, it is unnecessary to enter into any discussion of 
the effects caused by the occurrence of singularities in the curve. 
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as negative. The usual convention under which one of the directions is 
selected as the positive direction depends upon the conception that the curve 
is the boundary, partial or complete, of some area; under it, that direction is 
taken to be positive which is such that the hounded area lies to the left of 
the direction of description. It is easy to see that the same direction is ‘taken 
to be positive under an equivalent convention 
which makes it related to the normal drawn 
outwards from the bounded area in the same 
way as the positive direction of the axis of y 
is to the positive direction of the axis of w 
in plane coordinate geometry. 


Thus in the figure (fig. 1), the positive 
direction of description of the outer curve 
for the area included by it is DHF; the 
positive direction of description of the inner 
curve for the area without it (say, the area Fig. 1. 
excluded by it) is ACB; and for the area 
between the curves the positive direction of description of the boundary, 
which consists of two parts, is DEF, ACB. 


F 


3. Since the position of a point in a plane can be determined by means 
of polar coordinates, it is convenient in the discussion of complex variables 
to introduce two quantities corresponding to polar coordinates, 


In the case of the variable z, one of these quantities is (a + y’)}, the 
positive sign being always associated with it; it is called the modulus* of 
the variable and it is denoted, sometimes by mod. z, sometimes by |z]. 

The other is 0, the angular coordinate of the point z; it is called the 
argument (and, less frequently, the amplitude) of the variable. It is 
measured in the trigonometrically positive sense, and is determined by 
the equations 

2=|z\cos0, y= |z|sin @, 


so that z=|z|e%. The actual value depends upon the way in which the 
variable has acquired its value; when variation 
of the argument is considered, its initial value 


is usually taken to lie between 0 and 277 or, less > 

frequently, between — 7 and + 7. eta, 
O 

As z varies in position, the values of |2| 

and @ vary. When z has completed a positive 


description of a closed curve, the modulus of 2 
returns to the initial value whether the origin Fig. 2. 


* Der absolute Betrag is often used by German writers. 


4, GREAT VALUES OF [3. 


be without, within, or on, the curve. The argument of z resumes its initial 
value, if the origin O’ (fig. 2) be without the curve; but, if the origin O be 
within the curve, the value of the argument is increased by 27 when 2 
returns to its initial position. 

If the origin be on the curve, the argument of z undergoes an abrupt 
change by 7 as z passes through the origin; and the change is an increase 
or a decrease according as the variable approaches its limiting position on the 
curve from without or from within. No choice need be made between these 
alternatives; for care is always exercised to choose curves which do not 
introduce this element of doubt. 


4, Representation on a plane is obviously more effective for points at a 
finite distance from the origin than for points at a very great distance. 


One method of meeting the difficulty of representing great values is to 
introduce a new variable 2 given by z’z=1: the part of the new plane for 
z which lies quite near the origin corresponds to the part of the old plane 
for z which is very distant. The two planes combined give a complete 
representation of variation of the complex variable. 


Another method, in many ways more advantageous, is as follows. Draw 
a sphere of unit diameter, touching the z-plane at the origin O (fig. 3) on 
the under side: join a point z in the plane to OU’, the other extremity of 
the diameter through O, by a straight line cutting the sphere in Z. 
Then Z is a unique representative of z, that is, a single point on the 
sphere corresponds to a single point on the plane: and therefore the variable 
can be represented on the surface of the sphere. With this mode of 


a Bigite’ Vie Ac 


representation, O’ evidently corresponds to an infinite value of z: and points 
at a very great distance in the z-plane are represented by points in the 
immediate vicinity of O’ on the sphere. The sphere thus has the advantage 
of putting in evidence a part of the surface on which the variations of 
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great values of z can be traced*, and of exhibiting the uniqueness of 
z= as a value of the variable, a fact that is obscured in the represent- 
ation on a plane. 

The former method of representation can be deduced by means of the 
sphere. At O’ draw a plane touching the sphere: and let the straight line 
OZ cut this plane in 2. Then Z is a point uniquely determined by Z 
and therefore uniquely determined by z. In this new 2-plane take axes 
parallel to the axes in the z-plane. 

The points z and z move in the same direction in space round 00’ 
as an axis. If we make the upper side of the z-plane correspond to the 
lower side of the z-plane, and take the usual positive directions in the 
planes, being the positive trigonometrical directions for a spectator looking 
at the surface of the plane in which the description takes place, we have 
these directions indicated by the arrows at O and at 0’ respectively, so 
that the senses of positive rotations in the two planes are opposite in 
space. Now it is evident from the geometry that Oz and O’z’ are 
parallel; hence, if 6 be the argument of the point z and 6’ that of the 
point 2’, so that @ is the angle from Ox to Oz and @ the angle from O's’ 
to O’z’, we have 


6 + & = Qn. 
oot : Oz 00’ 
Further, by similar triangles, 00 = 0%” 
that is, Oz .0'2 = 007 =1. 


Now, if z and 2’ be the variables, we have 
Z=02.e", 2 =O7 .e%* 
so that ee = Oz. 017, ete)" 
= Il. 
which is the former relation. 

The z’-plane can therefore be taken as the lower side of a plane touching 
the sphere at O’ when the z-plane is the upper side of a plane touching 
it at O. The part of the z-plane at a very great distance is represented on 
the sphere by the part in the immediate vicinity of O’: and this part of 
the sphere is represented on the z’-plane by its portion in the immediate 
vicinity of O’, which therefore is a space wherein the variations of infinitely 
great values of z can be traced. 

But it need hardly be pointed out that any special method of represent- 
ation of the variable is not essential to the development of the theory of 
functions; and, in particular, the foregoing representation of the variable, 
when it has very great values, merely provides a convenient method of 
dealing with quantities that tend to become infinite in magnitude. 


* This sphere is sometimes called Neumann’s sphere; it is used by him for the representation 
of the complex variable throughout his treatise Vorleswngen tiber Riemann’s Theorie der Abel’schen 
Integrate (Leipzig, Teubner, 2nd edition, 1884). 


6 CONDITIONS OF [5. 


5. The simplest propositions relating to complex variables will be 
assumed known. Among these are, the geometrical interpretation of opera- 
tions such as addition, multiplication, root-extraction ; some of the relations 
of complex variables occurring as roots of algebraical equations with real 
coefficients; the elementary properties of functions of complex variables 
which are polynomial, or exponential, or circular, functions; and simple 
tests of convergence of infinite series and of infinite products*. 


6. All ordinary operations effected on a complex variable lead, as already 
remarked, to other complex variables; and any definite quantity, thus 
obtained by operations on 2, is necessarily a function of z. 


But if a complex variable w be given as a complex function of # 
and y without any indication of its source, the question as to whether 
w is or is not a function of z requires a consideration of the general idea 
of functionality. 


It is convenient to postulate w+ vy as a form of the complex variable w, 
where w and v are real. Since w is initially unrestricted in variation, we 
may so far regard the quantities w and v as independent and therefore as 
any functions of # and y, the elements involved in z But more explicit 
expressions for these functions are neither assigned nor supposed. 


The earliest occurrence of the idea of functionality is in connection with 
functions of real variables; and then it is coextensive with the idea of 
dependence. Thus, if the value of X depends on that of w and on no other 
variable magnitude, it is customary to regard X as a function of #; and 
there is usually an implication that X is derived from # by some series of 
operations ft. 

A detailed knowledge of z determines # and y uniquely; hence the values 
of w and v may be considered as known and therefore also w. Thus the 
value of w is dependent on that of z, and is independent of the values 
of variables unconnected with z; therefore, with the foregoing view of 
functionality, w is a function of z. 

It is, however, equally consistent with that view to regard w as a complex 
function of the two independent elements from which z is constituted; and 
we are then led merely to the consideration of functions of two real 
independent variables with (possibly) imaginary coefficients. 

* These and other introductory parts of the subject are discussed in Chrystal’s Text-book of 
Algebra and in Hobson’s Treatise on Plane Trigonometry. 

They are also discussed at some length in the translation, by G. L. Cathcart, of Harnack’s 
Elements of the differential and integral calculus (Williams and Norgate, 1891), the second and 


the fourth books of which contain developments that should be consulted in special relation 
with the first few chapters of the present treatise. 

These books, together with Neumann’s treatise cited in the note on p. 5, will hereafter be cited 
by the names of their respective authors. 

+ It is not important for the present purpose to keep in view such mathematical expressions 
as have intelligible meanings only when the independent variable is confined within limits. 
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Both of these aspects of the dependence of w on z require that z be 
regarded as a composite quantity involving two independent elements which 
can be considered separately. Our purpose, however, is to regard z as the 
most general form of algebraical variable and therefore as an irresoluble 
entity ; so that, as this preliminary requirement in regard to z is unsatisfied, 
neither of the aspects can be adopted. 


7. Suppose that w is regarded as a function of z in the sense that it 
can be constructed by definite operations on z regarded as an_irresoluble 
magnitude, the quantities w and v arising subsequently to these operations 
by the separation of the real and the imaginary parts when z is replaced by 
“+7y. It is thereby assumed that one series of operations is sufficient for 
the simultaneous construction of w and v, instead of one series for w and 
another series for v as in the general case of a complex function in § 6. 
If this assumption be justified by the same forms resulting from the two 
ditferent methods of construction, it follows that the two series of opera- 
tions, which lead in the general case to u and to v, must be equivalent to 
the single series and must therefore be connected by conditions; that is, u 
and v as functions of # and y must have their functional forms related. 

We thus take 

ut+twe=w=f(z)=f (ety) 
without any specification of the form of f When this postulated equation 


is valid, we have 
Ow dw oz _ 


pp aren Oe tay’ 
ow dwoz ..,, .  .dw 
dy dz Meh OAs re 
ow low dw 
and therefore aoe ee Cli); 


equations from which the functional form has disappeared. Inserting the 
value of w, we have 


Cs! ; a) : 
tae (u +) = a (u+w), 
whence, after equating real and imaginary parts, 


ov Ow du ov 
_ — see Cr te By ° 
Ox“ ; Oy’ ox oy (2) 


These are necessary relations between the functional forms of w and »v. 


These relations are easily seen to be sufficient to ensure the required 
functionality. For, on taking w= w+, the equations (2) at once lead to 


aw _10w 
aa 4 Oy’ 
CUE s 


that is, to an +1 ey =); 
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a linear partial differential equation of ‘the first order. To obtain the most 
general solution, we form a subsidiary system 

ie ee 

1 
It possesses the integrals w, x+7%y; then from the known theory of such 
equations we infer that every quantity w satisfying the equation can be 
expressed as a function of #+7y, that is, of z The conditions (2) are 
thus proved to be sufficient, as well as necessary. 


8. The preceding determination of the necessary and sufficient conditions 
of functional dependence is based upon the existence of a functional form ; 
and yet that form is not essential, for, as already remarked, it disappears from 
the equations of condition. Now the postulation of such a form is equivalent 
to an assumption that the function can be numerically calculated for each 
particular value of the independent variable, though the immediate express- 
ion of the assumption has disappeared in the present case. Experience of 
functions of real variables shews that it is often more convenient to use 
their properties than to possess their numerical values. This experience is 
confirmed by what has preceded. The essential conditions of functional 
dependence are the equations (1), and they express a property of the function 


dw . 
bee is the same as that of ae 


dz Ox 
_ words, it is independent of the manner in which dz ultimately vanishes by 
the approach of the point z+ dz to coincidence with the point z. We are 
thus led to an entirely different definition of functionality, viz. : 


w, viz., that the value of the ratio , or, in other 


A complex quantity w rs a function of another complex quantity z, when 
they change together in such a manner that the value of a is independent of 
Z 
the value of the differential element dz. 


This is Riemann’s definition*; we proceed to consider its significance. 
We have 


dw du+idv 
dz da +idy 
_ (du , .dv da Ow  .dv dy 
“ip ie : >a) da + idy a is shal aa) da + idy 
Let ¢ be the argument of dz; then 
awe cos h : Des 
dx+idy cosp+isng ” ey 
_tdy ah 2p 
dx +idy See ee 


* Ges. Werke, p. 5; a modified definition is adopted by him, ib., p. 81. 
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and therefore 


dw Ou .dov. .du. ov Ou .ov ou oO 
pe ees Lyi a ee 
7 Sir int at tte fet iget ise ok 


reun is, : 
Since — is to be independent of the value of the differential element dz, 


dz 
it must be independent of @ the argument of dz; hence the coefficient 
of e~** in the preceding expression must vanish, which can happen only if 
dw ov cv ow 
Feaye ae NO Anti cet Ana (2). 


These are necessary conditions; they are evidently also sufficient to make 


dw . ; 
E independent of the value of dz and therefore, by the definition, to secure 


that w is a function of z. 
By means of the conditions (2), we have 
dy _ Ow .0v Ow 
azn Oe coe on” 


and also lis le alton OE 
dz oy dy 4 oy’ 


agreeing with the former equations (1) and immediately derivable from the 
present definition by noticing that dz and idy are possible forms of dz. 


It should be remarked that equations (2) are the conditions necessary 
and sufficient to ensure that each of the expressions 


udx —vdy and vdx + udy 


is a perfect differential—a result of great importance in many investigations 
in the region of mathematical physics. 

When the conditions (2) are expressed, as is sometimes convenient, in 
terms of derivatives with regard to the modulus of z, say 7, and the 
argument of z, say 0, they take the new forms 


ou ldv dav lou Pee) 


Ar Pp OO” A OE ee . 


We have so far assumed that the function has a differential coeffiicient— 
an assumption justified in the case of functions which ordinarily occur. But 
functions do occur which have different values in different regions of the 


z-plane, and there is then a difficulty in regard to the quantity at the 
a dz 


boundaries of such regions; and functions do occur which, though themselves 
definite in value in a given region, do not possess a differential coefficient at 
all points in that region. The consideration of such functions is not of 
substantial importance at present: it belongs to another part of our subject. 
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It must not be inferred that, because is independent of the direction 
in which dz vanishes when w is a function of z, therefore ie has only one 
value. The number of its values is dependent on the number of values of w: 
no one of its values is dependent on dz. 

A quantity, defined as a function by Riemann on the basis of this 
property, is sometimes* called an analytic function; but it seems pre- 
ferable to reserve the term analytic in order that it may be associated 
hereafter (§ 34) with an additional quality of the functions. 


9. The geometrical interpretation of complex variability leads to import- 
ant results when applied to two variables w and z which are functionally 
related. 

Let P and p be two points in different planes, or in different parts of 
the same plane, representing w and z respectively ; and suppose that P and 
p are at a finite distance from the points (if any) which cause discontinuity 
in the relationship. Let g and r be any two other points, z+ dz and z+ 6z, 
in the immediate vicinity of p; and let Q and R be the corresponding 
points, w+ dw and w+6w, in the immediate vicinity of P. Then 


dw =O de ay = Se b,, 
the value of a being the same for both equations, because, as w is a function 
of z, that quantity is independent of the differential element of z. Hence 
Cael 
dw dz’ 
on the ground that oe is neither zero nor infinite at z, which is assumed not 


to be a point of discontinuity in the relationship. Expressing all the differ- 
ential elements in terms of their moduli and arguments, let 


dz=ae", dw = ne, 
/ wy / ‘" 
dz=a'e", Sw=7/'er", 


and let these values be substituted in the foregoing relation; then 


1 A 
n O° 
bi echneenes 


Hence the triangles @PR and qpr are similar to one another, though 
not necessarily similarly situated. Moreover the directions originally chosen 
for pg and pr are quite arbitrary. Thus it appears that a functional relation 


* Harnack, § 84. 
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imfinitesimal elements of those parts of two planes which are in the immediate 
vicinity of the points representing the two variables. 


between two complex variables establishes the similarity of the corresponding 


The magnification of the w-plane relative to the z-plane at the corre- 
sponding points P and p is the ratio of two corresponding infinitesimal 


lengths, say of QP and qp. This is the modulus of ae if it be denoted by 
m, we have 

Se a 

Wrdzi ex (a = =) 5 

_du 0 du dv 

Oa Oy Oy da” 


Evidently the quantity m, in general, depends on the variables and 
therefore it changes from one point to another; hence the functional relation 
between w and z does not, in general, establish similarity of finite parts of 
the two planes corresponding to one another through the relation. 


It is easy to prove that w=az+6, where a and 6 are constants, is the 
only relation which establishes similarity of finite parts; and that, with this 
relation, a must be a real constant in order that the similar parts may be 
similarly situated. 

If u+w=w=¢(z), the curves u=constant and v= constant cut at 
right angles; a special case of the proposition that, if ¢ (#+7iy)=wu + ver, 
where X is a real constant and uw, v are real, then w= constant and v=constant 
cut at an angle 2. 


The process, which establishes the infinitesimal similarity of two planes 
by means of a functional relation between the variables of the planes, may be 
called the conformal representation of one plane on another*. 

The discussion of detailed questions connected with the conformal representation is 
deferred until the later part of the treatise, principally in order to group all such 
investigations together ; but the first of the two chapters, devoted to it, need not be 
deferred so late, and an immediate reading of some portion of it will tend to simplify 
many of the explanations relative to functional relations as they occur in the early 
chapters of this treatise. 


10. The analytical conditions of functionality, under either of the 
adopted definitions, are the equations (2). From them it at once follows that 


0? ia Oru ne 
Cx?  oyt 
Ou ov 


aa? Oye” 


* By Gauss (Ges. Werke, t. iv, p. 262) it was styled conforme Abbildung, the name 
universally adopted by German mathematicians. The French title is représentation conforme; 
and, in England, Cayley has used orthomorphosis and orthomorphic transformation. 
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so that neither the real nor the imaginary ‘part of a complex function can be 
arbitrarily assumed. 
If either part be given, the other can be deduced. For example, let w be 


given; then we have 


ou Ov 
Ou Ou 


and therefore, except as to an additive constant, the value of v is 


Ow Ou 


In particular, when w is an integral function, it can be resolved into the 
sum of homogeneous parts 

Uy i Ug -F Us Fos 5 
and then, again except as to an additive constant, v can similarly be 
expressed in the form 

0, +05 + Us cee 
It is easy to prove that 

_ Btn _ 2m 

Oe Oy? 
by means of which the value of v can be obtained. 


MUm 


The case, when wu is homogeneous of zero dimensions, presents no 
difficulty; for then we have 
u=b+aé, 
v=c—alogr, 
where a, b, c are constants. 

Similarly for other special cases; and, in the most general case, only 
a quadrature is necessary. 

The tests of functional dependence of one complex variable on another are 
of effective importance in the case when the supposed dependent variable 
arises in the form w+, where w and v are real; the tests are, of course, 
superfluous when w is explicitly given as a function of z When w does 
arise in the form u+7v and satisfies the conditions of functionality, perhaps 
the simplest method (other than by inspection) of obtaining the explicit 
expression in terms of z is to substitute z—«y for « in w+iv; the simplified 
result must be a function of z alone. 


11. Conversely, when w is explicitly given as a function of z and it 
is divided into its real and its imaginary parts, these parts individually 
satisfy the foregoing conditions attaching to wu and v. Thus logr, where r 
is the distance of a point z from a point a, is the real part of log (z—a); 
it therefore satisfies the equation 

Ou du 
Batt Oye 
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Again, ¢, the angular coordinate of z relative to the same point a, is 
the real part of —7log(z—a) and satisfies the same equation: the more 
usual form of ¢ being tan {(y — y)/(w —a)}, wherea=a,+ iy. Again, if 
a point z be distant r from a and 7” from b, then log (r/r’), being the real 
part of log {(z — a)/(z — 6)}, is a solution of the same equation. 


The following example, the result of which will be useful subsequently*, uses the 
property that the value of the derivative is independent of the differential element. 
Consider a function u+iv=w=log =", 
where c’ is the inverse of ¢ with regard to a circle, centre the origin O and radius R. 
Then 


eC 


u=log |2—* |, 


Z2-—C€ 


and the curves w=constant are circles. Let 


; he 
(fig. 4) Oc=r, xOc=a, so that c=re™, gat Cun 


then if 


zZ—¢€ 
z—c 


- 
=p 


Fig. 4. 
the values of A for points in the interior of the circle of radius & vary from zero, when 
the circle u=constant is the point ¢, to unity, when the circle ~=constant is the circle of 


radius #. Let the point A (=6e*’) be the centre of the circle determined by a value of 
A, and let its radius be p(=4$MN). Then since 


cM 1, cN 
CM. RONEN’. 
we have pet aa : 
AR (Rk? — 1?) Rr (1-2?) 
whence P=—FRe_ pe? 6= Taine * 


Now if dn be an element of the normal drawn inwards at z to the circle VzM, we have 
dz=dx+idy=—dn. cos p—idn. sin 


=—¢ dn, 
where  (=zKw’) is the argument of z relative to the centre of the circle. Hence, since 
dw 1 1 


dz z-¢c #-c” 


h du dv dw is ( 1 es 1 ) evi 
er Gn dn Wn Ne=e eae" 

But z= be" + pe, 

\ (R?— 7 : iy 
so that Z-C= ae (Re — dre“), 
ee a et aie 

and a—C =— 5s (are”* — Re) ; 
: du .dv R2— 972 wif? | 1 Es 1 1 

and therefore ie Tai pe | BR ypo¥i_ Ret? Ro ee 


* In § 217, in connection with the investigations of Schwarz, by whom the result is stated, 
Ges. Werke, t. ii, p. 188. 
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Hence, equating the real parts, it follows that 
du (it~ (eRe? 
dn >R(R?—7*) {R2— 2rd cos (W— a) +27} ’ 


the differential element dn being drawn inwards from the circumference of the circle. 


The application of this method is evidently effective when the curves w=constant, 
arising from a functional expression of w in terms of z are a family of non-intersecting 
algebraical curves. 


12. As the tests which are sufficient and necessary to ensure that a 
complex quantity is a function of z have been given, we shall assume that 
all complex quantities dealt with are functions of the complex variable 
(§§ 6, 7). Their characteristic properties, their classification, and some of 
the simpler applications will be considered in the succeeding chapters. 

Some initial definitions and explanations will now be given. 

(i). It has been assumed that the function considered has a differential 
coefficient, that is, that the rate of variation of the function in any direction 
is independent of that direction by being independent of the mode of change 
of the variable. . We have already decided (§ 8) not to use the term analytic 
for such a function. It is often called monogenic, when it is necessary to 
assign a specific name; but for the most part we shall omit the name, the 
property being tacitly assumed *. 

We can at once prove from the definition that, when the derivative 
W ‘= exists, it is itself a function. For a eee are equations 

Om 4 OY 
which, when satisfied, ensure the existence of w,; hence 


low, 10 (=) 


t oy r0y \dw 
0 /low 
= aa (i ay) 
mi 
Oa ” 


shewing, as in § 8, that the derivative oe is independent of the direction in 


which dz vanishes. Hence w, is a function of z. 
Similarly for all the derivatives in succession. 
(ii). Since the functional dependence of a complex is ensured only if the 


value of the derivative of that complex be independent of the manner in 
which the point z+ dz approaches to coincidence with z, a question naturally 


* This is in fact done by Riemann, who calls such a dependent complex simply a function. 
Weierstrass, however, has proved (§ 85) that the idea of a monogenic function of a complex 
variable and the idea of dependence expressible by arithmetical operations are not coextensive. 
The definition is thus necessary; but the practice indicated in the text will be adopted, as non- 
monogenic functions will be of relatively rare occurrence. 
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suggests itself as to the effect on the character of the function that may be 
caused by the manner in which the variable itself has come to the value of z. 


If a function has only one value for each given value of the variable, 
whatever be the manner in which the variable has come to that value, the 
function is called wniform*. Hence two different paths from a point a to a 
point z give at z the same value for any uniform function; and a closed 
curve, beginning at any point and completely described by the z-variable, 
will lead to the initial value of w, the corresponding w-curve being closed, if z 
has not passed through any point which makes w infinite. 


The simplest class of uniform functions is constituted by rational 
functions. 


Gu). Ifa function has more than one value for any given value of the 
variable, or if its value can be changed by modifying the path in which 
the variable reaches that given value, the function is called muléiformt. 


Characteristics of curves, which are graphs of multiform functions corre- 
sponding to a z-curve, will hereafter be discussed. 


One of the simplest classes of multiform functions is constituted by 
algebraical irrational functions. 


(iv). A multiform function has a number of different values for the same 
value of z, and these values vary with z: the aggregate of the variations of 
any one of the values is called a branch of the function. Although the 
function is multiform for unrestricted variation of the variable, it often 
happens that a branch is uniform when the variable is restricted to 
particular regions in the plane. 


(v). A point in the plane, at which two or more branches of a multiform 
function assume the same value, and near which those branches are inter- 
changed (§ 94, Note) by appropriate modification in the path of z, is called a 
branch-pointt of the function. The relations of the branches in the immediate 
vicinity of a branch-point will hereafter be discussed. 


(vi). A function which is monogenic, uniform and continuous over any 
part of the z-plane is called holomorphic§ over that part of the plane. When 
a function is called holomorphic without any limitation, the usual implication 
is that the character is preserved over the whole of the plane which is not at 
infinity. 


* Also monodromic, or monotropic; with German writers the title is cindeutig, occasionally, 
eindndrig. 

+ Also polytropic; with German writers the title is mehrdeutig. 

+ Also critical point, which, however, is sometimes used to include all special points of a 
function; with German writers the title is Verzweigungspunkt, and sometimes Windungspunkt. 
French writers use point de ramification, and Italians punto di giramento and punto di 
diramazione. 

§ Also synectic. 
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The simplest example of a holomorphic function is a polynomial in the 
variable. 

(vii). <A root (or a zero) of a function is a value of the variable for which 
the function vanishes. 

The simplest case of occurrence of roots is in a rational integral 
function, various theorems relating to which (eg., the number of roots 
included within a given contour) will be found in treatises on the theory 
of equations. 

(vii). The infinities of a function are the points at which the value of 
the function is infinite. Among them, the simplest are the poles* of the 
function, a pole being an infinity such that in its immediate vicinity the 
‘reciprocal of the function is holomorphic. 

Infinities other than poles (and also the poles) are called the singular 
points of the function: their classification must be deferred until after the 
discussion of properties of functions. 

(ix). A function which is monogenic, uniform and, except at poles, 
continuous, is called a meromorphic functiont. The simplest example is a 
rational fraction. 


13. The following functions give illustrations of some of the preceding 


definitions. 
(a) In the case of a meromorphic function 
F(Z) 
w= 
I) 


where F and f are polynomials in z without a common factor, the roots are 
the roots of F(z) and the poles are the roots of f(z). Moreover, according 
as the degree of F is greater or is less than that of f, z= is a pole ora 
zero of w. 


(b) If w be a polynomial of order n, then each simple root of w is a 
1 
branch-point and a zero of w™, where m is a positive integer; z= is 
a pole of w; and z= is a pole but not a branch-point or is an infinity 
(though not a pole) and a branch-point of w? according as n is even or odd. 


(c) In the case of the function 
1 
v=— 


sn 


|e 


(the notation being that of Jacobian elliptic functions), the zeros are given by 
Ul ea : 
-= 1K’ + 2mK + 2miK’, 
Zz 
* Also polar discontinuities; also (§ 32) accidental singularities. 


+ Sometimes regular, but this term will be reserved for the description of another property of 


functions. 
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for all positive and negative integral values of m and of m’. If we take 
ee 
os th’ + 2mK + Amik’ + €, 

where € may be restricted to values that are not large, then 


w=(-1)™ksn&, 


so that, in the neighbourhood of a zero, w behaves like a holomorphic 
function. There is evidently a doubly-infinite system of zeros: they are 
distinct from one another except at the origin, where an infinite number 
practically coincide. 


The infinities of w are given by 
> = 2nK + 2n'tk’, 
for all positive and negative integral values of n and of n’. If we take 


= 2nK + 2niK' + €, 


Sle ayes 


then =(-1)"sn&, 


so that, in the immediate vicinity of ¢=0, ys? holomorphic function. 


Hence £=0 is a pole of w. There is thus evidently a doubly-infinite system 
of poles; they are distinct from one another except at the origin, where an 
infinite number practically coincide. But the origin is not a pole; the 
function, in fact, is there not determinate, for it has an infinite number of 
zeros and an infinite number of infinities, and the variations of value are not 


necessarily exhausted. 


For the function = the origin is a point which will hereafter be called 
sn — 
Zz 


an essential singularity. 


CHAPTER II. 


INTEGRATION OF UNIFORM FUNCTIONS. 


14. Tue definition of an integral, that is adopted when the variables 
are complex, is the natural generalisation of that definition for real variables 
in which it is regarded as the limit of the sum of an infinite number of 
infinitesimally small terms. It is as follows :— 


Let a and z be any two points in the plane; and let them be connected 
by a curve of specified form, which is to be the path of variation of the 
independent variable. Let f(z) denote any function of z; if any infinity 
of f(z) le in the vicinity of the curve, the line of the curve will be chosen 
so as not to pass through that infinity. On the curve, let any number of 
points %, 2,-.., Zn In succession be taken between a and z; then, if the sum 


(4 — a) f (a) + (2. — A) f (&) + 0 + (2 = 2n) fF (Zn) 
have a limit, when n is indefinitely increased so that the infinitely numerous 
points are in indefinitely close succession along the whole of the curve from a 
to z, that limit is called the integral of f(z) between a and z. It is denoted, 
as in the case of real variables, by 


ii Fe) de. 


The limit, as the value of the integral, is associated with a particular 
curve: in order that the integral may have a definite value, the curve (called 
the path of integration) must, in the first instance, be specified*. The 


integral of any function whatever may not be assumed to depend in general 
only upon the limits. 


We have to deal with converging series; it is therefore convenient to state the 
definitions of the terms used. For proofs of the statements, developments, and appli- 
cations in the theory of convergence, as well as the various tests of convergence, see 
Hobson’s Trigonometry, Harkness and Morley’s Introduction to the theory of analytic 


* This specification is tacitly supplied when the variables are real: the variable point moves 
along the axis of «, 
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Junctions, Harnack’s Introduction to the Calculus (translated by Cathcart), and Pringsheim’s 
article in the Encyclopiidie der mathematischen Wissenschaften, t. i, pp. 49—146, where full 
references are given. 


A series, represented by 
@, QM, Gs, ... ad inf., 


is said to converge, when the limit of S,,, where 
Sp = A+ Ag+... +A; 


as m increases indefinitely, is a unique finite quantity, say S. When, in the same circum- 
stances, the limit of S,, either is infinite or, if finite, is not unique (that is, may be one of 
several quantities), the series is said* to diverge. 


The necessary and sufficient condition that the series 
MH, Ay, Ay »-. 


should converge is that, corresponding to every finite positive quantity ¢ taken as small as 
we please, an integer m can be found such that 


[Gntitnsgt on +Onerl<e 
for all integers 7 such that 7 >m, and for every positive integer 7. 


When the series 
‘ | @|, |@e|> | @3 |, +e 
converges, the series 
Chir Glyn Cxyoon 

converges ; and it is said to converge absolutely. When the series of moduli |a,|, |@|, ||, ..., 
does not converge, though the series a, @, a3, ... converges, the convergence of the latter 
is said to be conditional. In a conditionally converging series, the order of the terms 
must be kept: derangement of the order, so that the summing is effected differently, can 
lead to different limits and may even destroy the convergence of the series. In an 
absolutely converging series, the order of the terms can be deranged without affecting the 
limit to which the series converges ; the convergence is sometimes called wnconditional. 


These definitions apply to all infinite series, whatever be the source of their terms. 
When the terms depend upon a variable quantity z, and the convergence of the series is 
considered as z varies, we have further classifications. Denote the series by 


Ai@; A@s fa@; +. ad inf, 


and suppose that it converges for all values of z within a definite region. When any 
small quantity 6 has been chosen, and a positive integer m can be determined, such that 


3 f(z) 


v=n 


<6, 


for every value of n >m and for all values of z in the region, the convergence is said to be 
uniform. 

Convergence may be uniform without being absolute ; it can be absolute without being 
uniform. 

When a series converges for all values of z such that |z|< 7, but not for |z| > 7, then 
the circle, centre the origin of the variable z and radius equal to 7, is called the circle of 
convergence: and the radius is sometimes called the radius of convergence. A. series 
such as 

By, O42, A2*,... ad inf, 

* Sometimes the series, such that the limit of S, when n is infinitely large is one of a 

number of finite quantities (depending upon the way in which S,, is formed), are called oscillating. 


2—2 
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converges absolutely within its circle of convergence, though not necessarily on its 
circumference. It does not necessarily converge uniformly within its circle of convergence ; 
but if 7’ is a positive quantity, less than the radius of convergence by a finite quantity 
which can be taken small, the series converges uniformly within the circle of radius 7” 
concentric with its circle of convergence. 


15. Some inferences can be made from the definition. 


(1.) The integral along any path from a to z passing through a point € ts 
the sum of the integrals from a to € and from € to z along the same path. 
Analytically, this is expressed by the equation 


z is z 
| f@)de= i Fa\ds + ip Fede, 
the paths on the right-hand side combining to form the path on the left. 


(Il.) When the path is described in the reverse direction, the sign of the 
integral is changed: that is, 


[ro de = -["F@ de, 


the curve of variation between a and z being the same. 


(IIL) The integral of the sum of a fimte number of terms is equal to 
the sum of the integrals of the separate terms, the path of integration being 
the same for all. 


(IV.) Lf a function f(z) be finite and continuous along any finite line 
between two points a and z, the integral | ; J (2) dz is finite. 


Let J denote the integral, so that we have J as the limit of 
> (Zr41 ie Zr) f (2x): 


hence |I| = limit of 


2 (Zr41 — Sr) f (Zr) 


Se Ll2r41 — 2r|| f(2,)|. 


Because f(z) 1s finite and continuous, its modulus is finite and therefore 
must have a superior limit, say M, for points on the line. Thus 


If (2) | < M, 
so that |Z|< limit of M2) 2,4, —2,| 
< MS, 


where S is the finite length of the path of integration. Hence the modulus 
of the integral is finite; the integral itself is therefore finite. 

No limitation has been assigned to the path, except finiteness in length; 
the proposition is still true when the curve is a closed curve of finite length. 
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Hermite and Darboux have given an expression for the integral which 
leads to the same result. We have as above 


T=|"f@de, 
and I< fF @)| de 
= 6 \F(@)I Ia, 


where @ is a real positive quantity less than unity. The last integral involves 
only real variables; hence* for some point & lying between a and z, we have 


[-F@llde\= 41 flee 
= SIF OL 


so that \Z| = 0S| f(&)|.- 
It therefore follows that there is some argument a such that, if >) = de’, 
T=nS/ (0). 


This form proves the finiteness of the integral; and the result is the 
generalisationt to complex variables of the theorem just quoted for real 
variables. 

(V.) When a function is expressed in the form of a series, which converges 
uniformly, the integral of the function along any path of finite length is the 
sum of the integrals of the terms of the serves along the same path, provided 
that path lies within the circle of convergence of the serves :—a result, which is 
an extension of (III.) above. 

Let w+ % + U.+... be the converging series; take 

F(Z) =U tt et Unt RK, 
where || can be made infinitesimally small with indefinite increase of n, 
because the series converges uniformly. Then by (III.), or immediately from 
the definition of the integral, we have 


[FO de= [ude [ude + - + [ude + | Rae, 
a a a a a 


the path of integration being the same for all the integrals. Hence, if 
3) =["f(@de- 3 if Umaz, 
a m=O0d a 


we have 0 = i Rdz. 


* Todhunter’s Integral Calculus (4th ed.), § 40; Williamson’s Integral Calculus (6th ed.), § 96. 
+ Hermite, Cours @ la faculté des sciences de Paris (4°™ éd., 1891), p. 59, where the reference 


to Darboux is given. 
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Let R’ be the greatest value of |R| for points in the path of integration 
from a to z, and let S be the length of this path, so that S is finite; 
then, by (IV.), 
|O|< SR’. 

Now S is finite; and, as m is increased indefinitely, the quantity A’ tends 
towards zero as a limit for all points within the circle of convergence and 
therefore for all points on the path of integration provided that the path le 
within the circle of convergence. When this proviso is satisfied, |@| becomes 
infinitesimally small and therefore also © becomes infinitesimally small, with 
indefinite increase of n. Hence, under the conditions stated in the enuncia- 
tion, we have 


F4@de- 2” arrears 
/@ m=0/ 4a 
which proves the proposition. 


16. The following lemma” is of fundamental importance. 

Let any region of the plane, on which the z-variable is represented, be 
bounded by one or more simple+ curves which do not meet one another: 
each curve that lies entirely in the finite part of the plane will be considered 
to be a closed curve. 

If p and q be any two functions of « and y, which, for all points within the 
region or along its boundary, are uniform, fimte and continuous, then the 


integral 
IN Gl —3) aed 


extended over the whole area of the region, ws equal to the integral 


S(pda + qdy), 
taken in a positive direction rownd the whole boundary of the region. 


(As the proof of the proposition does not depend on any special form of 
region, we shall take the area to be (fig. 5) that which is included by the 
curve (P,Q; P; and excluded by P,'Q,’P;Q; and excluded by P,’P,. The 
positive directions of description of the curves are indicated by the arrows ; 
and for integration in the area the positive directions are those of increas- 
ing w# and increasing y.) 

First, suppose that both p and q are real. Then, integrating with regard 
to w, we havet 


OF duet 
[[-4 decay = Slaay 


* It is proved by Riemann, Ges. Werke, p. 12, and is made by him (as also by Cauchy) the 
basis of certain theorems relating to functions of complex variables. 

+ A curve is called simple, if it have no multiple points. The aim, in constituting the boundary 
from such curves, is to prevent the superfluous complexity that arises from duplication of area on 
the plane. If, in any particular case, multiple points existed, the method of meeting the difficulty 
would be to take each simple loop as a boundary. 

+ It is in this integration, and in the corresponding integration for p, that the properties of 
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where the brackets imply that the limits are to be introduced. When the 
limits are introduced along a line CQ,Q,’... parallel to the axis of «, then, 
since O),Q,’... gives the direction of integration, we have 


[qdyl=— ndy + g’dyy’ — qody + q,'dy! — qadys + qs/dys, 


where the various differential elements are the projections on the axis of y 
of the various elements of the boundary at points along CQ,Q/.... 


iia] 
AB 
Fig. 5. 

Now when integration is taken in the positive direction round the whole 
boundary, the part of fqdy arising from the elements of the boundary at the 
points on CQ,Q,’... is the foregoing sum. For at Q,’ it is q;'dy;' because the 
positive element dy,’, which is equal to CD, is in the positive direction of 
boundary integration; at @, it is —q,dy, because the positive element dys, 
also equal to CD, is in the negative direction of boundary integration ; 
at Q,’ it is q,’dy,’, for similar reasons; at Q, it is — q,dy., for similar reasons ; 


and so on. Hence 
[qdy], 


corresponding to parallels through C and D to the axis of #, is equal to 
the part of fgdy taken along the boundary in the positive direction for all 
the elements of the boundary that lie between those parallels. Then when 
we integrate for all the elements CD by forming f[gdy], an equivalent is 
given by the aggregate of all the parts of f qgdy taken in the positive direction 
round the whole boundary ; and therefore 


OG 44 — fod 
[[ qf axdy = Sady, 


on the suppositions stated in the enunciation. 


the function q are assumed: any deviation from uniformity, finiteness or continuity within the 
region of integration would render necessary some equation different from the one given in 


the text. 
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Again, integrating with regard to y; we have | 


[| Beeay = spar) 
= pda, a pi day — pda, + po Aaty, "aes pda ae Ps dis , 
when the limits are introduced along a line BP,Py... parallel to the axis 
of y: the various differential elements are the projections on the axis of w of 
the various elements of the boundary at points along BP,Py’.... 

It is proved, in the same way as before, that the part of — [pds arising 
from the positively-described elements of the boundary at the points on 
BP,P,’... is the foregoing sum. At P,’ the part of [pda is — p,‘da;’, because 
the positive element da;', which is equal to AB, is in the negative direction 
of boundary integration; at P,; it is p,da#;, because the positive element 
dx,, also equal to AB, is in the positive direction of boundary integration; 
and so on for the other terms. Hence 

— [pda], 
corresponding to parallels through A and B to the axis of y, is equal to 
the part of fpdw# taken along the boundary in the positive direction for all 
the elements of the boundary that le between those parallels. Hence 
integrating for all the elements AB, we have as before 


ee ; 
[|B aady = - Spee 


Og A Op\i Syke 
and therefore iil (2 — os dudy = [ (pdx + qdy). 


Secondly, suppose that p and qg are complex. When they are resolved 

“into real and imaginary parts, in the forms p’ + ip” and q’ + iq” respectively, 

then the conditions as to uniformity, finiteness and continuity, which apply to 
p and gq, apply also to p’, q’, p”, q’. Hence 


i i (# = E) dady = {(p’da + qdy), 


oy 
0 & 0 “ ut 4 
and [F (go -F,) aed = Se dx + q’dy), 
and therefore I (3 - ze) dudy = {(pda + qdy): 


which proves the proposition. 

No restriction on the properties of the functions p and q at points 
that lie without the region is imposed by the proposition. They may have 
infinities outside, they may cease to be continuous at outside points, or they 
may have branch-points outside; but so long as they are finite and continuous 
everywhere inside, and in passing from one point to another always acquire 
at that other the same value whatever be the path of passage in the region, 
that is, so long as they are uniform in the region, the lemma is valid. 
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17. The following theorem due to Cauchy* can now be proved :— 
If a function f(z) be holomorphic throughout any region of the z-plane, 
then the integral ff (z) dz, taken round the whole boundary of that region, is zero. 
We apply the preceding result by assuming 
p=f@), q=p=f; 
owing to the character of f(z), these suppositions are consistent with the 


conditions under which the lemma is valid. Since p is a function of z, we 
have, at every point of the region, 


and therefore, in the present case, 


Og _ , P _ op 


ax Oa oy 


There is no discontinuity or infinity of p or g within the region; hence 


f@-B)sniy-0 


the integral being extended over the region. Hence also 


J (pda + gdy) = 0, 
when the integral is taken round the whole boundary of the region. But 
pdx + qdy = pdx + ipdy 

= pdz 

=f (2) dz, 
and therefore {fe az=0, 
the integral being taken round the whole boundary of the region within 
which f(z) is holomorphic. 


It should be noted that the theorem requires no limitation on the 
character of f(z) for points z that are not included in the region. 


Some important propositions can be derived by means of the theorem, as 
follows. 


18. When a function f(z) is holomorphic over any continuous region 
z 

of the plane, the integral | J (2) dz ts a holomorphic function of z, provided the 
a 

points z and a as well as the whole path of integration lie within that regron. 


* For an account of the gradual development of the theory and, in particular, for a 
statement of Cauchy’s contributions to the theory (with references), see Casorati, Teorica 
delle funzioni di variabili complesse, pp. 64—90, 102—106. The general theory of functions, 
as developed by Briot and Bouquet in their treatise Théorie des fonctions elliptiques, is based 
upon Cauchy’s method. 
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The general definition (§ 14) of an integral is associated with a specified 
path of integration. In order to prove that the integral is a holomorphic 
function of z, it will be necessary to prove (i) that the integral acquires the 
same value in whatever way the point z is attained, that is, that the value is 
independent of the path of integration, (ii) that it is finite, (111) that it 
is continuous, and (iv) that it is monogenic, 

Let two paths ayz and aBz between a and z be drawn (fig. 6) in the 
continuous region of the plane within which f(z) is gine 
holomorphic. The line ayz8a is a contour over the area 
of which f(z) is holomorphic; and therefore [f(z) dz B y 
vanishes when the integral is taken along ayzfa. 

Dividing the integral into two parts and implying by 
Zy, 2g that the point z has been reached by the paths «@ 
ayz, aBz respectively, we have Fig. 6. 


[; "/@)de+ |" f@)de=0, 
and therefore ih ‘ "f (z)dz=- ie z ST (@) dz 
={" ¢(@)de 


Thus the value of the integral is independent of the way in which z has 
acquired its value; and therefore [ro dz is uniform in the region. Denote 
it by F(z). 

Secondly, f(z) is finite for all points in the region and, after the result 
of § 17, we naturally consider only such paths between a and z as are finite in 
length, the distance between a and z being finite; hence (§ 15, IV.) the 
integral F(z) is finite for all points z in the region. 

Thirdly, let 2’ (=z + 6z) be a point infinitesimally near to z; and consider 
| J (z)dz. By what has just been proved, the path from a to z’ can be taken 


aBzz'; therefore 


[[s@ae=[ p@aes [P@ae 
or [7@ de— | f@de= |" fede, 


z+é62 
so that F (2+ 8z)— F(z) =| ST (2) dz. 


Now at points in the infinitesimal line from z to 2’, the value of the 
continuous function f(z) differs only by an infinitesimal quantity from its 
value at z; hence the right-hand side is 


LJ (2) + €} 82, 
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where |e| is an infinitesimal quantity vanishing with 8z. It therefore follows 


that 
F (2 + 6z) — F(z) 


is an infinitesimal quantity with a modulus of the same order of small 
quantities as |6z. Hence F(z) is continuous for points z in the region. 


Lastly, we have 


F(¢@+6z)— F(z) _ 
bz =f (z) a €; 
and therefore Pet a =e) 
Zz 


has a limit when 6z vanishes; and this limit, f(z), is independent of the 
way in which 6z vanishes. Hence F(z) has a differential coefficient ; the 
integral is monogenic for points z in the region. . 


Thus F(z), which is equal to 
[ f@de, 


is uniform, finite, continuous, and monogenic; it is therefore a holomorphic 
function of z. 


As in § 16 for the functions p and gq, so here for f(z), no restriction is 
placed on properties of f(z) at points that do not lie within the region; so 
that elsewhere it may have infinities, or discontinuities, or branch-points. 
The properties, essential to secure the validity of the proposition, are 
(i) that no infinities or discontinuities lie within the region, and (11) that the 
same value of f(z) is acquired by whatever path in the continuous region 
the variable reaches its position z. 


CoroLuary. No change is caused in the value of the integral of a 
holomorphic function between two points when the path of integration between 
the points is deformed in any manner, provided only that, during the deform- 
ation, no part of the path passes outside the boundary of the region within 
which the function is holomorphic. 


This result is of importance, because it permits the adoption of special 
forms of the path of integration without affecting the value of the integral. 


19. When a function f(z) ts holomorphic over a part of the plane 
bounded by two simple curves (one lying within the other), equal values of 
Sf(@) dz are obtained by integrating round each of the curves in a direction, 
which—relative to the area enclosed by each—ts positive. 


The ring-formed portion of the plane (fig. 1, p. 3) which hes between . 
the two curves being a region over which /(z) is holomorphic, the integral 
ff (2) dz taken in the positive sense round the whole of the boundary of 
the included portion is zero. The integral consists of two parts: first, that 
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round the outer boundary the positive sense of which is DHF; and second, 
that round the inner boundary the positive sense of which for the portion of 
area between ABC and DEF is ACB. Denoting the value of [f(z) dz round 
DEF by (DEF), and similarly for the other, we have 


(ACB) + (DEF) = 0. 


The direction of an integral can be reversed if its sign be changed, so that 
(ACB) = —(ABC); and therefore 


(ABC) =(DEF). 
But (ABC) is the integral ff(z)dz taken round ABC, that is, round the 


curve in a direction which, relative to the area enclosed by it, is positive. 
The proposition is therefore proved. 


The remarks made in the preceding case as to the freedom from limitations 
on the character of the function outside the portion are valid also in this case. 


Corotitary I. When the integral of a function is taken round the whole 
of any simple curve in the plane, no change vs caused in its value by continuously 
deforming the curve into any other simple curve provided that the function 
ts holomorphic over the part of the plane in which the deformation is effected. 


CorotuaRy II. When a function f (z) is holomorphic over a continuous 
portion of a plane bounded by any number of simple non-intersecting curves, 
all but one of which are external to one another and the remaining one of 
which encloses them all, the value of the integral [ f(z) dz taken positively round 
the single external curve is equal to the sum of the values taken round each of 
the other curves in a direction which is positive relative to the area enclosed 
by tt. 

These corollaries are of importance in finding the value of the integral 
of a meromorphic function round a curve which encloses one or more of the 
poles. The fundamental theorem for such integrals, also due to Cauchy, is 
the following. 


20. Let f(z) denote a function which is holomorphic over any region in 
the z-plane, and let a denote any point within that region; then 


le de =f (a), 


Qari 
the integral being taken positiwely round the whole boundary of the region. 


With a as centre and a very small radius p, describe a circle C, which will 
be assumed to lie wholly within the region; this assumption is justifiable 
because the point a lies within the region. Because f(z) is holomorphic over 
the assigned region, the function /(z)/(z—«a) is holomorphic over the whole of 
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the region excluded by the small circle C. Hence, by Corollary II. of § 19, we 
have 
FO au (L2as, 
C =U, 


BJZ—a4 z 
the notation implying that the integrations are taken round the whole 
boundary B and round the circumference of C respectively. 


For points on the circle OC, let z— a= pe®, so that @ is the variable for 
the circumference and its range is from 0 to 27; then we have 


dz 


ee, 


= 100. 


Along the circle f(z) =f(a + pe”); the quantity p is very small and / is 
finite and continuous over the whole of the region, so that f(a + pe”) differs 
from f(a) only by a quantity which vanishes with p. Let this difference 
be e, which is a continuous small quantity; then |e| is a small quantity 
which, for every point on the circumference of C, vanishes with p. Then 


Qar 
[pa de=i[" (f(a) +¢ a6 
cl%—a 0 
Ir 
=P AG eee i edd. 
0 
If # denote the value of the integral on the right-hand side, and » the 
greatest value of the modulus of ¢ along the circle, then, as in § 15, 


|B\< | |e\ao 


Qar 
< | nd 


0 
< 277. 
Now let the radius of the circle diminish to zero: then 7 also diminishes 
to zero and therefore | #|, necessarily positive, becomes less than any finite 
quantity however small, that is, # is itself zero; and thus we have 


— dz = 2mif (a), 


Ouran 
which proves the theorem. 
When a is not a zero of f(z), this result is the simplest case of the integral 


of a meromorphic function. The subject of integration is As, a function 


which is monogenic and uniform throughout the region and which, every- 
where except at z=a, is finite and continuous; moreover, z=a is a pole, 
because in the immediate vicinity of a the reciprocal of the subject of 


a ae , 
integration, viz. ——~ , is holomorphic. 
: F@) 
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The theorem may therefore be expressed as follows : 


If g(z) be a meromorphic function, which in the vicinity of a can be 
expressed in the form ves where f(a) is not zero, and which at all other 
points in a region enclosing a is holomorphic, then 

Sait (z) dz = limit of (2 — a) g (z) when z =a, 


the integral being taken round a curve in the region enclosing the point a. 
The pole a of the function g (z) is said to be simple, or of the first order, 
or of multiplicity unity. 
Corollary. The more general case of a meromorphic function with a 
finite number of poles can easily be deduced. Let these be a, ..., dn, each 
assumed to be simple; and let 


G (2) = (2 — a) (2 — ae). ..( — An). 
Let f(z) be a holomorphic function within a region of the z-plane bounded 


by a simple contour enclosing the n points a, dz, ..., dn, no one of which is a 
zero of f(z). Then since 


Ms 


G(@) 21 & (a,) z—a,’ 
{ZS 


Giz) ~ 51 Ga) oa, 
Je) dz= S . Le) dz, 


GQ)" ra1 @ (a,)) 2=a, 
each integral being taken round the boundary. But the preceding proposition 


gives 


we have 


We therefore have 


[= dz = 27if (a,), 


because f(z) is holomorphic over the whole region included in the contour ; 


and therefore 
LOM CC. 
G (z) dz = Qa ee @ (a,) ) 
the integral on the left-hand side being taken in the positive direction *. 


The result just obtained expresses the integral of the meromorphic 
function round a contour which includes a finite number of its simple poles. 
It can be otherwise obtained by means of Corollary IT. of § 19, by adopting 
a process similar to that adopted above, viz., by making each of the curves in 
the Corollary quoted circles round the points a, ..., @, with radii sufficiently 
small to secure that each circle is outside all the others. 


* We shall for the future assume that, if no direction for a complete integral be specified, the 
positive direction is taken. 
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21. The preceding theorems have sufficed to evaluate the integral of 
a function with a number of simple poles: we now proceed to obtain 
further theorems, which can be used among other purposes to evaluate 
the integral of a function with poles of order higher than the first. 

We still consider a function f(z) which is holomorphic within a given 
region. Let a be a point within the region which is not a zero of f(z); we 
have oer 

Oe at 


os zZ—-a@ 


Let a+6a be any other point within the region, so that, if a be near the 
boundary, | da| is to be chosen less than the shortest distance from a to the 
boundary ; then 

fa ba— | 2 ©) as, 


B= 0) = (0; 


and therefore 
ik 


a) O— oi one oe) foe 


. or | le I * gay a = mt Pee 


the integral being in every case taken round the boundary. 


Since f(z) is monogenic, the definition of /’(a), the first derivative of 
J (a), gives f’ (a) as the limit of 
(Cod EAN 
da 


when 6a ultimately vanishes; hence we may take 


pare —f (a) = f' (a) +, 


where o is a quantity which vanishes with da and is therefore such that | o| 
also vanishes with 6a. Hence 


: ) 1 oa 
ll SOUT a mal te —a)p wi (z-aP(z—-a— mre) ae 


dividing out by 6a and transposing, we have 
ig eee sr oa S (2) 
is (a) 9. [epee eS (z—a) Gaia 
As yet, there is no limitation on the value of da; we now proceed to a limit 
by making a+6a approach to coincidence with a, viz, by making da 
ultimately vanish. Taking moduli of each of the members of the last 


equation, we have 


f@- paler =|-0+ se] GoayiGeata™| 
<|o|+ al Wes fo ‘| 
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Let the greatest modulus of are. for points z along the 


boundary be M, which is a finite quantity on account of the conditions 
applying to f(z) and of the fact that the points a and a+ da lie within the 
region and are not on the boundary. Then, by § 15, 


Gera comme 


where S is the whole length of the boundary, a finite quantity. Hence 


a (a) — ali a dz|\< | da 


When we proceed to the limit in which éa vanishes, we have |éa|=0 
and |o|=0, ultimately; hence the modulus on the left-hand side ultimately 
vanishes, and therefore the quantity to which that modulus belongs is itself 


zero, that is, 
ROLE poe 


f'@)-s5[2% 
(pacer 


ay 


z|< MS, 


o|+5 [4 ars 


so that PO aR 


Qa1 


This theorem evidently Sapo in complex variables to the well-known 
theorem of differentiation with respect to a constant under the integral 
sign when all the quantities concerned are real. 


Proceeding in the same way, we can prove that 


J’ (at 6a) —f' (a) _ J (2) 
ba = sil da #9; 


z—ay 


where @ is a small quantity which vanishes with da. Moreover the integral 
on the right-hand side is finite, for the subject of integration is everywhere 
finite along the path of integration which itself is of finite length. Hence, 
first, a small change in the independent variable leads to a change of the 
same order of small quantities in the value of the function /’ (a), which 
shews that f’ (a) is a continuous function. Secondly, denoting 


f(a + 8a) —f" (a) 
- of’ (@) 
oa 


by 6f’(a), we have the limiting value o equal to the integral on 


the right-hand side when 6a vanishes, that is, the derivative of f’ (a) has 
a value independent of the form of da and therefore f’(a) is monogenic. 
Denoting this derivative by /” we we have 
4 nae Lo SI (2) 
f(a) = 55 | Coa ee 


= 
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Thirdly, the function f’(a) is uniform: for it is the limit of the value 
es : 
of ; and both f(a) and f(a + ee are uniform. Lastly, it 
I) 
(2 — ap 
the length of the path is finite and the subject of Hae is finite at 
every point of the path. 


is finite ; for (§ 15) it is the value of the integral =— = dz, in which 


Hence /’ (a) is continuous, monogenic, uniform, and finite, throughout 
the whole of the region in which f(z) has these properties: it is a 
holomorphic function. Hence :— 


When a function 1s holomorphic in any region of the plane bounded 
by a simple curve, its derivative is also holomorphic within that region. And, 
by repeated application of this theorem :— 


When a function rs holomorphic in any region of the plane bounded 
by a simple curve, it has an unlimited number of successive derivatives each 
of which is holomorphic within the region. 


All these properties have been shewn to depend solely upon the holo- 
morphic character of the fundamental function; but the inferences relating 
to the derivatives have been proved only for points within the region and 
not for points on the boundary. If the foregoing methods be used to prove 
them for points on the boundary, they require that a consecutive point shall 
be taken in any direction; in the absence of knowledge about the fundamental 
function for points outside (even though just outside) no inferences can be 
justifiably drawn. 

An illustration of this statement is furnished by the hypergeometric series 
which, together with all its derivatives, is holomorphic within a circle of 
radius unity and centre the origin; and the series converges everywhere on 
the circumference, provided y>a+ . But the corresponding condition for 
convergence on the circumference ceases to be satisfied for some one of the 
derivatives and for all which succeed it: as such functions do not then 
converge, the circumference of the circle must be excluded from the 
region within which the derivatives are holomorphic. 


22. Expressions for the first and the second derivatives have been 
obtained. 

By a process similar to that which gives the value of f’ (a), the derivative 
of order 7 is obtainable in the form 

(2) 
(n) 
ONE )= ales —a) Be 
the integral being taken round the whole boundary of the region or round any 
curves which arise from deformation of the boundary, provided that no point 
of the curves in the final or in any intermediate form is indefinitely near to a. 
3 
F. 
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In the case when the curve of integration is a circle, no point of which 
circle may lie outside the boundary of the region, we have a modified form 
for f™ (a). 

For points along the circumference of the circle with centre a and radius 
r, let z—a=re%, so that, as before, 

dz 


aaa 


=1d6: 
then 0 and 27 being taken as the limits of 0, we have 


fe (a) = ie e Mer (a 4 re%) dé. 


Let M be the greatest value of the modulus of f(z) for points on the 
circumference (or, as it may be convenient to consider, of points on or within 
the circumference): then 


FO @l<zem | lem [fo + re)| do 


n! [27 


Now, let a function ¢ (z) be defined by the equation 
Y o(@)= 


Z—aQ’ 


it can evidently be expanded in a series of ascending powers of z—a which 
converges within the circle. The series is 


$(z)=M a “— Be ohn JS sts 


7 


so that std n! Paeac +1)-— ne 
Hence EE 2] — 9)! had ; 
dz Prt yn 


so that, if the value of the nth derivative of $(z), when z=a, be denoted 
by ¢™ (a), we have | f™ (a)| < 6™ (a). 

These results can be extended to functions of more than one variable: 
the proof is similar to the foregoing proof. When there are two variables, 
say z and z’, the results may be stated as follows :— 


For all points z within a given simple curve C in the 2z-plane and all 
points 2’ within a given simple curve O’ in the z’-plane, let f(z, 2’) be a 
holomorphic function; then, if a be any point within C and a’ any point 
within C’, 
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ia 
nin’! / ACA 2’) dede , Oe 7 (a, a’) | 
nip earn apn UY = aero | 


where n and 7’ are any integers ead the eae is taken positively round the 
two curves C and C”. 


If M be the greatest value of | f(z, 2’)| for points z and 2 within their 


respective regions when the curves C and ©” are circles of radii r, r’ and 
centres a, a’, then 


da”da’™ Ta? 
and if fo) (Zz, 2’) a a 2 RED 
Z2—-a Vi (BL 
ce a “) 
r 
ia Wee | out ES a’) hie ) (z, ce) 
[> ea"ea™ Ogee’ ’ 


when z= a and z’=q’ in the derivative of $(z, 2’). 

A function ¢, related in this manner to a function / in association with 
which it is constructed, is sometimes called * a dominant function. 

23. All the integrals of meromorphic functions that have been considered 
have been taken along complete curves: it is necessary to refer to integrals 
along curves which are lines only from one point to another. A single 
illustration will suffice at oe 


Consider the integral - 2) 4 085 the function f(z) 1s ~~ 


2 % é 
supposed holomorphic in the given region: z and % are fc ee 
any two points in that region. Let some curves joining 2 oe. 
to z be drawn as in the figure (fig. 7). L a 


Then A, is holomorphic over the whole area en- Fig. 7. 


closed by z,826z,: and therefore we have {2 eG: the integral being 


taken round the boundary of that area. Hence, as in the earlier case, we have 


WL) gg |? 2 a 


2-4 am e- 
The point a lies =n the area enclosed by zyz@z, and the function 


A) is holomorphic, except in the immediate vicinity of z=a; hence 
DE) tera 
[: = dz = 27if (a), 


the integral on the left-hand side being taken round zyyz82. Accordingly 


[ WAGs | i ae dz + 2rif (a). 


Wigek == 0 We 


* Poincaré uses the term majorante. 
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Denoting pa) by (2), the function g(z) has one pole a in the region 


considered. 

The preceding results are connected only with the simplest form of 
meromorphic functions; other simple results can be derived by means of the 
other theorems proved in §§ 17--21. Those which have been obtained are 
sufficient however to shew that: The integral of a meromorphic function 
Sg (2) dz, from one point to another of the region of the function, 1s not in 
general a uniform function. The value of the integral is not altered by 
any deformation of the path which does not meet or cross a pole of the 
function; but the value is altered when the path of integration is so 
deformed as to pass over one or more poles. Therefore it is necessary to 
specify the path of integration when the subject of integration 1s a mero- 
morphic function; only partial deformations of the path of integration are 
possible without modifying the value of the integral. 


24. The following additional propositions* are deduced from limiting 
cases of integration round complete curves. In the first, the curve becomes 
indefinitely small; in the second, it becomes infinitely large. And in neither, 
are the properties of the functions to be integrated limited as in the pre- 
ceding propositions, so that the results are of wider application. 


I. If f(z) be a function which, whatever be its character at a, has no 
infumties and no branch-points in the immediate vicinity of a, the value of 
If (2) dz taken round a small circle with its centre at a tends towards zero 
when the circle diminishes in magnitude so as ultimately to be merely the 
point a, provided that, as |\z—a| diminishes indefinitely, the limit of (2 — a) f(z) 
tend uniformly to zero. 


Along the small circle, initially taken to be of radius 7, let 


z—a=re%, 


so that le =7d6, 
z-a 
20 
and therefore (f@de=t | (z—a) f(z) dé. 
/ 0 
| 2m 
Hence Faydz= | (z-—a) f(z) dé | 
1/0 
Qa 
<| \(e—a) f(2)| d0 
0 
<| "Mae 
¥ 0 
<27M’, 


“ The form of the first two propositions, which is adopted here, is due to Jordan, Cours 
@ Analyse, t. ii, § 256. 
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where M’ is the greatest value of M, the modulus of (z— a) f(z), for points 
on the circumference. Since (z— a) f(z) tends uniformly to the limit zero as 
|2—a| diminishes indefinitely, | (f(z) dz| is ultimately zero. Hence the integral 
itself {f(z) dz is zero, under the assigned conditions. 


Note. If the integral be extended over only part of the circumference of 
the circle, it is easy to see that, under the conditions of the proposition, 
the value of { f(z) dz still tends towards zero. 


Corotiary. If (z—a) f(z) tend uniformly to a limit k as |z—a| 


diminishes indefinitely, the value of Sf (2) dz taken round a small circle, centre 
a, tends towards 2aik in the limit. . 


dz 


a pF? taken round a very small circle centre a, where a@ is 
az 


Thus the value of | 


wie 


not the origin, is zero: the value of | peat ilcs 
(a—2) (a+2) 


Neither the theorem nor the corollary will apply to a function, such as sn 


; > ay ONG 
round the same circle is 7 G) ; 


’ 
z2—-@ 


which has the point @ for an essential singularity: the value of (z—a)sn —_ » as 
|z—a| diminishes indefinitely, does not tend (§ 13) to a uniform limit. As a matter of 
fact, the function sn — has an infinite number of poles in the immediate vicinity of a 
as the limit z=a is being reached. 

II. Whatever be the character of a function f(z) for infimtely large values 
of 2, the value of [ f(z) dz, taken round a circle wrth the origin for centre, tends 
towards zero as the circle becomes infinitely large, provided that, as |z| 
increases indefimtely, the limit of zf(z) tend uniformly to zero. 


Along a circle, centre the origin and radius Rf, we have z = Ke", so that 


bea Ir) 

z 

and therefore [f(ede=i | ‘ af (2) dd. 

plone mi odie| [#@ do) 
< "(| a8 
< | ” Mado 


< 27M’, 


where M’ is the greatest value of M, the modulus of zf(z), for points on 
the circumference. When & increases indefinitely, the value of M’ is zero 
on the hypothesis in the proposition; hence | {/(z) dz| is ultimately zero. 
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Therefore the value of [ f(z) dz tends towards zero, under the assigned con- 
ditions. 


Note. If the integral be extended along only a portion of the circumfer- 
ence, the value of f f(z) dz still tends towards zero. 


Corotnary. Jf zf(z) tend uniformly to a limit k as |z| icereases 
indefinitely, the value of [ f(z) dz, taken round a very large circle, centre the 
origin, tends towards 2k. 

Thus the value of f (1 —)~} dz round an infinitely large circle, centre the origin, is zero 
if n > 2, and is In if n=2. 


Ill. Jf all the infinities and the branch-points of a function he in a finite 
region of the z-plane, then the value of [f(z) dz round any simple curve, which 
includes all those points, is zero, provided the value of zf(z), as |z| increases 
mdefinitely, tends uniformly to zero. 


The simple curve can be deformed continuously into the infinite circle 
of the preceding proposition, without passing over any infinity or any 
branch-point ; hence, if we assume that the function exists all over the plane, 
the value of [f(z)dz is, by Cor. L of § 19, equal to the value of the integral 
round the infinite circle, that is, by the preceding proposition, to zero. 


Another method of stating the proof of the theorem is to consider 
the corresponding simple curve on Neumann’s sphere (§ 4). The surface 
of the sphere is divided into two portions by the curve*: in one portion lie 
all the singularities and the branch-points, and in the other portion there is 
no critical point whatever. Hence in this second portion the function is holo- 
morphic; since the area is bounded by the curve we see that, on passing back 
to the plane, the excluded area is one over which the function is holomorphic. 
Hence, by § 19, the integral round the curve is equal to the integral round 
an infinite circle having its centre at the origin and is therefore zero, as 
before. 


CoROLLARY. If, under the same circumstances, the value of 2f(z), as 
|z| increases indefinitely, tend uniformly to k, then the value of [ f(z) dz round 
the simple curve vs 2k. 


dz ‘ erin 2 
Thus the value of | 2p along any simple curve, which encloses the two points ° 
OF —& 


a and —d, is 27; the value of 


| dz 
J (1-2) (1-234 


t 


; ; : 1 (Wee : 
round any simple curve enclosing the four points 1, —1, JZ? ~ Zi zero, k being a non- 


* The fact that a single path of integration is the boundary of two portions of the surface 
of the sphere, within which the function may have different characteristic properties, will be 
used hereafter (§ 104) to obtain a relation between the two integrals that arise according as the 
path is deformed within one portion or within the other, 
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vanishing constant ; and the value of {(1—2")~# dz, taken round a circle, centre the origin 
and radius greater than unity, is zero when v is an integer greater than 1. 


dz 
(e- 4) (@-e) (2¢)}4 
round any circle, which has the origin for centre and includes the three distinct points 
21, 2, €3, 18 not zero. The subject of integration has z= for a branch-point, so that the 
condition in the proposition is not satisfied ; and the reason that the result is no longer 
valid is that the deformation into an infinite circle, as described in Cor. I. of § 19, 
is not possible because the infinite circle would meet the branch-point at infinity. 


But the value of 


25. The further consideration of integrals of functions, that do not possess 
the character of uniformity over the whole area included by the curve of in- 
tegration, will be deferred until Chap. IX. Some examples of the theorems 
proved in the present chapter will now be given. 


Hz. 1. It is sufficient merely to mention the indefinite integrals (that is, integrals from 
an arbitrary point to a point z) of rational integral functions of the variable. After the 
preceding explanations it is evident that they follow the same laws as integrals of similar 
functions of real variables. 


Hx. 2. Consider the integral | taken round a simple curve. 


Zz 
Gaye 

When 7 is 0, the value of the integral is zero if the curve do not include the point a, 
and it is 277 if the curve include the point a. 

When 7 is a positive integer, the value of the integral is zero if the curve do not 
include the point @ (by § 17); and the value of the integral is still zero if the curve do 
include the point a (by § 22, for the function f(z) of the text is 1 and all its derivatives 
are zero). Hence the value of the integral round any curve, which does not pass through 
a, 18 zero. 

We can now at once deduce, by § 20, the result that, ¢f a holomorphic function be 
constant along any simple closed curve within its region, it is constant over the whole 
area within the curve. For let t be any point within the curve, z any point on it, and C 
the constant value of the function for all the points z; then 


_1 [¢@ 
NON pes i pap 
the integral being taken round the curve, so that 


C f dz 
9-55 Jan 
=C 
by the above result, since the point ¢ lies within the curve. 


Ex. 3. Consider the integral fe~* dz. 

In any finite part of the plane, the function e~” is holomorphic ; therefore (§ 17) the 
integral round the boundary of a rectangle y 
(fig. 8), bounded by the lines w= +a, y=0, 
y=b, is zero: and this boundary can be 
extended, provided the deformation remain 
in the region where the function is holo- 
morphic. Now as a tends towards infinity, 
the modulus of e~*, being e~*+”, tends 
towards zero when y remains finite; and 
therefore the preceding rectangle can be 
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extended towards infinity in the direction of the axis of a, the side 6 of the rectangle 
remaining unaltered. 


Along A’A, we have z=: so that the value of the integral along the part 4’A of the 
boundary is | : en ax. 


=a 
Along AB, we have z=a+7y, so that the value of the integral along the part AB 
b 
® if em (atin? dy, 
0 
Along BB’, we have z=7+7b, so that the value of the integral along the part BB’ 
is [“e-e+a7 de, 
Along B’A’, we have z= —a+zy, so that the value of the integral along the part 
0 
BA’ is i| en (-a tia? dy, 
b 
b 
The second of these portions of the integral is e~”. 7. | ev’—2ayi oly, which is easily seen 


0 
to be zero when the (real) quantity a is infinite. 


Similarly the fourth of these portions is zero. 


Hence as the complete integral is zero, we have, on passing to the limit, 


ee —2 
—a2 ~ a2 — Qiba + = 
i Cae ain | e ioe +O le = (0, 
ao 


— is a) 
i's) ios} 
whence oe i (BAL ALING fie ( e-@dv=n*, 
SS - 
ive) 
or | e-* (cos 2ba—7 sin 2b) dx=nre-" ; 
-w 


and therefore, on equating real parts, we obtain the well-known result 


| e-* cos 2bada=nte-®, 
This is only one of numerous examples* in which the theorems in the text can be 
applied to obtain the values of definite integrals with real limits and real variables. 


gn-l1 
Ex. 4. Consider the integral i Tee where 7 is a real positive quantity less than 
unity. 
The only infinities of the subject of integration are the origin and the point —1; 
the branch-points are the origin and z=. Everywhere else in the plane the function 
behaves like a holomorphic function; and, therefore, when we take any simple closed 


curve enclosing neither the origin nor the point —1, the integral of the function round 
that curve is zero. 


Choose the curve, so that it lies on the positive side of the axis of w and that it is 
made up of :— 
(i) a semicircle C, (fig. 9), centre the origin and radius 2 which is made to increase 
indefinitely : 
(ii) two semicircles, ¢, and c., with their centres at 0 and —1 respectively, and with 
radii 7 and 7’, which ultimately are made infinitesimally small : 


* See Briot and Bouquet, Théorie des fonctions elliptiques, (2nd ed.), pp. 141 et sqq., from 
which examples 3 and 4 are taken. 
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(iii) the diameter of C, along the axis of w excepting those ultimately infinitesimal 
portions which are the diameters of ¢, and of ¢,. 


The subject of integration is uniform within the area thus enclosed although it 
is not uniform over the whole plane. We shall take that value of 2°-i which has its 
argument equal to (7-1) 6, where @ is the argument of z. 


C3 
RN 
c 
Vp as 
=I] (6) 
Fig. 9. 


The integral round the boundary is made up of four parts. 


a—-1 
(a) The integral round 0,. The value of z. a as |z| increases indefinitely, tends 


uniformly to the limit zero ; hence, as the radius of the semicircle is increased indefinitely, 
the integral round @, vanishes (§ 24, 11., Vote). 
m-1 
(6) The integral round c,. The value of Bee as |z| diminishes indefinitely, 
tends uniformly to the limit zero; hence as the radius of the semicircle is diminished 
indefinitely, the integral round c, vanishes (§ 24, 1., Vote). 


m—1 
(c) The integral round c,. The value of (1 +2) Ta as | 1+z| diminishes indefinitely 
for points in the area, tends uniformly to the limit (—1)*-1, ie, to the limit &@~) ibe 
Hence this part of the integral is 
gn-ini [a 
1+2’ 
being taken in the direction indicated by the arrow round ¢,, the infinitesimal semicircle. 


Evidently A =7id6 and the limits are z to 0, so that this part of the whole integral is 


gna Hi "id 


Reed + dere (M1) 7 


(d) The integral along the axis of 2 The parts at —1 and at 0 which form the 
diameters of the small semicircles are to be omitted ; so that the value is 


-l-r 24 +{J Smee 
—— aa, 
ee +f, vy) l+a 


This is what Cauchy calls the principal value* of the integral 
2 gnr-l 
| Ne da. 


* Williamson’s Integral Calculus, § 104. 
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Since the whole integral is zero, we have Ma Ay 
nat ee di. 
ume +f Ite x=. es 
2 yn-1 . 0 gn-l 
Let [ie Ne reer! pf) Fae 
© yn-1 
and Q= f —. dx, 


principal values being taken in each case. Then, taking account of the arguments, we have 


27  a\n=l 
Le -| ae da 
( 


) 1-24 
PD anm-ldy 
=(=1y~s1 |. 2 da 
0 1-2 
= gr) rt Q 
Since ire”’™" + P+ P’=0, 
we have P-é™ Q= -—ine™, 
so that P-Qcosnr=rsinnz, Qsinnr=7 cos nr. 
© yn 
Hence —_— da= P= cosec nr, 
0 1 +24 


ene} t 
J, Ee “= Q=n cot nr. 


Ex. 5. In the same way it may be proved that 


ce) ~ n 5 
C080 ay gE B ghrni ger 
ees 1+2 N p=1 


Pace 
: : . wyie . t rae 
where 7 is an integer, @ is positive and w ise 2”, 


Ez. 6. By considering the integral fe~*z"-!dz round the contour of the sector of a 
circle of radius 7, bounded by the radii @=0, 6=a, where a is less than $7 and 7 is positive, 
it may be proved that 


| fr} e~ "84 cos (8+2rsin a)} dr=T (n) cos (8+na), 
0 


on proceeding to the limit when 7 is made infinite. (Briot and Bouquet.) 


Ex. 7. By considering the integral {(22—1)™z-%-™-1qz, taken round a semicircle, 
prove that 


dra , 

uh er’ TL (m 

sin” 66% dd= a ( J i: 
0 2” II (gm-+$ar) I ($n —4ar) 


provided the real part of m is greater than —1. 
Similarly deduce the value of 


T 
| sin” 6 cos" 66” dé, 
0 


where the real parts of m and 7 are each greater than —1, from a consideration of the 
integral 
f(a = 1)" (A+ 1)" g7u—m- n-1 dz, 
taken round a semicircle. 
(Many of the results stated in de Haan, Mowvelles Tables dintégrales définies, can 
be obtained in a similar manner.) 
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dz 
ge —]? 
is meromorphic ; it has for its poles (each of which is simple) the m points ” for r=0, 
1,..., »—1, where @ is a primitive mth root of unity; and it has no other infinities and no 


Hz. 8. Consider the integral 


where 7 is an integer. The subject of integration 


branch-points. Moreover the value of ea as |z| increases indefinitely, tends uniformly 


to the limit zero ; hence (§ 24, 111.) the value of the integral, taken round a circle centre 
the origin and radius > 1, is zero. 

This result can be derived by means of Corollary II. in § 19. Surround each of the 
poles with an infinitesimal circle having the pole for centre; then the integral round 
the circle of radius >1 is equal to the sum of the values of the integral round the 
infinitesimal circles. The value round the circle having o* for its centre is, by § 20, 


ae] ite Z—o" 
22 { limit of » when z=" 
r—] 


= 2rt @”-", 
n 
Hence the integral round the large circle 


Dae n—-l 
ere’ So tat 


nr r=0 
= (0) 
Ex. 9. Hitherto, in all the examples considered, the poles that have occurred have 


been simple: but the results proved in § 21 enable us to obtain the integrals of 
functions which have multiple poles within an area. As an example, consider the 


integral | cham round any curve which includes the point 7 but not the point —7, these 


points being the two poles of the subject of integration, each of multiplicity »+1. 

We have seen that fO@=s— | aoaen dz, 
where f(z) is holomorphic throughout the region bounded by the curve round which the 
integral is taken. — 


In the present case a is 7, and f(z) so that 


— 1 . 


1 (=1)" 
I) (=e eae 


2n! (-1)" an ! 


and therefore fo M= at ODP al Q-2n=1 7. 
dz QWare ‘ 
Hence we have | a+a"1 =F fi (2) 
as 2n !} ta 
~ nmin! 22° 


In the case of the integral of a function round a simple curve which contains several 
of its poles, we first (§ 20) resolve the integral into the sum of the integrals round simple 
curves each containing only one of the points, and then determine each of the latter 
integrals as above. 

Another method that is sometimes possible makes use of the expression of the uniform 
function in partial fractions. After Ex. 2, we need retain only those fractions which are of 


the form ete, the integral of such a fraction is 27d, and the value of the whole integral 
Z—a 


V 
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is therefore 2773.4. It is thus sufficient to obtain the coefficients of the inverse first powers 
which arise when the function is expressed in partial fractions corresponding to each pole. 


Such a coefficient A, the coefficient of — in the expansion of the function, is called by 
Cauchy the residue of the function relative to the point. 


For example, 


1 1 @ wo? 1 wo? @ i 
eee we) Se ee eee 
@+13~° lai eae + opt len If t G+oP* Gro’ 
so that the residues relative to the points —1, —, —? are 2, 2, 2w? respectively. 
Hence if we take a semicircle, of radius >1 and centre the origin with its diameter 
along the axis of y, so as to lie on the positive side of the axis of y, the area between the 


semi-circumference and the diameter includes the two points —# and —@*; and therefore 


the value of 
dz 
(@+1P? 


taken along the semi-circumference and the diameter, is 


Qrt (2o+2o”) ; 
that is, the value is — 477. 


Ex. 10. Let uw denote | I (2; 2) dzdz, f being a rational integral function 
(Cc) Jc) 2-1 


TA ny 22" of the complex variables z, z’, the integrations being taken in the positive sense 
round the closed contours C, 0’, of which C is a circle of unit radius with its centre 
at the origin. Shew that v=0 if 0” lies wholly inside C, or if C and C’ lie wholly outside 
one another, and that w=—472?3A,»,(m=0, 1, 2,...) if C’ completely surrounds C7. 
Discuss also the value of w if C’ is a circle passing through the points +7 but not 
coinciding with CO, and f (z, 7)=f(-2z, -7’). 

(Math. Trip., Part IL, 1898.) 


CHAPTER III. 
EXPANSION OF FUNCTIONS IN SERIES OF POWERS. 


26. WE are now in a position to obtain the two fundamental theorems 
relating to the expansion of functions in series of powers of the variable: 
they are due to Cauchy and Laurent respectively. 

Cauchy’s theorem is as follows*:— 

When a function rs holomorphic over the area of a circle of centre a, it can 
be expanded as a series of positive integral powers of z—a, converging for all 
points within the circle. 

Let z be any point within the circle; describe a concentric circle of 
radius r such that 

|jz-al\=p<r<R, 
where # is the radius of the given circle. If ¢ 
denote a current point on the circumference of the 
new circle, we have 


Pe) EO) 
tA oad oa mea 
pe eee 
~ Dart ta, _ 27a’ Fig. 10, 
t—a 


the integral extending along the whole circumference of radius r. Now 


= 
1 2—@ , {4@—a\? Z-a\” \t-a 
eeeea ti set Ga) oe ea) vena’ 
to t—a 
so that, by § 14 (III.), we have 
os AUP? a8 fe Lo Sool ed0s 
FAG 4) = ae a é— 5G + sees + Ce one 
i a Z—a\" 
Iist—z ( = =) dt 


* Haercices d’ Analyse et de Physique Mathématique, t. ii, pp. 50 et seq.; the memoir was first 
made public at Turin in 1832. 
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Now /(é) is holomorphic over the whole area of the circle; hence, if t be 
not actually on the boundary of the region (§§ 21, 22), a condition secured by 
the hypothesis r < R, we have 

f° (a) = Pi de dt 
Qari} (é—a)r”? 
and therefore 


LOHSO+E-— DIO to foe: =o foray +2 a eres: 


Let the last term be denoted . L. Since |z-a|=p and |t—a|=r, 
it is at once evident that |t—z|>r—p. Let M be the greatest value of 
| f (¢)| for points along the circle of radius r; then M must be finite, owing to 
the initial hypothesis relating to f(z). Taking 


t-a=re%, 


so that dt =1(t—a) dé, 
pre a Ste cee 
we have |L| = ce ee ei: 
pe 9 
i FED |, role 
eo 
< eee 
rr) 


«(ey M(-2y" 


Now r was chosen to be greater than p; hence as n becomes infinitely 
n+1 il 

large, we have (2) infinitesimally small. Also M (1-2) is finite. 

Hence as n increases indefinitely, the limit of |Z|, necessarily not negative, 

is infinitesimally small and therefore, in the same case, J tends towards zero. 


It thus appears, exactly as in § 15 (V.), that, when n is made to increase 
without limit, the difference between the quantity f(z) and the first n+ 1 
terms of the series is ultimately zero; hence the series is a converging series 
having f(z) as the limit of the sum, so that 


Fla=f (a) + (2-4) f' (a) + et ie as |e ee ral fF (@) Forse 


which proves the proposition under the assigned eee It is the form 
of Taylor’s expansion for complex variables. 


Note. The series on the right-hand side is frequently denoted by 
P(z—«a), where P is a general symbol for a converging series of positive 
integral powers of z—a: it is also sometimes* denoted by P(z|a). Con- 
formably with this notation, a series of negative integral powers of z—a 


* Weierstrass, Ges. Werke, t. ii, p. 77. 
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1 , Shy $e 
would be denoted by P (—): a series of negative integral powers of z 


: L : : ; 
either by P (5) or by P(z|), the latter implying a series proceeding in 
positive integral powers of a quantity which vanishes when z is infinite, 
that is, in positive integral powers of =, 
z 


If, however, the circle can be made of infinitely great radius so that the 
function f(z) is holomorphic over the finite part of the plane, the equivalent 
series is denoted by G(z— a), and it converges over the whole plane. 
Conformably with this notation, a series of negative integral powers of z— a 


which converges over the whole plane is denoted by G ( : hs 
zZ—a 


’ Ex. If the expansion, taken in the form Ay +a,2+a927+..., be valid over the whole of 
the finite part of the plane, then the limit of 


lL 
| Lip” 
as m increases indefinitely, is zero. More generally, if the circle of convergence of the 


series be of radius 7, then the limit of the preceding quantity is = (Cauchy. ) 


27. The following remarks on the proof and on inferences from it should 
be noticed. 


(i) In order that — may be expanded in the required form, the 


point z must be taken actually within the area of the circle of radius R; 
and therefore the convergence of the series P(z— a) is not established for 
points on the circumference. 


(ii) The coefficients of the powers of z—a in the series are the 
values of the function and its derivatives at the centre of the circle; and the 
character of the derivatives is sufficiently ensured (§ 21) by the holomorphic 
character of the function for all points within the region. It therefore 
follows that, if a function be holomorphic within a region bounded by a 
circle of centre a, its expansion in a series of ascending powers of z—a, 
which converges for all points within the circle, depends only upon the values 
of the function and its derivatives at the centre. 


But instead of having the values of the function and of all its derivatives 
at the centre of the circle, it will suffice to have the values of the holomorphic 
function itself over any region at @ or along any line through a, the region 
or the line being not merely a point. The values of the derivatives at a can 
be found in either case; for f’(b) is the limit of {f(b + 6b) — /(6)}/6d, so that 
the value of the first derivative can be found for any point in the region or 
on the line, as the case may be; and so for all the derivatives in succession. 
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(iii) The form of Maclaurin’s series for complex variables is at once 
derivable by supposing the centre of the circle at the origin. We then 
infer that, if a function be holomorphic over a circle, centre the origin, it can be 
represented in the form of a series of ascending, positive, integral powers of the 
variable given by 


=f) +f FESO -, 


where the coefficients of the various powers of z are the values of the derwatives 
of f (2) at the origin, and the series converges for all points within the circle. 

Thus, the function e* is holomorphic over the finite part of the plane; 
therefore its expansion is of the form @(z). The function log (1+) has a 
singularity at —1; hence within a circle, centre the origin and radius unity, 
it can be expanded in the form of an ascending series of positive integral 
powers of z, it being convenient to choose that one of the values of the 
function which is zero at the origin. Again, tan 2? has singularities at the 
four points z‘=—1, which all lie on the circumference; choosing the value 
at the origin which is zero there, we have a similar expansion in a series, 
converging for points within the circle. 


Similarly for the function (1+ )", which has — 1 for a singularity. 
(iv) Darboux’s method* of derivation of the expansion of f(z) in 


positive powers of z—a depends upon the expression, obtained in § 15 (IV.), 
for the value of an integral. When applied to the general term 


~ | (FS) sae 


Qi. t-—a 


BS n+1 
= [ say, it gives L=nr a AG), 


where € is some point on the circumference of the circle of radius r, and X is 
a complex quantity of modulus not greater than unity. The modulus of ae 
is less than a quantity which is less than unity; the terms of the series of 
moduli are therefore less than the terms of a converging geometric progress- 
ion, so that they form a converging series; the limit of |Z|, and therefore 
of L, can, with indefinite increase of m, be made zero and Taylor’s expansion 
can be derived as before. 


Ex. 1. Prove that the arithmetic mean of all values of z-" 3 ayzv, for points lying along 


v=0 
a circle |z|=r entirely contained in the region of continuity, is a,. (Rouché, Gutzmer.) 
Prove also that the arithmetic mean of the squares of the moduli of all values of 

ie 2) 

> a,2, for points lying along a circle |z =r entirely contained in the region of continuity, 
v=0 
is equal to the sum of the squares of the moduli of the terms of the series for a point on 
the circle. (Gutzmer.) 


* Liouville, 3° Sér., t. li, (1876), pp. 291—312. 
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ve) 
Ea. 2. Prove that the function Soe 
n=0 


is finite and continuous, as well as all its derivatives, within and on the boundary of the 
circle |z|=1, provided |a@| <1. (Fredholm.) 

Ez, 3. The radii of convergence of the series 

F(AQ=M taza +..., g(Z)=bo +b, +b 224+..., 
are p and p’; prove that pp’ is the radius of convergence of the series 
h (2") = iyby + ab y2" + agby2'? +... 

Denoting the singularities of f(z) by s,, s.,..., and those of g (z’) by s,', s',..., prove 

that the singularities of /(z’) are given by s,,s,', for all values of m and. (Hadamard.) 


v 


28. Laurent’s theorem is as follows *:— 


A function, which is holomorphic in a part of the plane bounded by two 
concentric circles with centre a and finite radii, can be expanded in the form 
of a double serves of integral powers, positive and negative, of z—a; and the 


series converges in the part of the plane between the circles. | 


Let z be any point within the region bounded by the two circles of radii 
Rand RF’; describe two concentric circles of 
radii r and 7’, such that 

R>r>|z—a\>r>R’. 
Denoting by t¢ and by s current points on the 
circumference of the outer and of the inner 
circles respectively, and considering the space 


which lies between them and includes the point 
z, we have, by § 20, 


feagq [LO a- x [Mas....0, 


Iils—z Fig. 11. 


a negative sign being prefixed to the second integral because the direction 
indicated in the figure is the negative direction for the description of the 
inner circle regarded as a portion of the boundary. 


Now we have 


B=} n+1 
= — —a\* zZ—a\” (=) 
el re a € y+ Sas +(7=*) +——<—<—, 
t—2Z t—a t-a t—a ee oe 

t—a@ 


this expansion being adopted with a view to an infinite converging series, 


because cage is less than unity for all points ¢; and hence, by § 15, 
—a 
t t Pale one 
LO y= [fo dt +(2—a) (Es fea — a)" | ge! 
I(t) (= _ 
pe t—a Bs 


* Comptes Rendus, t, xvii, (1843), p. 939. 
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Now each of the integrals, which are the respective coefficients of powers of 
z—a, is finite, because the subject of integration is everywhere finite along 
the circle of finite radius, by §15 (IV.). Let the value of 


be 2iu,: the quantity u, is not necessarily equal to f” (a) +1r!, because no 
knowledge of the function or of its derivatives is given for a point within 
the innermost circle of radius Rk’. Thus 


a ~ [2 dt = Uy +(2— a) Ut, + (2 —G)? Uy + wee. + (2 —G)" Un 
= n+1 
Deerlesa 
The modulus of the last term is less than 
M (2 ie 
eae 
r 


where p is |z—a| and M is the greatest value of |/(¢)| for points along 
the circle. Because p<vr, this quantity diminishes to zero with indefinite 
increase of n; and therefore the modulus of the expression 


52s. 


Qari 


becomes indefinitely small with unlimited increase of n. The quantity itself 
therefore vanishes in the same circumstances; and hence 


F(t) E e 
al 2 it = thy + (60) tt esses FEO thy t ooseee 


so that the first of the integrals is equal to a series of positive powers. This 
series converges within the outer circle, for the modulus of the (m+ 1)™ term 


is less than 
M (E) : 
7 


which is the (m +1)" term of a converging series*, 


As in § 27, the equivalence of the integral and the series can be affirmed 
only for points which lie within the outermost circle of radius R. 


Again, we have 


s—a\"n 
zZ—-a sS—a s—a\” (=) 
ti Se 
S—Z zZ—-a Z-a 1 Ss—a 

Z-a 


* Chrystal, ii, 124, 
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this expansion being adopted with a view to an infinite converging series, 


because 


is less than unity. Hence 


1 ere 
—55 eae = = = [ f(s) ds+ eiGisetis reepreieatii 


se (ean £0) 5, 


2Q7riJ\e—a ee 


The modulus of the last term is less than 


M ee 
pee 
Pp 


where M’ is the greatest value of |f(s)| for points along the circle of radius 
r, With unlimited increase of n, this modulus is ultimately zero; and thus, 
by an argument similar to the one which was applied to the former integral, 
we have 
I (8) V2 Um 
Age Heaps —a TC a e0, (@—aye* 


where v,, denotes the integral {(s — a)™— f(s) ds taken round the circle. 


As in the former case, the series is one which converges, its converg- 
ence being without the inner circle; the equivalence of the integral and 
the series is valid only for points z that le without the innermost circle of 


radius R’, 


The coefficients of the various negative powers of z — a are of the form 


milo “— iH ae 


(s— ae 


a form that suggests values of the derivatives of f(s) at the point given by 
are =0, that is, at infinity. But the outermost circle is of finite radius; 
s-a 

and no knowledge of the function at infinity, lymg without the circle, is 
given, so that the coefficients of the negative powers may not be assumed 
to be the values of the derivatives at infinity, just as, in the former case, the 
coefficients u, could not be assumed to be the values of the derivatives at the 
common centres of the circles. 


Combining the expressions obtained for the two integrals, we have 
f(@) = ww + (4—- a) y+ (4 — Put 
+(z—a)1v, + (2-a)? % 


Both parts of the double series converge for all points in the region between 


the two circles, though not necessarily for points on the boundary of the 
4a 
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region. The whole series therefore converges for all those points: and we 
infer the theorem as enunciated. 

Conformably-with the notation (§ 26, Note) adopted to represent Taylor's 
expansion, a function f(z) of the character required by Laurent’s Theorem 
can be represented in the form 


P,(z-a) + P,( : ib 


fap D4 


the series P, converging within the outer circle and the series P, converging 
without the inner circle; their sum converges for the ring-space between the 
circles. 


29. The coefficient wu in the foregoing expansion is 


Ai EXO 


Qri J t-—a 
the integral being taken round the circle of radius r. We have 
dt 


— =1d0 
t—a 
for points on the circle ; and therefore 
dé 
m=] 5 S(O); 
souhae |u| < [SE Me <M 
2a 


M’ being the greatest value of M;, the modulus of f(é), for points along the 
circle. If M be the greatest value of |f(z)| for any point in the whole 
region in which f(z) is defined, so that M’ < M, then we have 


| w|< M, 


that is, the modulus of the term independent of z— a in the expansion of 
J (2) by Laurent’s Theorem is less than the greatest value of | f(z)| at points 
in the region in which it is defined. 

Again, (z —a)~™ f(z) is a double series in positive and negative powers of 
z—d, the term independent of z— a being w,,; hence, by what has just been 
proved, | %»| is less than p~” M, where p is |z—a|. But the coefficient uw, 
does not involve z, and for any point z we can therefore choose a limit. The 
lowest limit will evidently be given by taking z on the outer circle of radius 
R, so that | um|< MR-™. Similarly for the coefficients v,,; and therefore we 
have the result :— 


Tf f(z) be expanded as by Laurent’s Theorem in the form 


~ oO 
Up +t 2% (Z—A)™Um + & (2-4), 
m=1 m=1 


then |\Um|< ME, |\%m|<MR™, 
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where M is the greatest value of |\f “(Z)| at points within the region in which 
J (2) ts defined, and Rand R' are the radii of the outer and the inner circles 
respectively. 


Corottary. If M(r) denote the greatest value of | FS (z)| for values of z 
on the circumference of the circle |z—a| =r, then 


|m| <7" M(r), | m| <1 M (r): 


which are lower limits than the preceding. As above, we have 


taken round the circle |z—a|=7r; so that 
dé dé 
iw l< [FF Ol< |S Mo < MO). 
Similarly, as uv, is the term independent of z—a in the Laurent expansion 
of (¢—a)-™ f(z), we have 
|Um |< greatest value of |(z—a)-™ f(z)| along |z-—al=r 
<r M(r); 

and so for Um. 

30. The following proposition is practically a corollary from Laurent’s 
Theorem :— 


When a function is holomorphic over all the plane which hes outside a 
circle of centre a, it can be expanded in the form of a series of negative integral 
powers of z —a, the series converging everywhere in that part of the plane. 

It can be deduced as the limiting case of Laurent’s Theorem when the 
radius of the outer circle is made infinite. We then take r infinitely large, 
and substitute for ¢ by the relation 


t—a=re", 


so that the first integral in the expression (i), p. 49, for f(z) is 


L (de 
Ff). 


Qn 0 t—z 
t—a 


Since the function is holomorphic over the whole of the plane which hes 
outside the assigned circle, f(¢) cannot be infinite at the circle of radius r 
when that radius increases indefinitely. If it tend towards a (finite) limit 4, 
which must be uniform owing to the hypothesis as to the functional character 
of f(z), then, since the limit of (¢—2)/(¢—«) is unity, the preceding integral 
is equal to k. 
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The second integral in the same expression (i), p. 49, for f(z) is 
unaltered by the conditions of the present proposition; hence we have 


f@=k+(e-a)y7 y+ (4-aPrwmt+..., 


the series converging without the circle, though it does not necessarily 
converge on the circumference. 


The series can be represented in the form 


Alpen: 


conformably with the notation of § 26. 


Of the three theorems in expansion which have been obtained, Cauchy’s 
is the most definite, because the coefficients of the powers are explicitly 
obtained as values of the function and of its derivatives at an assigned point. 
In Laurent’s theorem, the coefficients are not evaluated into simple express- 
ions; and in the corollary from Laurent’s theorem the coefficients are, as 1s 
easily proved, the values of the function and of its derivatives for infinite 
values of the variable. The essentially important feature of all the theorems 


is the expansibility of the function in converging series under assigned 
conditions. 


31. It was proved (§ 21) that, when a function is holomorphic in any 
region of the plane bounded by a simple curve, it has an unlimited number 
of successive derivatives each of which is holomorphic in the region. Hence, 
by the preceding propositions, each such derivative can be expanded in 
converging series of integral powers, the series themselves being deducible 
by differentiation from the series which represents the function in the region. — 

In particular, when the region is a finite circle of centre a, within which 
f(z) and consequently all the derivatives of f(z) are expansible in converging 
series of positive integral powers of z—a, the coefficients of the various 
powers of z—a are—save as to numerical factors—the values of the 
derivatives at the centre of the circle. Hence it appears that, when a function 
1s holomorphic over the area of a given circle, the values of the function and all 
its derivates at any point z within the circle depend only upon the variable 
of the point and upon the values of the function and its derivatives at the 


centre. 
32. Some of the classes of points in a plane that usually arise in 
connection with uniform functions may now be considered. 


(i) A point @ in the plane may be such that a function of the variable 
has a determinate finite value there, always independent of the path by 
which the variable reaches a; the point a is called an ordinary point* of 
the function. The function, supposed continuous in the vicinity of a, is 


* Sometimes a regular point. 
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continuous at a: and it is said to behave regularly in the vicinity of an 
ordinary point. 


Let such an ordinary point a be at a distance d, not infinitesimal, from 
the nearest of the singular points (if any) of the function ; and let a circle of 
centre a and radius just less than d be drawn. The part of the z-plane lying 
within this circle is called* the domain of a; and the function, holomorphic 
within this circle, is said to behave regularly (or to be regular) in the domain 
of a. From the preceding section, we infer that a function and its derivatives 
can be expanded in a converging series of positive integral powers of z—a 
for all points z in the domain of a, an ordinary point of the function: and 
the coefficients in the series are the values of the function and its derivatives 
at a. 


The property possessed by the series—that it contains only positive 
integral powers of z—a—at once gives a test which is both necessary and 
sufficient to determine whether a point is an ordinary point. If the point a 
be ordinary, the limit of (2 —«a) f(z) necessarily is zero when z becomes equal 
toa. This necessary condition is also sufficient to ensure that the point is 
an ordinary point of the function f(z), supposed to be uniform; for, since 
J (2) 1s holomorphic, the function (2 — a) f(z) is also holomorphic and can be 
expanded in a series 

Up + uy (4—-a) + U, (4 -—aP+..., 
converging in the domain of a. The quantity wu, is zero, being the value 
of (¢—a) f(z) at a and this vanishes by hypothesis; hence 
(2—a) f(2) =(2— @) {u +m (2-4) 4+...}, 


shewing that f(z) is expressible as a series of positive integral powers of 
z—a converging within the domain of a, or, in other words, that f(z) certainly 
has a for an ordinary point in consequence of the condition being satisfied. 


(ii) A point @ in the plane may be such that a function f(z) of the 
variable has a determinate infinite value there, always independent of the 
path by which the variable reaches a, the function behaving regularly for 


it; ; 
points in the vicinity of a; then FE ( - has a determinate zero value there, so 
Zz 


) 
eee ees, a ; 
that @ is an ordinary point of Fes The point a is called a pole (§ 12) or 
an accidental singularity of the function. 
A test, necessary and sufficient to settle whether a point is an accidental 


singularity of a function, will subsequently (§ 42) be given. 


* The German title is Umgebung, the French is domaine. 
+ Weierstrass, Ges. Werke, t. ii, p. 78, to whom the name 1s due, calls it ausserwesentiiche 


singulire Stelle; the term non-essential is suggested by Mr Cathcart, Harnack, p. 148. 
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(iii) A point a in the plane may be such that f(z) has not a determinate 
value there, either finite or infinite, though the function is definite in value 
at all points in the immediate vicinity of a other than a itself. 


Such a point is called* an essential singularity of the function. No 
hypothesis is postulated as to the character of the function for points 
at infinitesimal distances from the essential singularity, while the relation 
of the singularity to the function naturally depends upon this character at 
points near it. There may thus be various kinds of essential singularities 
all included under the foregoing definition; their classification is effected 
through the consideration of the character of the function at points in their 
immediate vicinity. (See § 88.) 


One sufficient test of discrimination between an accidental singularity 
and an essential singularity is furnished by the determinateness of the value 
at the point. If the reciprocal of the function have the point for an ordinary 
point, the point is an accidental singularity—it is, indeed, a zero for the 
reciprocal. But when the point is an essential singularity, the value of the 
reciprocal of the function is not determinate there; and then the reciprocal, 
as well as the function, has the point for an essential singularity. 


In these statements and explanations, it is assumed that the essential 
singularity is an isolated point. It will hereafter be seen that uniform 
functions can be constructed for which this is not the case; thus there are 
uniform functions which have lines of essential singularity. For the present, 
we shall deal only with essential singularities that are isolated points. 


£xz.1. Consider the function cos + in the vicinity of the origin. 


The value at z=0 clearly is indeterminate ; but it tends to limits that depend upon 
the mode by which z approaches the origin. 


Thus suppose that z approaches the origin along the axis of imaginary quantities; and 
let z=at, where a is real and can be made as small as we please. Then 
1 x a. 
cos-=te%+he 4; 
a 


if a be positive then the first term, and if a be negative then the second term, can be 
made larger than any assigned finite quantity by sufficiently diminishing a: that is, 


by this method of approach of z to its origin, the function cos t ultimately acquires an 
z 
infinite value. 


Next suppose that z approaches the origin along the axis of real quantities, and 
assume it to have positive values, (the same reasoning applies if it has negative values) ; 
in particular, consider real values of z, such that 0 <z< 8, where @ is a quantity that may 
be assigned as small as we please. When 8 is assigned, take any positive integer m, such 
that 


2 
2 at 
Ohhh ea 


* Weierstrass calls it wesentliche singulire Stelle. 
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so that m will be any integer lying between some one integer (that will be large, in 
dependence upon the value of 8) and infinity. Let 
il Ce 


where ¢ is a positive quantity such that O@¢<7 ; then 
ipa 
z7 B? 

and so0<z<f. For such values we have 


1 : 
cos all =1)r*sinG 


and therefore with the range of ¢ from 0 to 7, the function ranges continuously in 
numerical value between 0 and 1. In particular, when ¢=0, the function has a zero 
value; (also when (=z, but this in effect gives the next greater value of m); and this 
holds for each of the integers m so assumed. Hence it follows that within the range 
0<2z<B for real values of z, no matter how small the real quantity 8 may be assigned, 


; 1 ao. tate 
the function Cos — has an unlimited number of zeros; also that, within the same range, 


the function cos —« (where « is a real quantity not greater than unity) has an unlimited 
number of zeros. 

Ex. 2. Consider the function cos : in the vicinity of the origin, when the variable z is 
made to approach the origin along the spiral 6=pr, where z=re", and p is a parametric 


quantity; and shew that, in the immediate vicinity of the origin along this path, 


sinh pJ | cos : 2 cosh Qu. 


Discuss the possibility of so choosing the approach of z to the origin as, for values of z 
such that |z|<-y where y is a quantity that may be made as small as we please, to 


make cos : acquire a value 4+7B. 


Ex. 3. Shew that the function cosee = has an unlimited number of poles in the 
immediate vicinity of its essential singularity z=0. : 

Ex. 4, Consider the variations in value of the function e? for values of z, such that 
|z| is not greater than some assigned small quantity x. 

1 
In particular, consider the possibility of e* either acquiring, or tending to, any assigned 
1 

value A. The values of z for which e* =A are given by 


2=2%knitlog A, 


where & is any integer, positive or negative. Let A=ae%’, where a and a are real; 

so that 
1 : 
-=(2kr +a) i+loga. 
z 

If z=x+v2y as usual, then 


U—Y (Qh +a) i-+log a; 
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1 
and therefore all the points, for which e* acquires the value A, lie upon the circle 


L 
Pipi eee 
nea, log a 
Accordingly, we consider an arc of this circle which lies within the circle 
a? ae OF =k, 
1 


Not every point on the are leads to the value A of e*; for taking any point (& 7) 
on it, let 


Z log a=2mrn +8, 
where m is an integer, and 026 < 27; thus 
7% : 
a —7(2mr +6) +log a, 
1 
so that the value of e” is elS¢-*@m™+9 _ge-% which is only the same as ae” for 


1 
et 


particular points. It is however clear that is the same for all points on the circular 


arc, 
1 


The values of z for which e* =A are given by 


1 
~ (Qhkr +a) t+log a’ 


Zz 


where & is an integer. It is manifest that a value of & (say /,) can be chosen for which 


lz|<xk, 
i 
this inequality holding for all values of / greater than /,: so that the function e* acquires 
the value A at an unlimited number of points in the region |z|<x«. Further, by 
sufficiently increasing /, we can make |z| smaller than any assigned quantity however 
1 
small; and therefore A is one of the (unlimited number of) values of e* as z ultimately 


becomes zero. 


It may be remarked at once that there must be at least one infinite 
value among the values which a uniform function can assume at an essential 
singularity. For if f(z) cannot be infinite at a, then the limit of (z—-a) f(z) 
would be zero when z=a, no matter what the non-infinite values of f(z) 
may be, and no matter by what path z acquires the value a; that is, the 
limit would be a determinate zero. The function (z—a) f(z) is regular in 
the vicinity of a: hence by the foregoing test for an ordinary point, the point 
a would be ordinary and the value of the uniform function f(z) would be 
determinate, contrary to hypothesis. Hence the function must have at least 
one infinite value at an essential singularity. 

Further, a uniform function must be capable of assuming any value C 
at an essential singularity. For an essential singularity of f(z) is also an 


essential singularity of f(z)—C and therefore also of ss teas The last 


Fe) 108 
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function must have at least one infinite value among the values that it can 
assume at the point; and, for this infinite value, we have f(z)=C at the 
point, so that f(z) assumes the assigned value Cat the essential singularity. 


Note. This result, that a uniform function can acquire any assigned 
value at an isolated essential singularity, is so contrary to the general idea of 
the one-valuedness of the function, that the function is often regarded as not 
existing at the point; and the point then is regarded as not belonging to the 
region of significance of the function. The difference between the two views 
is largely a matter of definition, and depends upon the difference between 
two modes of considering the variable z. If no account is allowed to be 
taken of the mode by which z approaches its value at an essential singularity 
a, the function does not tend uniformly to any one value there. If such 
account is allowed, then it can happen (as in Ex. 4, above) that z may 
approach the value a along a particular path through a limiting series of 
values, in such a way that the function can acquire any assigned value in the 
limit when z coincides with a after the specified mode of approach. 


33. There is one important property possessed by every uniform funct- 
ion in the immediate vicinity of any of its isolated essential singularities ; 
it was first stated by Weierstrass*, as follows :—Jn the immediate vicinity of 
an wsolated essential singularity of a wuiform function, there are positions at 
which the function differs from an assigned value by a quantity not greater 
than a non-vanishing magnitude that can be made as small as we please. 


Let a be the singularity, C an assigned value, and ¢ a non-vanishing 
magnitude which can be chosen arbitrarily small at our own disposal; and in 
the vicinity of a, represented by 

|z-a|<p, 


consider the function For values of z in the range 


Is 
f(ay- 
0<|z-a|<p, 
this function may have poles, or it may not. 


If it has poles, then at each of them f(z)~C=0: that is, the function 
f (2) actually attains the value C, so that the difference between f(z) and C 
for such positions is not merely less than e, it actually is zero. 


If it has no poles, then the function 


1 
f(2)-€ 
* Weierstrass, Ges. Werke, t. ii, pp. 122—124; Durége, Elemente der Theorie der Funktionen, 
p. 119; Holder, Math. Ann., t. xx, (1882), pp. 138-143; Picard, ‘‘Mémoire sur les fonctions 
entiéres,” Annales de VEcole Norm. Sup., 2™ Sér., t. ix, (1880), pp. 145—166, which, in this 
regard, should be consulted in connection with the developments in Chapter V. See also § 62. 
Picard’s proof is followed in the text. 
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is regular everywhere through the domain 
0<|z-al\<p, 


because no point in that domain is either a pole or an essential singularity. 
Accordingly, by Laurent’s theorem, it can be expanded in that domain in a 
converging series of positive and negative powers, in the form 


= Uy + (Z— A) + eos + (2 — )" Un + eseees 


z2-a reer “apt 
Choose a quantity p’ such that 0<p’<p. The series of peetne powers 
converges everywhere within and on a circle, centre a and radius p’: let S (z) 
denote its value at z The series of negative powers converges everywhere 
in the plane outside the point a; and therefore the series 


Z—-Ga (2 ay a)? eevee 


w+ 


converges everywhere outside the point a: let 7'(z) denote its value, so that 
L — 


g=S@)+: 


1 
SE-E 
Accordingly as |S(z)| is finite and |7'(z)| not zero—it may be a rapidly 
increasing quantity as |z—a| decreases—choose |z—a| so that, while not 


being zero, it gives the modulus of the right-hand side as greater than zs 


As z—a occurs in a denominator, this can be done. Then, for such a value 
of 2Z, 


Ronde 
IF) - C| <e, 


and therefore 


which proves the theorem. 


It may happen that the function attains the value C only at the essential singularity, 
where it is one of its unlimited number of values. Thus to find the zeros of the function 


Ly: red a pie ete e : 
cosec — in the vicinity of the origin, we must have sin — infinite at them; this can only 


occur when z becomes zero along the axis of imaginaries, and cannot occur for any value 
of z such that |z|>0. Such a value is called an exceptional value ; the discussion of 
exceptional values is effected by Picard in his memoir quoted. 


34. Let f(z) denote the function represented by a series of powers 
P,(z—«a), the circle of convergence of which is the domain of the ordinary 
point a of the function. The region over which the function f(z) is holo- 
morphic may extend beyond the domain of a, although the circumference 
bounding that domain is the greatest of centre a that can be drawn within 
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the region. The region evidently cannot extend beyond the domain of a in 
all directions. 


Take an ordinary point b in the domain of a. The value at b of the 
function f(z) is given by the series P, (b— a), and the values at b of all its 
derivatives are given by the derived series. All these series converge within 
the domain of a and they are therefore finite at b; and their expressions 
involve the values at a of the function and its derivatives. 


Let the domain of b be formed. The domain of b may be included in 
that of a, and then its bounding circle will touch the bounding circle of the 
domain of a internally. If the domain of b be not entirely included in that 
of a, part of it will le outside the domain of a; but it cannot include the 
whole of the domain of a unless its bounding circumference touch that of 
the domain of a externally, for otherwise it would extend beyond a in all 
directions, a result inconsistent with the construction of the domain of a. 
Hence there must be points excluded from the domain of a which are also 
excluded from the domain of 0. 


For all points z in the domain of 6, the function can be represented by 
a series, say P,(z—b), the coefficients of which are the values at b of the 
function and its derivatives. Since these values are partially dependent 
upon the corresponding values at a, the series representing the function may 
be denoted by P,(z— ), a). 

At a point z in the domain of b lying also in the domain of a, the two 
series P,(z—a) and P,(z—b, a) must furnish the same value for the 
function f(z); and therefore no new value is derived from the new series P, 
which cannot be derived from the old series P;. For all such points the new 
series is of no advantage; and hence, if the domain of 6 be included in that 
of a, the construction of the series P, (z—b, a) is superfluous. Hence in 
choosing the ordinary point b in the domain of a we choose a point, if 
possible, that will not have its domain included in that of a. 


At a point z in the domain of b, which does not lie in the domain of a, 
the series P,(z—b, a) gives a value for f(z) which cannot be given by 
P,(z--a). The new series P, then gives an additional representation of the 
function; it is called * a continuation of the series which represents the function 
in the domain of a. The derivatives of P, give the values of the derivatives 
of f(z) for points in the domain of 0. 

It thus appears that, if the whole of the domain of 6 be not included in 
that of a, the function can, by the series which is valid over the whole 
of the new domain, be continued into that part of the new domain excluded 


from the domain of a. 


* Biermann, Theorie der analytischen Functionen, p. 170, which may be consulted in 
connection with the whole of § 34; the German word is Fortsetzung. 
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Now take a point c within the region occupied by the combined domains 
of a and b; and construct the domain of c. In the new domain, the 
function can be represented by a new series, say P;(z—c¢), or, since the 
coefficients (being the values at c of the function and of its derivatives) 
involve the values at a and possibly also the values at b of the function 
and of its derivatives, the series representing the function may be denoted 
by P;(z—c, a, 6). Unless the domain of ¢ include points, which are not 
included in the combined domains of a and }, the series P; does not give 
a value of the function which cannot be given by P, or P,: we therefore 
choose ¢, if possible, so that its domain will include points not included in 
the earlier domains. At such points z in the domain of ¢ as are excluded 
from the combined domains of @ and b, the series P;(z —c, a, b) gives a value 
for f(z) which cannot be derived from P, or P,; and thus the new series 
is a continuation of the earlier series. 


Proceeding in this manner by taking successive points and constructing 
their domains, we can reach all parts of the plane connected with one 
another where the function preserves its holomorphic character; their 
combined aggregate is called* the region of continuity of the function. 
With each domain, constructed so as to include some portion of the region of 
continuity not included in the earlier domains, a series is associated, which is 
a continuation of the earlier series and, as such, gives a value of the function 
not deducible from those earlier series; and all the associated series are 
ultimately deduced from the first. 


Each of the continuations is called an Element of the function. The 
aggregate of all the distinct elements is called a monogenic analytic function : 
it is evidently the complete analytical expression of the function in its region 
of continuity. 


Let z be any point in the region of continuity, not necessarily in the 
circle of convergence of the initial element of the function; a value of the 
function at z can be obtained through the continuations of that initial 
element. In the formation of each new domain (and therefore of each new 
element) a certain amount of arbitrary choice is possible; and there may, 
moreover, be different sets of domains which, taken together in a set, each 
lead to z from the initial point. When the analytic function is uniform, as 
before defined (§ 12), the same value at z for the function is obtained, 
whatever be the set of domains. If there be two sets of elements, differently 
obtained, which give at z different values for the function, then the ana- 
lytic function is multiform, as before defined (§ 12); but not every change 
in a set of elements leads to a change in the value at z of a multiform 
function, and the analytic function is uniform within such a region of the 
plane as admits only equivalent changes of elements. 


* Weierstrass, Ges. Werke, t. ii, p. 77, 
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The whole process is reversible when the function is uniform. We can 
pass back from any point to any earlier point by the use, if necessary, of 
intermediate points. Thus, if the point a in the foregoing explanation 
be not included in the domain of b (there supposed to contribute a continu- 
ation of the first series), an intermediate point on a line, drawn in the 
region of continuity so as to join a and 6, would be taken; and so on, 
until a domain is formed which does include a. The continuation, associated 
with this domain, must give at a the proper value for the function and its 
derivatives, and therefore for the domain of a the original series P, (z — a) 
will be obtained, that is, P;(z—a) can be deduced from P,(z— 6, a) the 
series in the domain of 6. This result is general, so that any one of the 
continuations of a uniform function, represented by a power-series, can be 
deduced from any other; and therefore the expression of such a function in 
its region of continuity is potentially given by one element, for all the 
distinct elements can be deduced from any one element. 


35. It has been assumed that the property, characteristic of some of the 
functions adduced as examples, of possessing either accidental or essential 
singularities, is characteristic of all functions; it will be proved (§ 40) to hold 
for every uniform function which is not a mere constant. 


The singularities limit the region of continuity; for each of the separate 
domains is, from its construction, limited by the nearest singularity, and the 
combined aggregate of the domains constitutes the region of continuity when 
they form a continuous space*, Hence the complete boundary of the region 
of continuity is the aggregate of the singularities of the function Tt. 


It may happen that a function has no singularity except at infinity; the 
region of continuity then extends over the whole finite part of the plane but 
it does not include the point at infinity. 

It follows from the foregoing explanations that, in order to know a 
uniform analytic function, it is necessary to know some element of the 
function, which has been shewn to be potentially sufficient for the derivation 
of the full expression of the function and for the construction of its region of 
continuity. 

In some recent investigationst, Mittag-Leffler has indicated another 
method of representing a uniform function, Let a be an ordinary point of 


* Cases occur in which the region of continuity of a function is composed of isolated spaces, 
each continuous in itself, but not continuous into one another. The consideration of such cases 
will be dealt with briefly hereafter, and they are assumed excluded for the present: meanwhile, 
it is sufficient to note that each continuous space could be deduced from an element belonging to 
gome domain of that space and that a new element would be needed for a new space. 

+ See Weierstrass, Ges. Werke, t. ii, pp. 77—79; Mittag-Leffler, ‘Sur la représentation analy- 
tique des fonctions monogénes uniformes d’une variable indépendante,” Acta Math., t. iv, (1884), 
pp. 1 et seq., especially ppad==s. 

+ Exact references are given at the beginning of Chapter VII. 
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the function, and let a line, terminated at a, rotate round it. In the vicinity 
of a, let the element of the function be denoted by P(z—a); and imagine 
the continuation of this element to be effected along the vector as far as 
possible. It may happen that the continuation can be effected to infinity 
along the vector; if not, there is some point a’ on the vector beyond which 
the continuation is impossible. In the latter case, the part of the vector* 
from a’ to infinity is excluded from the range of variation of the variable. 
Let this be done for every position of the vector; then the part of the plane, 
which remains after these various ranges have been excluded, gives a star- 
shaped figure, which is a region of continuity of the uniform function of 
which P(z-a) is the initial element. The function manifestly can be 
continued over the whole of this star, by means of appropriate elements; but 
there is no indication as to the necessary number of elements. Instead of 
using the elements to express the function, Mittag-Leffler constructs a single 
expression, which is the valid representation of the function over the whole 
star; the expression is an infinite series of polynomials, and not merely a 
power-series. 


Again, an element representing a function is effective only within its own 
circle of convergence, while it may be known that the function is holomorphic 
over some closed domain which touches the circle of convergence externally. 
The process of continuation would make it possible to obtain the analytical 
representation over the whole domain by means of appropriate elements: 
but again there is no indication as to the necessary number of elements. 
Painlevé+ has shewn how to construct a single expression, which is the valid 
representation of the function over the whole domain; this expression also i iS 
an infinite series of polynomials, and not merely a power-series. 


For the establishment of these results, we refer to the memoirs quoted. 


36. The method of continuation of a function, by means of successive 
elements, is quite general; there is one particular continuation, which is 
important in investigations on conformal representation. It is contained in 
the following proposition, due to Schwarzt:— 


If an analytic function w of z be defined only for a region S’ in the 
posite half of the z-plane, and if continuous real values of w correspond to 
continuous real values of z, then w can be continued across the axis of real 
quantities. 


* In effect, this is a section, in the sense used in § 103. 
+ Comptes Rendus, t. cxxvi, (1898), pp. 320, 321; see also the references to Painlevé in 
Chapter VII. 


t Crelle, t. 1xx, (1869), pp. 106, 107, and Ges. Math, Abh., t.ii, pp. 66—68, See also Darboux, 
Théorie générale des surfaces, t. i, § 130, 
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Consider a region S”, symmetrical with S’ relative to the axis of real 
quantities (fig’ 12). Then a function is 
defined for the region S” by associating 
a value w, the conjugate of w, with 2, 
the conjugate of z. 


Let the two regions be combined 4 @ - 
along the portion of the axis of « which s" 
is their common boundary; they then ate D 
form a single region S’+ 8”. Fig. 19. 


Consider the integrals 


il 
i meus dz and sal atin 
i S 


Qari z—€ Qa ” By —€ 


taken round the boundaries of S’ and of S” respectively. Since w is 
continuous over the whole area of 8’ as well as along its boundary, and 
likewise w, relative to 8”, it follows that, if the point € be in 8’, the value of 
the first integral is w(¢) and that of the second is zero; while, if £ be in S”, 
the value of the first integral is zero and that of the second is w,(f). Hence 
the sum of the two integrals represents a unique function of a point in either 
S’ or S”. But the value of the first integral is 


LS ORNs il ioe 
QriJpe2—C Amis, w2—C ’ 
the first being taken along the curve BCA and the second along the axis 
AxB; and the value of the second integral is 
1 (4w, (2) dat Ea ys [o Wy AZ 


Qa B a—€ Qart ete. 


the first being taken along the axis BxA and the second along the curve 
ADB. But 
Wy (£2) = w (a), v 

because conjugate values w and w, correspond to conjugate values of the 
argument by definition of w,, and because w (and therefore also w,) is real 
and continuous when the argument is real and continuous. Hence when the 
sum of the four integrals is taken, the two: integrals corresponding to the 
two descriptions of the axis of # cancel; we have as the sum 

1 (4 wdz 1 f2 w,dz 

Qari pee g a a oe 
and this sum represents a unique function of a point in 8S’+ 8”. These two 


integrals, taken together, are 
1 | w dz 
Wij z2—C’ 


Or 
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taken round the whole contour of 8’+ 8”, where w’ is equal to w(€) in the 
positive half of the plane and to w, (€) in the negative half. 


For all points ¢ in the whole region S’+ 8”, this integral represents a 
_ single uniform, finite, continuous function of €; its value is w(f) in the 
positive half of the plane and is w,(€) in the negative half; and therefore 
w,(€) is the continuation, into the negative half of the plane, of the function 
which is defined by w(€) for the positive half. 


For a point c on the axis of 2, we have 
w(z)—w(c)=A (2-0) + B(z—cP+C(z—-cP+...; 
and all the coefficients A, B, C,... are real. If, in addition, w be such 
a function of z that the inverse functional relation makes z a uniform 
analytic function of w, it is easy to see that A must not vanish, so that the 
functional relation may be expressed in the form 


w(z)—w(c)=(z—c) P (2-0), 


where P(z—c) does not vanish when z=c. 


CHAPTER IV. 


GENERAL PROPERTIES OF UNIFORM FUNCTIONS, PARTICULARLY OF THOSE 
WITHOUT ESSENTIAL SINGULARITIES. 


37. In the derivation of the general properties of functions, which will be 
deduced in the present and the next three chapters from the results already 
obtained, it is to be supposed, in the absence of any express statement to 
other effect, that the functions are uniform, monogenic and, except at either 
accidental or essential singularities, continuous*. 


THEOREM I. A function, which is constant throughout any region of the 
plane however small, or which ws constant along any line however short, is 
constant throughout its region of continuity. 

For the first part of the theorem, we take any point a in the region of the 
plane where the function is constant, and we draw a circle of centre a and 
of any radius, provided only that the circle remains within the region of 
continuity of the function. At any point z within this circle we have 


F=f (a) + (ea) f(a) + ES f(a) +... 


a converging series the coefficients of which are the values of the function 
and its derivatives at a. Let a point a+ 6a be taken in the region; then 


Meee ee ies (a) 


which is zero because f(a + 6a) is the same constant as f(a): so that the 
first derivative is zero at a. Similarly, all the derivatives can be shewn to 
be zero at a; hence the above series after its first term is evanescent, 


and we have 
S@) =f), 
that is, the function preserves its constant value throughout its region of 
continuity. 
The second result follows in the same way, when once the derivatives are 
proved zero. Since the function is monogenic, the value of the first and 


* Tt will be assumed, as in § 35 (note, p. 63), that the region of continuity consists of a single 
space; functions, with regions of continuity consisting of a number of separated spaces, will be 


discussed in Chap. VII. 
5—2 
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of each of the successive derivatives will be obtained, if we make the 
differential element of the independent variable vanish along the line. 


Now, if a@ be a point on the line and a + a a consecutive point, we have 
f(at+8a)= f(a); hence f’(a) is zero. Similarly the first derivative at any 
other point on the line is zero. Therefore we have f’(a + 6a) =/" (a), for 
each has just been proved to be zero: hence f” (a) is zero; and similarly the 
value of the second derivative at any other point on the line is zero. So on 
for all the derivatives: the value of each of them at a is zero. 


Using the same expansion as before and inserting again the zero values 
of all the derivatives at a, we find that 


J (2) =f (a), 
so that under the assigned condition the function preserves its constant value 
throughout its region of continuity. 


It should be noted that, if in the first case the area and in the second the 
line reduce to a point, then consecutive points cannot be taken; the values. 
at a of the derivatives cannot be proved to be zero and the theorem cannot 
then be inferred. 


Corottary I. Jf two functions have the same value over any area of 
their common region of continuity however small or along any line in that 
region however short, then they have the swme values at all points in their 
common region of continuity. 


This is at once evident: for their difference is zero over that area or along 
that line and therefore, by the preceding theorem, their difference has a 
constant zero value, that is, the functions have the same values, everywhere 
in their common region of continuity. 


But two functions can have the same values at a succession of isolated 
points, without having the same values everywhere in their common region 
of continuity; in such a case the theorem does not apply, the reason being 
that the fundamental condition of equality over a continuous area or along 
a continuous line is not satisfied. 


Corouuary II. A function cannot be zero over any area of its region 
of continuity however small, or along any line in that region however short, 
without being zero everywhere in its region of continuity. 

This corollary is deduced in the same manner as that which precedes. 


If, then, there be a function which is evidently not zero everywhere, we 
conclude that zs zeros are isolated points though such points may be multiple 


Zeros. 
Further, in any finite area of the region of continuity of a function that is 
subject to variation, there can be at most only a finite number of its zeros, when 
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no point of the boundary of the area is an essential singularity. For if there 
were an infinite number of such points in any such region, there must be a 
cluster in at least one area or a succession along at least one line, infinite in 
number. Either they must then constitute a continuous area or a continuous 
line where the function is everywhere zero: which would require that the 
function should be zero everywhere in its region of continuity, a condition 
excluded by the hypothesis. Or they must be so close to some point, say ¢, 
such that the function has an unlimited number of zeros within a region : 


|z-c¢|<e, 


where e can be made as small as we please: and so for non-zero values of the 
function. After the general properties which have been established, and 
the proposition of § 33, it is clear that c¢ is an essential singularity of the 
function, contrary to the hypothesis as to the region of continuity of the 
function. 


It immediately follows that the points within a region of continuity, 
at which a function assumes any the same value, are isolated points; and 
that only a finite number of such points occur in any finite area. 


38. THEOREM II. The multiplicity m of any zero a of a function is 
finite provided the zero be an ordinary point of the function, which is not zero 
throughout its region of continuity ; and the function can be expressed wn the 
form 

(z—a)” $ (2), 


where b(z) is holomorphic in the vicinity of a, and a rs not a zero of > (2). 


Let f(z) denote the function; since a is a zero, we have f(a)=0. 
Suppose that f’(a), f” (a), ....+ vanish : in the succession of the derivatives 
of f, one of finite order must be reached which does not have a zero value. 
Otherwise, if all vanish, then the function and all its derivatives vanish at a; 
the expansion of f(z) in powers of z—a leads to zero as the value of f(z), 
that is, the function is everywhere zero in the region of continuity, if all the 
derivatives vanish at a. 


Let, then, the mth derivative be the first in the natural succession which 
does not vanish at a, so that m is finite. Using Cauchy’s expansion, we have 


~ m = m+1 
f(z) aE (Z =e jf @ (a) a nit (m-+1) (a) dey so. 


a (z 3 ay” p (z), 


where $(z) is a function that does not vanish with a and, being the quotient 
of a converging series by a monomial factor, 1s holomorphic in the immediate 


vicinity of a. 
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Corotary I. J f infinity be a zero of a function of multiplicity m and 
at the sume time be an ordinary point of the function, then the function can be 


expressed in the form 
Se 
Bei 


where (=) is a function that is continuous and non-evanescent for infinitely 


large values of z. 


The result can be derived from the expansion in § 30 in the same way as 
the foregoing theorem from Cauchy’s expansion. 


Corotiary II. The number of zeros of a function, account being taken of 
their multiplicity, which occur within a finite area of the region of continuity 
of the function, is finite, when no point of the boundary of the area is an 
essential singularity. 


By Corollary II. of § 37, the number of distinct zeros in the limited area 
is finite, and, by the foregoing theorem, the multiplicity of each is finite ; 
hence, when account is taken of their respective multiplicities, the total 
number of zeros is still finite. 


The result is, of course, a known result for a polynomial in the variables ; 
but the functions in the enunciation are not restricted to be of the type of 
polynomials. 


Note. It is important to notice, both for the Theorem and for Corollary I., 
that the zero is an ordinary point of the function under consideration; the 
implication therefore is that the zero is a definite zero and that in the 
immediate vicinity of the point the function can be represented in the form 


ac fall : 
P(z-—a) or P (5) , the function P(a—a) or P (=) being always a definite 
zero, 


Instances do occur for which this condition is not satisfied. The point 
may not be an ordinary point, and the zero value may be an indeterminate 
zero; or zero may be only one of a set of distinct values though everywhere 
in the vicinity the function is regular. Thus the analysis of § 13 shews that 


: : : i 
z=a 1s a point where the function sn rats has any number of zero values and 
—a 


any number of infinite values, and there is no indication that there are not 
also other values at the point. In such a case the preceding proposition does 
not apply; there may be no limit to the order of multiplicity of the zero, and 
we certainly cannot infer that any finite integer m can be obtained such that 


(2—ay™ > (2) 


is finite at the point. Such a point is (§§ 32, 33) an essential singularity of 
the function. 
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39. THrorEM III. A multiple zero of a function is a zero of its 
derivative; and the multypliorty for the derivative is less or is greater by 
unity according as the zero is not or is at infinity. 


If a be a point in the finite part of the plane which is a zero of f(z) 
of multiplicity n, we have 


J (2) = (2 — a)" $ (2), 
and therefore J’ (2) = (2 — a)" {ng (Z) + (2 — a) $’ (2)}. 


The coefficient of (z— a)” is holomorphic in the immediate vicinity of a and 
does not vanish for a; hence a is a zero for f’(z) of decreased multiplicity 
7 — 1, 


If z= bea zero of f(z) of multiplicity 7, then 
i 
fe=-" (5), 


where ¢ (=) is holomorphic for very large values of z and does not vanish at 


infinity. Therefore 


ponnreng()-en¥ () 


~~ fon )-Le Oh 


The coefficient of z~”— is holomorphic for very large values of z, and does 
not vanish at infinity; hence z= is a zero of f’ (z) of increased multiplicity 
r+. 


Corollary I. If.a function be finite at infinity, then z= is a zero of the 
first derivative of multiplicity at least two. 


Corollary IIT. Ifa be a finite zero of f(z) of multiplicity n, we have 


VO.» .¢@ 
Fe) 2-4" $2)" 


Now a is not a zero of (2); and therefore e a Ds is finite, continuous, uniform 


(2) 


and monogenic in the immediate vicinity : a. Hence, taking the integral 
of both members of the equation round a circle of centre a and of radius 
so small as to include no infinity and no zero, other than a, of f(z)—and 
therefore no zero of ¢ (z)—we have, by § 17 and Ex. 2, § 25, 


Wares, 
mle 
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40. TurorEM IV. A function must have an infinite value for some finite 
or infinite value of the variable. 


If M be a finite maximum value of the modulus for points in the plane, 


then (§ 22) we have 
n! M 


ge ? 


IF (a) < 


where r is the radius of an arbitrary circle of centre a, provided the whole of 
the circle is in the region of continuity of the function. But as the function 
is uniform, monogenic, finite and continuous everywhere, this radius can be 
increased indefinitely ; when this increase takes place, the limit of 


F(a) | 


is zero, and therefore 7 (a) vanishes. This is true for all the indices 1, 2,... 
of the derivatives. 


Now the function can be represented at any point z in the vicinity of a 
by the series 


F(a) +(e-a)f' (+ ES pra) +... 


which degenerates, under the present hypothesis, to f(a), so that the function 
is everywhere constant. Hence, if a function has not an infinity somewhere 
in the plane, it must be a constant. 


The given function is not a constant; and therefore there is no finite 
limit to the maximum value of its modulus, that is, the function acquires 
an infinite value somewhere in the plane. 


CoroLLary I. A function must have a zero value for some finite or 
infinite value of the variable. 


For the reciprocal of a uniform monogenic analytic function is itself a 
uniform monogenic analytic function; and the foregoing proposition shews 
that this reciprocal must have an infinite value for some value of the 
variable, which therefore is a zero of the function. 


CoroLLARY II. A function must assume any assigned value at least once. 


Corouuary III. Hvery function which is not a mere constant must have 
at least one singularity, either accidental or essential. For it must have 
an infinite value: if this be a determinate infinity, the point is an accidental 
singularity (§ 32); if it be an infinity among a set of values at the point, the 
point is an essential singularity (§§ 32, 33). 


41. Among the infinities of a function, the simplest class is that con- 
stituted by its accidental singularities, already defined (§ 32) by the property 
that, in the immediate vicinity of such a point, the reciprocal of the function 
is regular, the point being an ordinary (zero) point for that reciprocal. 
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THEOREM V. A function, which has a point c for an accidental singularity, 
can be expressed in the form 


(2—c)™ (2), 


where n is a fimte positive integer and $(z) is a continuous function in the 
vicinity of c. 


Since ¢ is an accidental singularity of the function f(z), the function FO) - ) 


is regular in the vicinity of ¢ and is zero there (§ 32). Hence, by § 38, there 
is a finite limit to the multiplicity of the zero, say x (which is a positive 
integer), and we have 


1 
iG ee x (2), 


where y(z) is uniform, monogenic and continuous in the vicinity of ¢ and is 
not zero there. The reciprocal of y (z), say ¢ (z), is also uniform, monogenic 
and continuous in the vicinity of ¢, which is an ordinary point for ¢(z); 


hence we have 
S@=2-ey" $), 
which proves the theorem. 
The finite positive integer n measures the multiplicity of the accidental 


singularity at c, which is sometimes said to be of multiplicity n or of 
order n. 


Another analytical expression for f(z) can be derived from that which 
has just been obtained. Since c is an ordinary point for ¢(z) and not a zero, 
this function can be expanded in a series of ascending, positive, integral 
powers of z—c, converging in the vicinity of c, in the form 


$(z)=P(@—¢) 
= Uy + (Z—C) +... + Una (4 — 6)" 1 + Un (2 — 6)" + 
=U + U,(Z—C)+... + Uns (2 —c)" + (4 —¢)" Q(z —0), 


where (z—c), a series of positive, integral, powers of z—c converging in the 
vicinity of c, is a monogenic analytic function of z. Hence we have 


+o 


T@)= e =r + Ga os +... aa Q (2-0), 


the indicated expression for f(z), valid in the immediate vicinity of c, where 
Q(z —c) is uniform, finite, continuous and monogenic. 


CoroLLaRy. A function, which has z= for an accidental singularity of 
multiplicity n, can be expressed in the form 


v() 
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Ve ; ‘ . 
where > (=) is a continuous function for very large values of |z|, and is not 


zero when z=. It can also be expressed in the form 
1 
2” +a,27 31+ as -F An-1 a+ a(=) > 


Leki ; : 2 ; 
where Q (=) is uniform, finite, continuous and monogenic for very large values 


of |z|. 

The derivation of the form of the function in the vicinity of an accidental 
singularity has been made to depend upon the form of the reciprocal of the 
function. Whatever be the (finite) order of that point as a zero of the 
reciprocal, it is assumed that other zeros of the reciprocal are not at merely 
infinitesimal distances from the point, that is, that other infinities of the 
function are not at merely infinitesimal distances from the point. 

Hence the accidental singularities of a function are isolated points; and 
there is only a finite number of them in any limited portion of the plane. 


42. We can deduce a criterion which determines whether a given 
singularity of a function f(z) is accidental or essential. 

When the point is in the finite part of the plane, say at c, and a finite 
positive integer n can be found such that 

(2 —¢)" f(z) 

is not infinite at c, then c is an accidental singularity. 

When the point is at infinity and a finite positive integer n can be found 
such that 

on f(2) 


is not infinite when z= 0, then z= 0 is an accidental singularity. 

If the condition be not satisfied m the respective cases, the singularity 
at the point is essential. But it must not be assumed that the failure of the 
limitation to finiteness in the multiplicity of the accidental singularity is 
the only source or the complete cause of essential singularity. 

Since the association of a single factor with the function is effective in 
preventing an infinite value at the poimt when the condition is satisfied, 
it is justifiable to regard the discontinuity of the function at the point 
as not essential, and to call the singularity either non-essential or accidental 
(§ 32). 

43. THroremM VI. The poles of a function, that lie in the finite part 
of the plane, are all the poles (of increased multiplicity) of the derivatives of 
the function that lie in the finite part of the plane. 

Let ¢ be a pole of the function f(z) of multiplicity p: then, for any point 


z in the vicinity of c, 
I (2) = (2— ey? $ (2), 
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where ¢$(z) is holomorphic in the vicinity of c, and does not vanish for z=. 


Then we have 
SG) =@— cy? (2) — p (2-0)? + (2) 
= (z— cy? {(z—c) $' (2) — pp (2)} 
ee) Xe), 
where x (2) is holomorphic in the vicinity of c, and does not vanish for z=c. 

Hence ¢ is a pole of f’(z) of multiplicity p +1. Similarly it can be shewn 
to be a pole of f(z) of multiplicity p +7. 

This proves that all the poles of f(z) in the finite part of the plane are 
poles of its derivatives. It remains to prove that a derivative cannot have 
a pole which the original function does not also possess. 

Let a be a pole of f’(z) of multiplicity m: then, in the vicinity of a, 
J’ (2) can be expressed in the form 

(2 — a)" (2), 
where y(z) is holomorphic in the vicinity of a and does not vanish for z =a. 
Thus 
VA=Vlat+e-aw at. 
and therefore aC = 1) LG, gk) eas; 


( ee ay” —a)jm 


so that, integrating, we have 


cata (a) x ay’ (a) if 
Sieve (m—1)(¢-—a)™ (m—2)(2-—aym= 7” 


that is, a is a pole of f(z). 


An apparent exception occurs in the case when m is unity: for then 


we have 
£@ =F ry @+ stv or. 
the integral of which leads to 
f (2) = (a) log (2-4) + «.-, 
so that f(z) is no longer uniform, contrary to hypothesis. Hence a derivative 
cannot have a simple pole in the finite part of the plane; and so the exception 
is excluded. 
The theorem is thus proved. 
CoroLuaRy I. The r™ derivative of a function cannot have a pole in the 
finite part of the plane of multiplicity less than r+ 1. 
Corotuary Il. If c be a pole of f(z) of any order of multiplicity yu, and 
of f' (2) be expressed in the form 
Ay Ay 
Gop * Gop 


there are no terms in this expression with the indices — 1, — 2, ...... Jon. 
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Corotuary III. Ifc be a pole of f(z) of multiplicity p, we have 
f)_ =P, ¥@ 
SF) 2-0e° $6)’ 
where $(z) isa holomorphic function that does not vanish for z= c, so that 


$ (2). 
$ (2) 
J’) 
J (2) 


other poles or zeros of the function f(z), we have 


Sige ee 
sae Tone oe 
CoroLLaRy IV. If a simple closed curve include a number JV of zeros 


of a uniform function f(z) and a number P of its poles, in both of which 
numbers account is taken of possible multiplicity, and if the curve contain 


is a holomorphic function in the vicinity of c. Taking the integral of 


round a circle, with ¢ for centre, with radius so small as to exclude all 


no essential singularity of the function, then 


f' (2) 
mil des ree 


the integral being taken round the curve. 
f'@ 
f@) 
and the poles of f(z). Round each of these draw a circle of radius so small 
as to include it but no other infinity; then, by Cor. II. § 18, the integral 
round the closed curve is the sum of the values when taken round these 
circles. By the Corollary II. § 39 and by the preceding Corollary III., the 
sum of these values is 


The only infinities of the function within the curve are the zeros 


= 3n — Zp 
= N — P. 
It is easy to infer the known theorem that the number of roots of a 
polynomial of order m is n, as well as the further result that 2a(N— JP) 
is the variation of the argument of f(z), when z describes the closed curve 
in a positive sense. 
Ex. Prove that, if #’(z) be holomorphic over an area of simple contour, which con- 


tains roots a1, dy,... of multiplicity m,, m,... and poles ¢,, ¢,,... of multiplicity p,, po,... 
respectively of a function f(z) which has no other singularities within the contour, then 


een =; | Ole dem 5 > mm, (a,) — te eBele (Gy 5 


the integral being taken round ‘ie contour. 


In particular, if the contour contains a single simple root @ and no singularity, then that 


root is given by 
eee ce @) dz, 
Qrr F() 


the integral being taken as before. (Laurent.) 
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44. THroreM VII. . If infinity be a pole of f(z), it is also a pole of 
J’ (2) only when it is a multiple pole of f (2). 


Let the multiplicity of the pole for f(z) be n; then for very large values 
of z we have 


fey==$(=), 


where ¢ is holomorphic for very large values of z and does not vanish at 


infinity ; hence 
piome(a(t) Le 


The coefficient of z”~ is holomorphic for very large values of z and does not 
vanish at infinity ; hence infinity is a pole of f’(z) of multiplicity n — 1. 

If n be unity, so that infinity is a simple pole of f(z), then it is not a 
pole of f’(z); the derivative is then finite at infinity. 

45. THEoREM VIII. A function, which has no singularity in a finite 
part of the plane, and has z= for a pole, is a polynomial in z. 


Let n, necessarily a finite integer, be the order of multiplicity of the pole 
at infinity: then the function f(z) can be expressed in the form 


1 
Oy gO Oh a SE Sobor + One + Q (=) ? 


where Q (2) is a holomorphic function for very large values of 2, and is finite 


(or zero) when 2 is infinite. 

Now the first n terms of the series constitute a function which has no 
singularities in the finite part of the plane: and f(z) has no singularities 
in that part of the plane. Hence Q (=) has no singularities in the finite part 
of the plane : it is finite for infinite values of z. It thus can never have an 
infinite value: and it is therefore merely a constant, say d,. Then 

SF (2) = U2" + 277 + oe + Ayn 12+ An, 
a polynomial of degree equal to the multiplicity of the pole at infinity, 
supposed to be the only pole of the function. 

46. The above result may be obtained in the following manner. 


Since z= 0 isa pole of multiplicity n, the limit of z”/(z) is not infinite 
when z=. 
Now in any finite part of the plane the function is everywhere finite, so 


that we can use the expansion 


F(2) =F 0) + af! O) + eee $5 f(0) + B, 
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pEce f(t) dt 


Drip hte 


where 


the integral being taken round a circle of any radius r enclosing the point z 
and having its centre at the origin. As the subject of integration is finite 
everywhere along the circumference, we have, by Darboux’s expression in 
(IV.) § 15, 
+1 
R —=xrr 4 JAG) 


mtse—zg 


2 


where 7 is some point on the circumference and 2) is a quantity of modulus 
not greater than unity. 


Let += re'*; then 


R= » gut e72at F(t) 1 
r a = od e7at 
iG 


) 


By definition, the limit of L(t) as rt (and therefore 7) becomes infinitely 
Tt 
: : ; 3 oa Zz Nets. : 
large is not infinite; in the same case, the limit of (1 —< «') is unity. 
Since || is not greater than unity, the limit of \/r in the same case is zero; 
hence with indefinite increase of 7, the limit of R is zero, and so 


/ gn n 
FC) =F (0) + Af (O) + voree +2 fO(0), 
shewing as before that f(z) is a polynomial in z. 


47. As the quantity n is necessarily a positive integer*, there are two 
distinct classes of functions discriminated by the magnitude of n. 


The first (and the simpler) is that for which n has a finite value. The 
polynomial then contains only a finite number of terms, each with a positive 
integral index ; and the polynomial is then a rational integral function of z, 
of degree n. 


The second (and the more extensive, as significant functions) is that 
for which n has an infinite value. The point z= is not a pole, for then 
the function does not satisfy the test of § 42: it is an essential singularity 
of the function, which is expansible in an infinite converging series 
of positive integral powers. To functions of this class the general term 
transcendental is applied. 


The number of zeros of a function of the former class is known: it is 
equal to the degree of the function. It has been proved that the zeros of a 
transcendental function are isolated points, occurring necessarily in finite 


* It is unnecessary to consider the zero value of n, for the function is then a polynomial of 
order zero, that is, it is a constant. 
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number in any finite part of the region of continuity of the function, no 
point on the boundary of the part being an essential singularity; but no 
test has been assigned for the determination of the total number of zeros of 
a function in an infinite part of the region of continuity*. 


Again, when the zeros of a polynomial are given, a product-expression can 
at once be obtained that will represent its analytical value. Also we know 
that, if a be a zero of any uniform analytic function of multiplicity n, the 
function can be represented in the vicinity of a by the expression 


(w — a)” $ (2), 

where $(z) is holomorphic in the vicinity of a. The other zeros of the 
function are zeros of $(z); this process of modification in the expression 
can be continued for successive zeros so long as the number of zeros taken 
account of is limited. But when the number of zeros is unlimited, then the 
inferred product-expression for the original function is not necessarily a 
converging product; and thus the question of the formal factorisation of a 
transcendental function arises. 


48. TurorEM IX. A function, all the singularities of which are accid- 
ental, is a rational meromorphic function. 


Since all the singularities are accidental, each must be of finite 
multiplicity ; and therefore infinity, if an accidental singularity, is of finite 
multiplicity. All the other poles are in the finite part of the plane; they 
are isolated points and therefore only finite in number, so that the total 
number of distinct poles is finite and each is of finite order. Let them be 


Cae sO Ol OTUCTS DL 11), sees , m, respectively: let m be the order of 
the pole at infinity: and let the poles be arranged in the sequence of 
decreasing moduli such that |a,|>|a4|>....-. Pane 


Then, since infinity is a pole of order m, we have 
JAE) = Wi Op io no waiee + a2+4+fo(2), 
where f,(z) is not infinite for infinite values of z. Now the polynomial 


ae . . . 

Ya,z' is not infinite for any finite value of z; hence /,(z) is infinite for all 
i=1 

the finite infinities of f(z) and in the same way, that is, the function f, (2) 
HAS Wipro ce , a, for its poles and it has no other singularities. 


Again, since a, is a finite pole of multiplicity m,, we have 


On b, 
oe eel eS 
fo (2) = Goa, “kets ae Op + fi(2), 


* Tn connection with the zeros of a transcendental function, as expressed in a Taylor’s series, 
a paper by Hadamard, Liouville, 4m° Sér., t. viii, (1892), pp. 101—186, may be consulted with 
advantage. 
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where f,(z) is not infinite for z=a, and, as f,(z) is not infinite forz=0, 
evidently f,(z) is not infinite for z= 0. Hence the singularities of 7,(z) are 
merely the poles a, ...... , @,1; and these are all its singularities. 


Proceeding in this manner for the singularities in succession, we ultimately 
reach a function f,(z) which has only one pole a, and no other singularity, 
so that 


he, 
Z£- 


Kins 
LEO = oan crocs 4P rah 
where g(z) is not infinite forz=a,. But the function f,(z) is infinite only 
for z = a,, and therefore g(z) has no infinity. Hence g (z) is only a constant, 
say k,: thus 

9 (2) =. 

Combining all these results we have a finite number of series to add together: 
and the result is that 


2 92 (2) 
TONSA 


92 (2) 
9s (2) 
finite number of fractions. Evidently g,(z) is the product 


where g,(2) 1s the series ky + ajz+...... + m2”, and is the sum of the 


and g,(z) is at most of degree 
M, + My + ..... +m —1. 
If F(z) denote g, (2) 93(2) + 92(2), the form of f(z) is 


PF) 
93 (2)’ 


that is, f(z) is a rational meromorphic function. 


It is evident that, when the function is thus expressed as a rational 
fraction, the degree of F(z) is the sum of the multiplicities of all the poles 
when infinity is a pole. 

CorotLary I. A function, all the singularities of which are accidental, 
has as many zeros as it has accidental singularities in the plane. 


If z= be a pole, then it follows that, because f(z) can be expressed 
in the form 


F (2) 
9s (2)° 


it has as many zeros as F’(z), unless one such should be also a zero of g, (z). 
But the zeros of g;(z) are known, and no one of them is a zero of F(z), on 
account of the form of f(z) when it is expressed in partial fractions. Hence 
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the number of zeros of f(z) is equal to the degree of F(z), that is, it is equal 
to the number of poles of f(z). 

If z= be not a pole, two cases are possible ; (i) the function J (2) may be 
finite for z= 00, or (ii) it may be zero for z=. In the former case, the 
number of zeros is, as before, equal to the degree of F(z), that is, it is equal 
to the number of infinities. 

In the latter case, if the degree of the numerator F(z) be « less than 
that of the denominator g;(z), then z= 0 is a zero of multiplicity x; and it 
follows that the number of zeros is equal to the degree of the numerator 
together with «, so that their number is the same as the number of accidental 
singularities. 


Corotuary II. At the beginning of the proof of the theorem of the 
present section, it is proved that a function, all the singularities of which are 
accidental, has only a finite number of such singularities, 

Hence, by the preceding Corollary, such a function can have only a finite 
number of zeros. 

If, therefore, the number of zeros of a function be infinite, the function 
must have at least one essential singularity. 

CoroLuarY III. When a uniform function has no essential singularity, 
if the (finite) number of its poles, say ¢,..., Cm; be m, no one of them being 
at z= 0, and if the number of its zeros, say @,..., Gm, be also m, no one of 
them being at z = «, then the function is 


fi (=), 
r=1\¥ — Cr 
except possibly as to a constant factor. 


When z=oo is a zero of order n, so that the function has m—~n zeros, say 
Q;, M,+.., in the finite part of the plane, the form of the function is 


m-% 
II (z—a,) 
r=1 é 


? 


m 
II (z-¢,) 
r=1 
and, when z= 00 is a pole of order p, so that the function has m—p poles, 
Say C1, Co, --., mm the finite part of the plane, the form of the function 1s 
m 
II (¢-a,) 
r=1 
ie) ae 
II (¢-—¢;,) 


Corottary IV. All the singularities of rational meromorphic functions 


are accidental. 
F, 


6 


CHAPTERS: 
TRANSCENDENTAL INTEGRAL FUNCTIONS. 


49. WE now proceed to consider the properties of uniform functions 
which have essential singularities. 


The simplest instance of the occurrence of such a function has already 
been referred to in § 42; the function has no singularity except at z=, 
and that value is an essential singularity solely through the failure of the 
limitation to finiteness that would render the singularity accidental. The 
function is then an integral function of transcendental character; and it is 
analytically represented (§ 26) by G (z), an infinite series in positive powers of 
z, which converges everywhere in the finite part of the plane and acquires 
an infinite value at infinity alone. 


The preceding investigations shew that uniform functions, all the singu- 
larities of which are accidental, are rational functions of the variable—their 
character being completely determined by their uniformity and the accidental 
nature of their singularities, and that among such functions having the same 
accidental singularities the discrimination is made, save as to a constant 
factor, by means of their zeros. 


Hence the zeros and the accidental singularities of a rational function 
determine, save as to a constant factor, an expression of the function which 
is valid for the whole plane. A question therefore arises how far the zeros 
and the singularities of a transcendental function determine the analytical 
expression of the function for the whole plane. 


We have to deal with converging products ; it is therefore convenient to state, as for 
converging series, the definitions of the terms used. For proofs of the statements, 
developments, and applications, as well as the various tests of convergence, the references 
which were given at the beginning of Chapter II. may be consulted. 

When a series of quantities 

Uy, Ugy Ug, ... ad inf, 
is given, the infinite product 


il (1+4,) 
3s=0 
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is said to converge when the limit of 1,, where 
n 
II, = I (1 +s), 
s=0 


as m increases indefinitely, is a unique finite quantity P different from zero. (The last 
condition, that P should not be zero, is omitted by some writers: as our products arise 
through quantities involving z and do not vanish for every value of z, no difficulty 
is caused. See also Pringsheim, Math. Ann., t. xxxiii, p. 125.) When, in the same 
circumstances, the limit of 1, either is infinite, or is zero, or if finite is not unique 
(that is, may be one of several quantities), the infinite product is said to diverge. 


The necessary and sufticient conditions that the product should converge are : that IL, 
is finite and different from zero, however large may be; and that, corresponding to 
every finite positive quantity « taken as small as we please, an integer m can be found 


such that 
| i, he on 1 


<€, 


nr 


for all integers 7 such that n >m and for every integer 7. 


When the product 


converges, the product 


also converges ; and it is said to converge absolutely. In an absolutely converging product, 
the factors may be arranged in any order without affecting the convergence or the value 
of the product. The convergence is sometimes called unconditional. The necessary and 
sufficient condition for the absolute convergence of the product is that the series 


Mie, Whey Wipes 
should converge absolutely. 


2) 
When the series 1%, %, Us, +». does not converge absolutely, while the product II (1+ ~,) 
s=0 


converges, the convergence of the infinite product is called conditional. The tests differ 
according as the quantities w are real or complex: we shall not be concerned with 
conditionally converging infinite products. 

The instances, which we shall have to consider, are those where the quantities wu 
depend upon a variable (complex) quantity z. The convergence is required as z varies, the 
quantities w being regular functions throughout the region in which z varies. When any 
small quantity 6 has been chosen, and a positive integer m can be determined, such 
that 

| aie 1 | <4, 
for every value of n>, for all positive integers 7, and for all values of z within the 
region, the convergence of the infinite product is said to be wnzform within the region. 

Convergence of an infinite product may be uniform without being unconditional ; 
it may be unconditional without being uniform. 

When an infinite product converges uniformly and unconditionally within a given 
region, then every partial product, which is formed by taking any number of factors 
in the original product, also converges uniformly and unconditionally within that region. 

When an infinite product converges uniformly and unconditionally within a region, 
the series constituted by the logarithms of the factors (that is, taking the principal 


6—2 
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logarithms, whose imaginary part is 7a, where  >a>-—~7) also converges uniformly 
and unconditionally at all points within the region except the zeros of the factors : and 
the logarithmic series can be differentiated. In other words, we can take logarithmic 
derivatives of an infinite product, which converges uniformly and unconditionally within a 
region ; and the infinite series is equal to the logarithmic derivative of the value of 


the product. 


50. We shall consider first how far the discrimination of transcendental 
integral functions, which have no infinite value except for z=, is effected 
by means of their zeros*. 

Let the zeros a, @2, d;,... be arranged in order of increasing moduli; a 
finite number of terms in the series may have the same value so as to allow 
for the existence of a multipie zero at any point. After the results stated 
in § 47, it will be assumed that the number of zeros is infinite; that, 
subject to limited repetition, they are isolated points; and, in the present 
chapter, that, as n increases indefinitely, the limit of |a,| is infinity. And it 
will be assumed that |a,|>0, so that the origin is temporarily excluded from 
the set of zeros. 

Let z be any point in the finite part of the plane. Then only a limited 
number of the zeros can lie within and on a circle centre the origin and 
radius equal to |z|; let these be am, dy,..., az,., and let a, denote any one of 
the other zeros. We proceed to form the infinite product of quantities u,, 
where u, denotes 

0-2) 
ay 


and g, 1s a rational integral function of z which, being subject to choice, will 
be chosen so as to make the infinite product converge everywhere in the 


plane. We have 
log uU,.=9,— & ~(2)’, 


m=1 2 \Ay 


a series which converges because |z|<|a,|.. Now let 


thy | z\ 
In => 5 (2) 4 


00 fl Z n 

then log u.=— > = (=) 
nag Ole 
ms 3 “(2)" 
and therefore UO a NL 


* The following investigations are based upon the famous memoir by Weierstrass, ‘‘ Zur 
Theorie der eindeutigen analytischen Functionen,” published in 1876: see his Ges. Werke, t. ii, 
pp. 77—124. 

In connection with the product-expression of a transcendental function, Cayley, “Mémoire sur 
les fonctions doublement périodiques,” Liouville, t. x, (1845), pp. 3885—420, or Collected Mathe- 
matical Papers, vol. i, pp. 156—182, should be consulted. 
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wo 33 (Zz) 
Hence II ase rk n=s N\A, : 


if the expression on the right-hand side is finite, that is, if the series 


136) 


r=kn=s ll \Ay 


converges, Denoting the modulus of this series by M, we have 


vA n 


Cy 


Mi<e> Sie 


r=kn=s 


> 


so that sM < = > 


v=kn=s 


fay Vee 
aaa 


Ap | 


- 


r=k 1 a 


Cy 


iid is the smallest of the denominators in terms of the last 


whence, since 1 — 
kg 


sum, we have 
§ 


sMf1- 2h < Sa 


007) =k | Oy 


< |2{° > 


r=k |a,|8 : 


If, as is not infrequently the case, there be any finite integer s for which (and 
therefore for all greater indices) the series 


3 1 


Pan 


and therefore the series > |a,|~*, converges, we choose s to be that least 


r=k 
integer. The value of M then is finite for all finite values of 2; the series 
(ee) co 1 Zz n 
So (=) 
r=hn=s lv \Op 
converges unconditionally, and therefore 
II u, 
S=Kh 


is a product, which converges unconditionally, when 


s—1 
: 27 (2) 
n=1 Ap 
r= (1-2 )e ; 


Oy 
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Moreover, it converges uniformly. We have 


/ 
os Uv oo al zZ\n 
II u, _s 3 = (2) 
ees = a 
25 ai =(e r=l n=enN \Q, 1| 
| II a, 
|r=k 
UY « 1] z |” 
2 2 =| — 
ete a, a 
lle gs 
z bog 
sjl-|— 
<@ aq —1. 


ive) 
Now the series = a0 converges; hence when any finite quantity ¢ is 


aio 

PAE eg 

assigned, we can choose an integer / such that, for all integers /’ > J, 
ret oe 
> 15 & 
ral! |a,| 


Denoting by p any positive quantity which is less than |a;|, consider a region 
in the z-plane given by |z|<p. Let 8 denote any assigned finite quantity, 
however small; and, after 8 is assigned, choose a quantity ¢ so that 


8 


e< Log(1+ 5), 


taking the principal logarithm. Then 


T+1/ \ p 
IT u, | = eS 


2 ae 

a fe i ol Eat —l1<(1+56)-1<6; 
IT u, 

r=k 

shewing that the product converges uniformly for all values of z such that 
\z|<p. But J can be taken as large as we please: so that the product 
converges uniformly for all finite values of z. 


Let the finite product 
ran ee; 1 (zy 
Il {(1 =a eal era \am 
m=1 \\ Ayn’ 
be associated as a factor with the foregoing infinite converging product. Then 
the expression 
ve 1 (2 y’ 
2) \ sad = — 
f(z)= Tl \(a hie AY vas NM \ Ay 
. mall Ay/ 
is an infinite product, converging uniformly and unconditionally for all finite 
ic2) 
values of z, provided the finite integer s be such as to make the series & | a, \~8 
T= 


1 
converge. 
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51. But it may happen that no finite integer s can be found which will 
make the series 


fee) 
Signe? 
r=1 


converge*. We then proceed as follows. 


Instead of having the same index s throughout the series, we associate 
with every zero a, an integer m,, chosen so as to make the series 


See (=)"| 

n=1!1On \An 
converge. To obtain these integers, we take any series of decreasing real 
positive quantities ¢, ¢, ¢, ..., such that (i) ¢ is less than unity and (ii) they 


form a converging series; and we choose integers m, such that 
671 Zee 
These integers make the foregoing series of moduli converge. For, 


neglecting the limited number of terms for which |z|> a|, and taking k 
such that 


& = 
ee =, < €, 
Xe 
we have for all succeeding terms 

z 
= <a €, 
Op 

| g |m,+1 


and therefore 


Hence, except for the first & — 1 terms, the sum of which is finite, we have 


o il Z\™% | fi 

Se ie Preeti 

Un a pple 
1 


Sip ae 


n=k 


which is finite because the series e+ ¢,+¢+... converges. Hence the series 


oO 


i a Mn, 
2G 
On On 


n=l 


is a converging series. 

Just as in the preceding case a special expression was formed to serve as 
a typical factor in the infinite product, we now form a similar expression 
for the same purpose. Evidently 


o mrt 
5 & 


1 — w= elog(1—2) =@ ror+1 ; 
* For instance, there is no finite integer s that can make the infinite series 
(log 2)-8+ (log 3)-$+ (log 4) 8+... 
: 7 ae) 6 des Sei 198 me 4 
converge. This series is given in illustration by Hermite, Cours a la faculté des Sciences (4™° éd., 
1891), p. 86. 
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if |z|<1. Forming a function (x, m) defined by the equation 


E(2,m)=(1—2)e™*", 
3 gmt 
we have E(«,m)=¢, "=". 


In the preceding case it was possible to choose the integer m so that it 
should be the same for all the factors of the infinite product, which was 


ultimately proved to converge. Now, we take a= and associate mp as 
n 
the corresponding value of m. Hence, if 


S (2) -n2(2, mn) 


where |a-1| <|z|<|a;|, we have 


ee 
f(a=e n=kr=17P +My \ Ay ; 
The infinite product represented by f(z) will converge, if the double series in 
the exponential be a converging series. 
Denoting the double series by S, we have 
a i | Zz | T+Mn 


Wolke 


a 
eye T Filly |G! 


Oo © | g |rtrmn 
< y} Zi— 


n=k r=1 


Un 


Uy 


on effecting the summation for r. Let A be the value of 1— RS . then for 
k 


all the remaining values of n, we have 


and so S\< 


S a (aye . 
n=k | On \On 

This series converges; hence for finite values of |z|, the value of | S| is 
finite, so that S is an unconditionally converging series. Hence it follows 
that f(z) is an unconditionally converging product. We now associate with 
J (2) as factors the k—1 functions 


z 
E ie » Mi}; 
\; 


< 
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for 1=1, 2,...,4—1; their number being finite, their product is finite and 
therefore the modified infinite product still converges. We thus have 


som N Ns 


an unconditionally converging product. 


In the same way as for the simpler case, we prove that the infinite 
product converges uniformly for finite values of z. 


Denoting the series in the exponential by gn (z), so that 


gn (Z) = 2 : (=), 


r=1 r \An 
z z 
we have E (= : nn) = (1 = =) eIn® 
An Gn 


and therefore the function obtained is 
G(2)=T {( a =) eins 
RO Teta eae ae, See 

The series g, usually contains only a limited number of terms; when the 
number of terms increases without limit, it is only with indefinite increase 
of |a@, |, and the series is then a converging series. 

Since the product G(z) converges uniformly and unconditionally, no 
product constructed from its factors H, say from all but one of them, can 
be infinite. The factor 

(2) 
EB (= ; nn) = (1 — =) e’) r \Q, 
vanishes for the value z=a, and only for this value; hence G (z) vanishes for 
zZ=Q,. It therefore appears that G(z) has the assigned points a), do, dy, ... 
for its zeros. 
Further, take any finite quantity, say p; and let a,, be such that 


P| in| Oran herons 


vt (2 y 
m Zz © zg ae ? Op 
Then G(z)= IL # & min) II (1 + =) eee 
n=1 \On w=m-+1 Vy : 
My 1 z\r © o if Zz \muts 
~ z\ 2 = (=) De ae maiz) 
But hn eset a irae aa a 
p=m+l a7 


The double sum in the index is a series, which converges unconditionally for 
values of z such that |z|<p; and therefore it is expressible in the form 
P(z,m+1), which is a power-series converging absolutely for those values. 
Hence e-?'*™ can be expressed in the form 


l4+m2z+m2a?+..., 
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converging absolutely for values of z such that |z|<p. Also each of 


z 


the finite number of factors # “ ; my) , for n=1, ..., m, is expressible in a 


series of the form : 
l4emyz+n2t+..., 
which converge absolutely for finite values of z and therefore for values of z 
such that |z|<p. The product of all these n + 1 series is also an absolutely 
converging series, of the form 
L4+He + Go +.--, 


which is an expression for G(z) representing it as a holomorphic uniform 
function. Clearly we can take p as large as we please without affecting the 
foregoing argument. 


In the first place, since G(z) is a uniform analytic function which has no 
singularity in any finite part of the plane and which clearly is transcendental, 
the value z= is an essential singularity of ((z). 


In the second place, G(z) has no zero other than the assigned zeros, For 
let a be a value of z; and choose m sufficiently large to secure that a lies 
within the region of convergence of P(z, m+1); hence e~?®™*? js finite for 
z=a. No one of the factors 


B(= , mn) (=k case) 


n 


can vanish, if a is not included in ay, dy, ..., dn; and therefore G could not 
vanish for a, proving the statement. 

It should be noted that the factors of the infinite product G(z) are the 
expressions # no one of which, for the purposes of the product, is resoluble 
into factors that can be distributed and recombined with similarly obtained 
factors from other expressions #’; there is no guarantee that the product 
of the factors, if so resolved, would converge uniformly and unconditionally, 
and it is to secure such convergence that the expressions / have been 
constructed. 


It was assumed, merely for temporary convenience, that the origin was 
not a zero of the required function; there obviously could not be a factor of 
exactly the same form as the factors # if a@ were the origin. 


If, however, the origin were a zero of order A, we should have merely 
to associate a factor z* with the function already constructed. 


We thus obtain Weierstrass’s theorem :— 


It is possible to construct a transcendental integral function such that it 
shall have infimty as its only essential singularity and have the origin (of 
multiplicity X), dy, My, Uz, -.. as zeros; and such a function is 


a ll \(1 - =) “at 
n=1 An 
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where gn(z) is a rational, integral function of z, the form of which is dependent 
upon the law of succession of the zeros. 


52. But, unlike uniform functions with only accidental singularities, the 
function is not unique: there are an unlimited number of transcendental 
integral functions with the same series of zeros and infinity as the sole essential 
singularity, a theorem also due to Weierstrass. 


For, if G,(z) and @(z) be two transcendental, integral functions with the 
same series of zeros in the same multiplicity, and z= as their only essential 
singularity, then 

G, (2) 
G (2) 


is a function with no zeros and no infinities in the finite part of the plane. 
Denoting it by G,, then 


1 dG, 
G, dz 
is a function which, in the finite part of the plane, has no infinities; and 
therefore it can be expanded in the form 


C, + 20,2+ 30,2 +..., 


a series converging everywhere in the finite part of the plane. Choosing a 
constant C, so that G, (0) =e, we have on integration 

G,(2Z) = e9 ®, 
where g(a=Qh+O24+C.2+..., 
and g(z) is finite everywhere in the finite part of the plane. Hence it follows 
that, if g (z) denote any integral function of z which rs finite everywhere in the 
' finite part of the plane, and if G(z) be some transcendental integral function 
with a given series of zeros and z= as its sole essential singularity, all 
transcendental integral functions with that series of zeros and z= 2% as the 
sole essential singularity are included wm the form 

GF (z) e7®, 

Corotiary I. A function which has no zeros in the finite part of the 
plane, no accidental singularities, and z= for its sole essential singularity, 
is necessarily of the form : 

eg 2) 


, 
where g(z) is an integral function of z finite everywhere in the finite part 
of the plane. 

CoroLuary Il. Hvery transcendental function, which has the same zeros 
in the same multiplicity as a polynomial A (z)—the number, therefore, being 
necessarily finite—, which has no accidental singularities, and has z= 0 for its 
sole essential singularity, can be expressed in the form 

A (z)e9™. 
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Corotuary III. very function, which has an assigned series of zeros 
and an assigned series of poles, and has z= for its sole essential singu- 
larity, us of the form 

Go (2) 


GE) 


eg a 


where the zeros of G,(z) are the assigned zeros and the zeros of Gp(z) are the 
assigned poles. 


For if G,(z) be any transcendental integral function, constructed as in 
the proposition, which has as its zeros the poles of the required function in 
the assigned multiplicity, the most general form of that function is 


G; (z) eh @) 
where /(z) is integral. Hence, if the most general form of function which 
has those zeros for its poles be denoted by f(z), we have 
F(Z) Gy (2) 
as a function with no poles, with infinity as its sole essential singularity, and 
with the assigned series of zeros. But if G,(z) be any transcendental integral 


function with the assigned zeros as its zeros, the most general form of function 
with those zeros is 


G, ( ) eg): 
and so Fe) Go@) &? = G, (2) e9, 
Go (2) 05 
h = 2A ei), 
whence FZ) G, (2) € 


in which g (z) denotes g (z) — h(z). 

If the number of zeros be finite, we evidently may take G,(z) as the 
polynomial in z with those zeros as its only zeros. 

If the number of poles be finite, we evidently may take G,(z) as the 
polynomial in z with those poles as its only zeros. 

And, lastly, if a function has a finite number of zeros, a finite number 
of accidental singularities, and z= as its sole essential singularity, it can 


be expressed in the form 
Q (2) 


where P and Q are polynomials. This is valid, even though the number of 
assigned zeros be not the same as the number of assigned poles; the sole 
effect of the inequality of these numbers is to complicate the character of the 
essential singularity at infinity. 


53. It follows from what has been proved that any uniform function, 
having z=oo for its sole essential singularity and any number of assigned 


53.] PRIMARY FACTORS 93 


zeros, can be expressed as a product of expressions of the form 


(1 _ =) CIn® , 
On 


Such a quantity is called* a primary factor of the function. 
It has also been proved that :— 


(i) Ifthere be no zero ay, the primary factor has the form 

eIn'), 

(ii) The exponential index g, (z) may be zero for individual primary 
factors, though the number of such factors must, at the utmost, 
be finite tT. 

(iii) The factor takes the form z when the origin is a zero. 

Hence we have the theorem, due to Weierstrass :— 


Every uniform integral function of z can be expressed as a product of 


primary factors, each of the form 

(he + t) es, 
where g(z) ws an appropriate polynomial in z vanishing with z, and where k, 1 
are constants. In particular factors, g(z) may vanish ; and either k or l, but 
not both k and 1, may vanish with or without a non-vanishing exponential 
index g (Zz). 

54. It thus appears that an essential distinction between transcendental 
integral functions is constituted by the aggregate of their zeros: and we may 
conveniently consider that all such functions are substantially the same when 
they have the same zeros. 

There are a few very simple sets of functions, thus discriminated by their 
zeros: of each set only one member will be given, and the factor e9”, which 
makes the variation among the members of the same set, will be neglected 
for the present. Moreover, it will be assumed that the zeros are isolated 
points. 

I. There may be a finite number of zeros; the simplest function is then 
a polynomial. 

IJ. There may be a singly-infinite system of zeros. Various functions 
will be obtained, according to the law of distribution of the zeros. 

Thus let them be distributed according to a law of simple arithmetic 
progression along a given line. If a be a zero, w a quantity such that | w | 
is the distance between two zeros and arg. @ is the inclination of the line, 


we have 
a+mo, 


* Weierstrass’s term is Primfunction, l.c., p. 91. 
+ Unless the class (§ 59) be zero, when the index is zero for all the factors. 
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for integer values of m from —0o to +0, as the expression of the series of 
the zeros. Without loss of generality, we may take a at the origin—this 
is merely a change of origin of coordinates—and the origin is then a 
simple zero: the zeros are given by mo, for integer values of m from 
—o to +0. 


1 i : ; . 2 : 
Now > — ae >a is is a diverging series; but an integer s—the lowest 
mo o m 


; j ; TONE 
value is s=2—can be found for which the series = (—) converges uncon- 


ditionally. Taking s = 2, we have 
g=1 n 
Im (2) = > ~ (2) se 


n=1 n Am Mo 


so that the primary factor of the present function is 


and therefore, by § 52, the product 
7) Zz wee 
fe=2 Tl \(1- as) | 
converges uniformly and unconditionally for all finite values of z. 


The term corresponding to m=0 is to be omitted from the product; and 
it is unnecessary to assume that the numerical value of the positive infinity 
for m is the same as that of the negative infinity for m. If, however, the 
latter assumption be adopted, the expression can be changed into the ordinary 
product-expression for a sine, by combining the primary factors due to values 
of m that are equal and opposite: in fact, then 


Opes. 
== Sl. 
f()=2sin™ 


This example is sufficient to shew the importance of the exponential term in the 
primary factor. If the product be formed exactly as for a polynomial, then the function is 


m=p zZ 
(2 4 ) 
pee mea 


in the limit when both p and q are infinite. But this is known* to be 


. z 
G OS re 
Z\o ® cin ; 
P 7 @ 


Another illustration is afforded by Gauss’s Il-function, which is the limit when & is 
infinite of 


x 
= 


(241) (2+2)......(2+8) 


* Hobson’s Trigonometry, § 287. 
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This is transformed by Gauss* into the reciprocal of the expression 


ato ft {(1+5) Ga) 


that is, of (1+2) 0 (2 +2) erties), 


m=2 


the primary factors of which have the same characteristic form as in the preceding 
investigation, though not the same literal form. This is associated with the Gamma 
Function t. 


It is chiefly for convenience that the index of the exponential part of the primary 


: . , a3 a | g\n 
factor is taken, in § 50, in the form = 5 (=) . With equal effectiveness it may be 
ie 


n=1 
; 8-1] ; 5 
taken in the form > non n@", provided the series 
n=1 
COmNCO ] 
3 3 ti (Bp, »— Op”) a} 
r=kn=1 (% 


converge uniformly and unconditionally. 


Ex.1. Prove that each of the products 


for m= +1, +3, +5,...+.. to infinity, and 


22a e @ ) = 
— aos es nT 
Coa ie it (an = 1) J “alg 


the term for »=0 being excluded from the latter product, converges uniformly and uncon- 
ditionally, and that each of them is equal to cos z. (Hermite and Weyr.) 


Lx. 2. Prove that, if the zeros of a transcendental integral function be given by the 
series 
Q) aevhy “arth, aetlOy conor to infinity, 


the simplest of the set of functions thereby determined can be expressed in the form 


info (2)} nn ( 


Ex. 3. Construct the set of transcendental integral functions which have in common 
the series of zeros determined by the law m%o,+2mo,+ ; for all integral values of m 
between —o and +; and express the simplest of the set in terms of circular functions. 


Ex. 4. A one-valued analytical function satisfies the equation 
f (4) = — af (ax), 
where |a|41; it has a simple zero at each of the points v=a”™ (m=07 1...) and: no 
other zero, and it is finite for all values of w which are neither zero nor infinite. Shew 
that it has essential singularities at 7=0, z= ; and resolve it into primary factors. 
(Math. Trip., Part IT., 1898.) 


* Ges. Werke, t. iii, p. 145; the example is quoted in this connection by Weierstrass, l.c., 


p. 15. 
+ On the theory of the Gamma Function, a paper by Barnes, Messenger of Mathematics, t. xxix, 
(1900), pp. 64—128, may be consulted; full references to other authorities on the subject are there 


given. 
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Ex. 5. Three straight lines are drawn through a point equally inclined to one 
another ; and by means of three infinite series of lines, respectively parallel to these three 
lines, the plane is divided into an infinite number of equilateral triangles. Construct an 
integral uniform function which vanishes at the centre of each of the triangles. 

(Math. Trip., Part I1., 1894.) 


55. The law of distribution of the zeros, next in importance and sub- 
stantially next in point of simplicity, is that in which the zeros form a 
doubly-infinite double arithmetic progression, the points being the 2»? 
intersections of one infinite system of equidistant parallel straight lines 
with another infinite system of equidistant parallel straight lines. 


The origin may, without loss of generality, be taken as one of the zeros. 
If wm be the coordinate of the nearest zero along the line of one system 
passing through the origin, and »’ be the coordinate of the nearest zero along 
the line of the other system passing through the origin, then the complete 
series of zeros 1s given by 

Q=mo+ mo’, 

for all integral values of m and all integral values of m’ between — o and 
+a. The system of points may be regarded as doubly-periodic, having » 
and ’ for periods. 


It must be assumed that the two systems of lines intersect. Other- 
wise, » and w’ would have the same argument, and their ratio would be a 
real quantity, say a; and then 


0 / 
—=m+ma. 
@ 
If a be commensurable, let ; denote its value, where p and q are positive 
integers having no common factor; also let . be expressed as a continued 


fraction, and let q denote the convergent next before the last (which, of 


course, 1s 4 . Then 


and therefore —=—=+(q — qo) =o", 


that is, w and » are integral multiples of a single period w”; and the 
system of points would be singly-periodic. 


When a is incommensurable, the number of pairs of integers for which 
m-+m’a may be made less than any assigned small quantity 6 is infinite; 
and then the function would have an unlimited number of zeros in any 


assigned small region round the origin. This would make the origin an 
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essential singularity instead of, as required, an ordinary point of the tran- 
scendental integral function. Hence the ratio of the quantities w and o’ is 
not real. 


56. For the construction of the primary factor, it is necessary to render 

the series 
LOM smn 

converging, by appropriate choice of integers Sm. It is found to be 
possible to choose an integer s to be the same for every term of the series, 
corresponding to the simpler case of the general investigation, given in § 50. 

As a matter of fact, the series 

20-7 

diverges for s=1 (we have not made any assumption that the positive and 
the negative infinities for m are numerically equal, nor similarly as to m’); 
the series tends to a finite value for s=2, but the value depends upon the 
relative values of the infinities for m and m’; and s=8 is the lowest integral 
value for which, as for all greater values, the series converges uncon- 
ditionally. 

There are various ways of proving the unconditional convergence of the 
series LQ-“ when w >2: the following proof is based upon a general method 
due to Hisenstein*. 


Mae N 


First, the series & 2s (m? + n?)™ converges unconditionally, if ~ > 1. 


mMa=—-D N= -D 
Let the series be arranged in partial series: for this purpose, we choose 
integers k and J, and include in each such partial series all the terms which 
satisfy the inequalities 
Qh mm <= Qt) 


Dea yo, 
so that the number of values of m is 2 and the number of values of is 2/. 
Then, if k +1 = 2x, we have 
Qe < DRT < ek 4 D2 < m2 + n?, 


: : : 1 : 
so that each term in the partial series < eae The number of terms in the 


partial series is 2*.2’ that is, 2*: so that the sum of the terms in the 
partial series is 


ie il 
< 2K (ul) * 
Expressing the latter in the form 
1 1 
Qe uw) * Fumi)? 


* Orelle, t. xxxv, (1847), p. 161; a geometrical exposition is given by Halphen, T’raité des 


fonctions elliptiques, t. i, pp. 358—362. 
F, 7 
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and taking the upper limit of & and / to be p, ultimately to be made infinite, 
we have the sum of all the partial series 


p 1 1 


Me 
= es oy QE wa) * OE) 
1 — Q-(p+)) w—1))2 

<= a ee 
1 OA ee!) 


which, when p = 0, is a finite quantity if w > 1. 
Next, let a = a+ 82, wo =y+4+ &, so that 
OQ = mo 4+ no’ = mat ny +t (mB +n8); 
hence, if O=mat+ny, P=mMB+né6, 
we have |Q P= 6?+4+ ¢% 
Now take integers 7 and s such that 
r<@<r4+l1, s<d<s+l. 


The number of terms © satisfying these conditions is definitely finite and is 
independent of m and n. For since 


m (45 — By) = 065 — oy, 
n (ad — By) =— OB + da, 
and a6 — By does not vanish because w’/w is not purely real, the number of 
values of m is the integral part of 
(7+ 1)d—- sy 
ao — Bry 
rd —(s +1) Y 
ad— By * 
that is, it is the integral part of (y+ 6)/(aé — By), or is greater than it by 
unity. Similarly, the number of values of n is the integral part of 
(a + B)/(a5 — By), 


or is greater than it by unity. Let the product of the two numbers be q; 
then the number of terms © satisfying the inequalities is g. 


less the integral part of 


Then TE |O[# = SE (6 + hy 
<q Dd (7? + 8*)-4, 
which, by the preceding result, is finite when »>1. Hence 
>> (mo + mw’) 


converges unconditionally when « >1; and therefore the least value of s, an 
integer for which 
X= (mo + mw’) 


converges unconditionally, is 3. 
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The series 33(mo+m'o’)? has a finite sum, the value of which depends * upon 
the infinite limits for the summation with regard to m and m'. This dependence is 
inconvenient, and it is therefore excluded in view of our present purpose. 

Hz. Prove in the same manner that the series 


=P aggovd 3 (m?P+ met... Se) man 
the multiple summation extending over all integers m,, 1m9,...... » My between —o and 
+, converges unconditionally if 2u > n. (Eisenstein. ) 


57. Returning now to the construction of the transcendental integral 
function the zeros of which are the various points ©, we use the preceding 
result in connection with § 50 to form the general primary factor. Since 
s=3, we have 


Moreover, the origin is a simple zero. Hence, denoting the required function 

by o(z), we have 

a8 eco 

o(2)=2l Il eae 

as a transcendental integral function which, since the product converges wni- 

formly and unconditionally for all finite values of z, exists and has a finite 

value everywhere in the finite part of the plane; the quantity ] denotes 

mo +m’, and the double product is taken for all values of m and of m’ 
between — «0 and +a , simultaneous zero values alone being excluded. 

This function will be called Weierstrass’s o-function; it is of import- 
ance in the theory of doubly-periodic functions which will be discussed in 
Chapter XI. 

Ex. Tf the doubly-infinite series of zeros be the points given by 

2Q=mo,+2mnw,+ nos, 
@1, @g) @3 being complex constants such that ® does not vanish for real values of m and 2, 
then the series 


a= OPE 100) 


> 3073 


—n —H# 


converges for s=2. The primary factor is thus 


(-a)4 


and the simplest transcendental integral function having the assigned zeros is 


Z i ee ella 
eg 
The actual points that are the zeros are the intersections of two infinite systems of 


parabolas. 


* See a paper by the author, Quart. Journ. of Math., vol. xxi, (1886), pp. 261—280. 
7—2 
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58. One more result—of a negative character—will be adduced in thi: 
connection. We have dealt with the case in which the system of zeros is ¢ 
singly-infinite arithmetical progression of points along one straight line, anc 
with the case in which the system of zeros is a doubly-infinite arithmetica 
progression of points along two different straight lines: it is easy to see that 
a uniform transcendental integral function cannot east with a triply-infinite 
arithmetical progression of points for zeros. ae 


A triply-infinite arithmetical progression of points would be representec 
by all the possible values of 
PrQy + Pee. + psQs 
for all possible integer values for p,, po, p, between — o and + «, where nc 
two of the arguments of the complex constants 0,, 0,, 2, are equal. Let 


0,=0,+10,, (r=1, 2, 3); 
then, as will be proved (§ 107) in connection with a later proposition, it 1s 


possible*—and possible in an unlimited number of ways—to determine 
integers p,, P2, p; So that, save as to infinitesimal quantities, 


Pi id P2 a Ps 


7 ie 7 1 a / / 
M203 — W3W, @30@, — @)@3 @M@_. — WW) 


> 


all the denominators in which equations differ from zero on account of the 
fact that no two arguments of the three quantities Q,,0,, 0; are equal. Fox 
each such set of determined integers, the quantity 
pry + pO, + p3Qs 

is zero or infinitesimal. If it is zero, then (as in § 107 for periods) the triple 
infinitude is really only a double infinitude. If it is infinitesimal, then (as 
at the end of § 55) the origin is an essential singularity, contrary to the 
hypothesis that the only essential singularity is for z=; and hence ¢ 
uniform transcendental function cannot exist having a triply-infinite arith. 
metical succession of zeros. 


59. In effecting the formation of a transcendental integral function by 
means of its primary factors, it has been proved that the expression of the 
primary factor depends upon the values of the integers which make 


a 
>) | Ces [et | Z \"n 
n=1 
a converging series. Moreover, the primary factors are not unique in form 


because any finite number of terms of the proper form can be added to the 
exponential index in 


* Jacobi, Ges. Werke, t. ii, p. 27, 
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the added terms will only the more effectively secure the convergence of the 
infinite product. But there is a lower limit to the removal of terms with the 
highest exponents from the index of the exponential ; for there are, in general, 
least values for the integers m,, m,,..., below which these integers cannot be 
reduced, if the convergence of the product is to be secured. 


The simplest case, in which the exponential must be retained in the 
primary factor in order to secure the convergence of the infinite product, is 
that discussed in § 50, viz, when the integers m,, m.,... are equal to one 
another. Let m denote this common value for a given function, and let 
m be the least integer effective for the purpose: the function is then said* 
to be of class m, and the condition that it should be of class m is, that the 


integer m be the least integer to make the series 


ioe) 
D3 tila eb 
n=1 5 


converge, the constants a, being the zeros of the function. 


Thus algebraical polynomials are of class 0; the circular functions sin z 
and cosz are of class 1; Weierstrass’s o-function and the Jacobian elliptic 
function sn z are of class 2, and so on: but in no one of these classes do the 
functions mentioned constitute the whole of the functions of that class. 


60. One or two of the simpler properties of an aggregate of transcend- 
ental integral functions of the same class can easily be obtained. 


Let a function f(z), of class n, have a zero of order r at the origin and 
have a, @,... for its other zeros, arranged in order of increasing moduli. 
Then, by § 50, the function f(z) can be expressed in the form 


Peceeeali -<) via 
S(a=e cat \(2 a e : 


: n 1 8 
where g;(z) denotes the series = A (=) and G@(z) must be properly determ- 
s=l 4 
ined to secure the equality. 
Now consider the series 
2 1 


j=1 A" (4; — 2) 


for all values of z that lie outside circles round the points a, taken as small 
as we please. The sum of the series of the moduli of its terms 1s 


oO 1 1 

> — 

4=1 (ora! 11 — a) 
| as 


* The French word is genre; the Italianis genere, Laguerre (see references on p. 104) appears 
to have been the first to discuss the class of transcendental integral functions. 
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Let d be the least of the quantities necessarily non-evanescent 


“ 


pe 

aj 
because z lies outside the specified circles; then the sum of the series 
i eee pee | 


= jp ea |a;\"4 ? 


which is a converging series since the function is of class x. Hence the 
series of moduli converges, and therefore the original series converges. 


ios) 
Moreover, the series & |a;|~"-! converges. Denoting by ¢ any real positive 
i=1 
quantity, as small as we please, we can choose an integer m such that 
w+r 
i 7 ees << 
Dah 
for all integers 4 <m and for all positive integers r. Accordingly, for the 
values of z considered, we have 


ee 1 1 € 
peu a Z 
| Ay 
for all integers « <™m, for all positive integers 7, and for all the values of 2. 


Hence the series converges uniformly and unconditionally within the specified 
region of variation of z; let it be denoted by S (z), so that 


1/4) _ = 1 
Se) => ae (a; — 2)" 
We have 
7 AQ) i eal zZ gee 1 
Fea) Oe aan pra a 3 
Qi; 


Vi 2 1 
= 7’ (z)+--2" > ——_ 
OTs i=1 4” (a; — 2) 


= (’ (z) + -- 2” S (z), 
Hach step of this process is reversible in all cases in which the original pro- 


J’) 
SF (2) 


duct converges; if, therefore, it can be shewn of a function f(z) that 


takes this form, the function is thereby proved to be of class n. 
If there be no zero at the origin, the term ; is absent. 


If the exponential factor G(z) be a constant so that G’(z) is zero, the 
function f(z) is said to be a simple function of class n. 
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61. There are several criteria, used to determine the class of a function : 
the simplest of them is contained in whe following proposition, due to 
Laguerre*. 


Tf, as 2 tends to the value ©, a very great value of |z| can be Sound for 


/ 
which the limit of pai © where f(z) is a transcendental integral function, 


SF)’ 


tends uniformly to the value zero, then f(z) ts of class n. 


Take a circle, centre the origin and of radius R equal to this value of | z|; 
then, by § 24, IL., the eae 
— | 1f'(@ dt 
Qarv J t” f(t) t—2’ 
taken round the circle, is zero when R becomes indefinitely great. But the 
value of the integral is, by the Corollary in § 20, 
Led At) at 1G iE) ae 1 (a) 
eo ee lee 
Qat} ot f(t) t—2 2a PFO tae Wart: Co (tae 
taken round small circles enclosing the origin, the point z, and the points 
a;, which are the infinities of the subject of integration; the origin being 
supposed a zero of f(t) of multiplicity r. Now 
1 is 1f’'@) dt 1 f'() 
Qart Cay tae Eye) 
Cl) dig, ell al 
Qari @ fO)t—z2 a*a—z’ 
role) dt bo) 
as al Pio Ne Cer 
where ¢ (z) denotes the polynomial 


Pope Page Ve i Age esa i co it 


when ¢ is made zero. Hence 


ree) 1 met) am 


2” I (2) i=1 aj” (a= Ze gh ght , 


and therefore 
Ae) = : 
(2) +" — 2" 8 (2), 
Go * 
which, by § 60, shews that f(z) is of class n. 

CoroLtLary. The product of any finite number of functions of the same 
class n is a function of class not higher than n; and the class of the product 
of any finite number of functions of different ilabees is not greater than the 
highest class of the component functions. 

* Comptes Rendus, t. xciv, (1882), p. 636. 
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Nore. In connection with Weierstrass’s theorem in § 52, one remark 
may be made as to its influence upon the class of a function; it will be 
sufficiently illustrated by taking e*sinz as an example. Laguerre’s test 
shews that the class is two, whereas by the test of § 60 the class apparently 
is unity. The explanation of the difference is that, in § 60, the zeros of the 
generalising factor e7® of § 52 are not taken into account. It is true that all 
these zeros are at infinity; but their existence may affect the integer, which 
is the least that secures the convergence of the series =|a;{“"~. Thus the 
zeros of the function e* sin z are mm, where m=0, +1, ..., + ©, arising 
from sin z: and 


ee +4 
up?, — vp", 


each occurring p times, where p is an infinite positive integer: the latter 
arising from e”, by regarding it as the limit of 


2\ p 
(+5) 
: p 
when p is an infinite positive integer. In order that the critical series may 


converge, it is necessary that, as these new zeros are at infinity, the integer n 
should be chosen so as to make 


Pp \(ipt) "| + p |(— pt) >| 


vanish. The lowest value of n is two; and therefore the function really is of 
class two, agreeing with the result of Laguerre’s test. 


The following are the chief references to memoirs discussing the class of functions : 


Laguerre, Comptes Rendus, t. xciv, (1882), pp. 160—163, pp. 6835—688, ib. t. xev, (1882), 
pp. 828—831, ib. t. xcvili, (1884), pp. 79—81; Poincaré, Bull. des Sciences Math., t. xi, 
(1883), pp. 186—144 ; Cesaro, Comptes Rendus, t. xcix, (1884), pp. 26—27 (followed 
(p. 27) by a note by Hermite), Giornale di Battaglini, t. xxii, (1884), pp. 191—200 ; 
Vivanti, Giornale di Battaglini, t. xxii, (1884), pp. 2483—261, pp. 378—880, ib. t. xxiii, 
(1885), pp. 96—122, ib. t. xxvi, (1888), pp. 3083—314; Hermite, Cours @ la faculté 
des Sciences (4m™¢ éd., 1891), pp. 91—93; Hadamard, Ziowville, 4me Sér., t. ix, (1893), 
pp. 171—214; Borel, Acta Math., t. xx, (1897), pp. 357—396, Lecons sur les fonctions 
entieres, (1900), ch. 11. 


Ex.1. The function 


n 
Bo fi(2), 
i=1 


where the quantities ¢ are constants, » is a finite integer, and the functions /;(z) are 
polynomials, is of class unity. 


Ex. 2. Ifa simple function be of class 2, its derivative is also of class n. 


Ex. 3, Discuss the conditions under which the sum of two functions, each of class n, 
is also of class 7. 
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Hu. 4, Examine the following test for the class of a function, due to Poincaré. 


Let a be any number, no matter how smal! provided its argument be such that ee 
vanishes when z tends towards infinity. Then f(z) is of class n, if the limit of 


oo ane (2) 


vanish with indefinite increase of z. 


eo} 
A possible value of a is 3 ¢a;-""1, where ¢; is a constant of modulus unity. 
i=1 


Ex. 5. Verify the following test for the class of a function, due to de Sparre*. 


Let 2d be any positive non-infinitesimal quantity; then the function f(z) is of class x, 
if the limit, for m=o, of 
[Gn |" =} {| Om + 1| es. | mn |} 
be not less than A. Thus sin z is of class unity. 


Ex. 6. Let the roots of 6"*1=1 be 1, a, a’,...... , a”; and let f(z) be a function 
of class nm. Then forming the product 


H f(a) 


we evidently have an integral function of 2+1; let it be denoted by #'(z"*!). The roots 
Oleri(Zee 2) == (rare a.a* fori, 2.7 in. 5 el GAO) IS seoeae , 2; and therefore, replacing 2+} 
by z, the roots of #'(z)=0 are a,"*1, for 7=1, 2,....... 


Since f(z) is of class n, the series 
meme 


Sa 
i=1 ;"*1 


converges unconditionally. This series is the sum of the first powers of the reciprocals of 
the roots of F'(z)=0 ; hence, according to the definition (p. 101), #’(z) is of class zero. 


It therefore follows that from a function of any class, a function of class zero with a 
modified variable can be deduced. Conversely, by appropriately modifying the variable of 
a given function of class zero, it is possible to deduce functions of any required class. 


Ex. 7. Tf all the zeros of the function 


k-1 7 

m { slew 
Ul (1 -=) er the An” 
n=1 An J 


be real, then all the zeros of its derivative are also real. (Witting.) 


* Comptes Rendus, t. cii, (1886), p. 741. 


CHAPTER’ Y i: 


FUNCTIONS WITH A LimITED NUMBER OF ESSENTIAL SINGULARITIES. 


62. Some indications regarding the character of a function at an 
essential singularity have already been given. Thus, though the function 


, 3 ee: ; ; : 1 a 
is regular in the vicinity of such a point a, it may, lke sn > at the origin, 


have a zero of unlimited multiplicity or an infinity of unlimited multiplicity 
at the point; and in either case the point is such that there is no factor of . 
the form (z — a)’, which can be associated with the function so as to make the 
point an ordinary point for the modified function. Moreover, even when 
the path of approach to the essential singularity is specified, the value 
acquired is not definite: thus, as z approaches the origin along the axis of 2, 


so that its value may be taken to be 1+(4mK +2), the value of sn is not 


definite in the limit when m is made infinite. One characteristic of the 
point is the indefiniteness of value of the function there, though in the 
vicinity the function is uniform. 

A brief statement and a proof of this characteristic were given in § 32; 
the theorem there proved—that a uniform analytical function can assume 
any value at an essential singularity—may also be proved as follows. The 
essential singularity will be taken at infinity—a supposition that does not 
detract from generality. 

Let f(z) be a function having any number of zeros and any number 
of accidental singularities and z= % for its sole essential singularity; then 
it can be expressed in the form 

f(a= sas e9), 
2 (2) 
where @,(z) is polynomial or transcendental according as the number of zeros 
is finite or infinite, and G,(z) is polynomial or transcendental according as 
the number of accidental singularities is finite or infinite. 

If G,(z) be transcendental, we can omit the generalising factor e7, 

Then f(z) has an infinite number of accidental singularities; each of them 
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in the finite part of the plane is of only finite multiplicity and therefore some 
of them must be at infinity. At each such point, the function @, (z) vanishes 
and G,(z) does not vanish ; and so f(z) has infinite values for z= 0. 

If G@,(z) be polynomial and G,(z) be also polynomial, then the factor e9 @ 
may not be omitted, for its omission would make f(z) a rational function. 
Now z= © is either an ordinary point or an accidental singularity of 


G, (2)/ Gs (2); 
hence as g (2) is integral, there are infinite values of z which make 


Gages 
G, >. e9 () 


infinite. 


If G,(z) be polynomial and G, (z) be transcendental, the factor e7® may 
be omitted. Let a, de, ..., dn be the roots of G,(z): then taking 


: nN Ap 
SI (2) = hat a, et Gr (2), 


_ G,(a,) 
we have Ay = Gy (a,) ) 


a non-vanishing constant ; and so 
. _ G; (2) 
[sO G2) + Gn (2), 
where G,(z) is a transcendental integral function. When z=, the value 
of G;(z)/G.(z) is zero, but G, (2) is infinite; hence f(z) has infinite values for 
=O 

Similarly it may be shewn, as follows, that f(z) has zero values for z=. 

In the first of the preceding cases, if G, (z) be transcendental, so that f(z) 
has an infinite number of zeros, then some of them must be at an infinite 
distance; f(z) has a zero value for each such point. And if G,(z) be 
polynomial, then there are infinite values of z which, not being zeros of 
G,(z), make f(z) vanish. 

In the second case, when z is made infinite with such an argument as to 
make the highest term in g(z) a real negative quantity, then f(z) vanishes 
for that infinite value of z. 

In the third case, f(z) vanishes for a zero of G, (z) that is at infinity. 

Hence the value of f(z) for z= is not definite. If, moreover, there 
be any value neither zero nor infinity, say C, which f(z) cannot acquire 


for z=, then 
f(o-e 


is a function which cannot be zero at infinity, and therefore all its zeros are 
in the finite part of the plane: no one of them is an essential singularity, for 
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F (2) has only a single value at any point in the finite part of the plane; 
hence they are finite in number and are isolated points. Let H,(z) be 
the polynomial having them for its zeros. The accidental singularities of 
J (2)—-@ are the accidental singularities of f(z); hence 


f@—-C= ae eh, 


where, if G,(z) be polynomial, the exponential h(z) must occur, since f(z), 

and therefore f(z) — C, is transcendental. The function 

25. te lig ee ROG) 
FQ\—C EA) 

evidently has z= for an essential singularity, so that, by the second or 


the third case above, it certainly has an infinite value for z=, that is, 
J () certainly acquires the value C for z=. 


enh (2) 


F(Z) 


Hence the function can acquire any value at an essential singularity. 


63. We now proceed to obtain the character of the expression of a 
function at a point z which, lying in the region of continuity, is in the 
vicinity of an essential singularity b in the finite part of the plane. 


With 6b as centre describe two circles, so that their circumferences and 
the whole area between them lie entirely within the region of continuity. 
The radius of the inner circle is to be as small as possible consistent with 
this condition; and therefore, as it will be assumed that 6b is the only 
singularity in its own immediate vicinity, this radius may be made very 
small. 

The ordinary point z of the function may be taken as lying within the 
circular ring-formed part of the region of continuity. At all such points in 
this band, the function is holomorphic; and therefore, by Laurent’s Theorem 
(§ 28), it can be expanded in a converging series of positive and negative 
integral powers of z — b, in the form 


Up +u, (2 —b) + (2 — bY +... 
+ vu, (2 — by +4, (2 -—b)P+...; 
the coefficients wu, are determined by the equation 
1 ¢_ f® 
lin = 5 eee dine GS OL De.) 
the integrals being taken positively round the outer circle, and the coefficients 
v, are determined by the equation 


ra [ew ~ by f(t) dt, 


VU — 
Dara 


the integrals being taken positively round the inner circle. 
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The series of positive powers converges everywhere within the outer circle 
of centre b, and so (§ 26) it may be denoted by P(z—6); and the function P 
may be either polynomial or transcendental. 


The series of negative powers converges everywhere without the inner 
circle of centre b; and, since 6 is not an accidental but an essential singularity 
of the function, the series of negative powers contains an infinite number of 

ih : : : 
terms. It may be denoted by G Gay a series converging for all points 
in the plane except z = b, and vanishing when z—b=o0. 


1 
Thus f(2)=G Sy 4+ P(z—b) 
as the analytical representation of the function in the vicinity of its essential 
singularity b; the function G is transcendental and converges everywhere in 
the plane outside an infinitesimal circle round b, and the function P, if 


transcendental, converges for sufficiently small values of | z—b|. 


Had the singularity at 6 been accidental, the function G would have been 
polynomial. 


CorouiaRy I. If the function have any essential singularity other than 
b, it is an essential singularity of P (z —b) continued outside the outer circle ; 


5) , for the latter function 


converges everywhere in the plane outside the inner circle. 


ae : : : 1 
but it is not an essential singularity of G eS 


Coro_LAary II. Suppose the function has no singularity in the plane 
except at the point 6; then the outer circle can have its radius made infinite. 
In that case, all positive powers except the constant term uw disappear: 
and even this term survives only in case the function have a finite value at 
infinity. The expression for the function is 


Meee pe ne 
ley at a (oe) ee 
and the transcendental series converges everywhere outside the infinitesimal 
; ; ee ‘ 1 : 
circle round 6, that is, at every point in the plane for which ea remains 


less than any assigned quantity, however large. Hence the function can be 


represented by 
1 
“Hs3): 


This special result is deduced by Weierstrass from the earlier investiga- 
tions*, as follows. If f(z) be such a function with an essential singularity at 


* Weierstrass, Ges, Werke, t. ii, p. 102, 
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b, and if we change the independent variable by the relation 


1 
Baliye 


yi 


then f(z) changes into a function of 2’, the only essential singularity of which 
is at 2°/=0o. It has no other singularity in the plane; and the form of the 
function is therefore G (z’), that is, a function having an essential singularity 
at b, but no other singularity in the plane, is ' 


1 
#(=5): 
Corotuary III. The most general expression of a function having its 


sole essential singularity at b, a point in the finite part of the plane, and any 
number of accidental singularities, vs 


(3) 9) 
G (; : 1) 


where the zeros of the function are the zeros of Gy, the accidental singularities 
of the function are the zeros of G., and the function g in the exponential is a 


: Pas: : : 1 
function which is finite for all finate values of eae 


This can be derived in the same way as before; or it can be deduced 
from the corresponding theorem relating to transcendental mtegral functions, 
as above. It would be necessary to construct an integral function G, (z’), 
having as its zeros 

1 1 
a,—b’ a—b’”? 
; 1 ; : 
and then to replace z by — b> and G, is polynomial or transcendental, 
MA — 
according as the number of zeros is finite or infinite. 


Similarly we obtain the following result : 


CoroLLaRy IV. A uniform function of 2, which has its sole essential 
singularity at b, a point in the finite part of the plane, and no accidental 
singularities, can be represented in the form of an infinite product of primary 
factors of the form 

by) ef (=) 
(- aR Ts i é ? 
which converges uniformly and unconditionally everywhere in the plane outside 
an infinitesimal circle drawn round the point b. 
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The function g ( =) is an integral function of ae vanishing when 
4 vanishes; and & and J are constants. In particular factors, g ( =) 
may vanish ; and either & or / (but not both & and 7) may vanish, with or 


without a vanishing exponent g ( =) 
If a; be any zero, the corresponding primary factor may evidently be 
expressed in the form 
1 
c = =) oe (5) 


z—b 


— 


Similarly, for a uniform function of z with its sole essential singularity at b 
and any number of accidental singularities, the product-form is at once 
derivable by applying the result of the present Corollary to the result given 
in Corollary III. 


These results, combined with the results of Chapter V., give the general 
theory of uniform functions with only one essential singularity. 


64. We now proceed to the consideration of functions, which have a 
limited number of assigned essential singularities. 


The theorem of § 63 gives an expression for the function at any point in 
the band between the two circles there drawn. 


Let ¢ be such a point, which is thus an ordinary point for the function ; 
then in the domain of c, the function is expansible in a form P, (z—c). 
This domain may extend as far as an infinitesimal circle round an essential 
singularity b, or it may be limited by a pole d which is nearer to c than b is, 
or it may be limited by an essential singularity 7 which is nearer to ¢ than b 
is. In the first case, we form a continuation of the function in a direction 
away from 6; in the second case, we continue the function by associating 
with the function a factor (¢—d)” which takes account of the accidental 
singularity; in the third case, we form a continuation of the function 
towards f. Taking the continuations for successive domains of points in the 
vicinity of f, we can obtain the value of the function for points on two circles 
that have f for their common centre. Using these values, as in § 63, to 
obtain coefficients, we ultimately construct a series of positive and negative 
powers converging outside an infinitesimal circle round f Different express- 
ions in different parts of the plane will thus be obtained, each being valid 
only in a particular portion: the aggregate of all of them is the analytical 
expression of the function for the whole of the region of the plane where the 
function exists. 

We thus have one mode of representation of the function; its chief 
advantage is that it indicates the form in the vicinity of any point, though it 
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gives no suggestion of the possible modification of character elsewhere. This 
deficiency renders the representation insufficiently precise and complete ; and 
it is therefore necessary to have another mode of representation. 


65. Suppose that the function has n essential singularities a,, a, ..., Gn, 
and that it has no other singularity. Let a circle, or any simple closed 
curve, be drawn enclosing them all, every point of the boundary as well 
as the included area (with the exception of the n singularities*) lying in 
the region of continuity of the function. 

Let z be any ordinary point in the interior of the circle or curve; and 
consider the integral 

[Oo a, 
Viti 2 


taken round the curve. If we surround z and each of the n singularities by 
small circles with the respective points for centres, then the integral round 
the outer curve is equal to the sum of the values of the integral taken round 
the n+1 circles. Thus 


f(t) g S(t) AU) 
= if ear = 55 peal ote =f E wee 
and therefore 
Ft) 4 f(t) 1 AO) 
sal. ae t= [ yee Oy sax| ae 


The left-hand side of the equation is f(z). 
Evaluating the integrals, we have 


| JOa=-@,() 


Qari a t—2 Z— Ay 


: : i ae Ft 
where G, is, as before, a transcendental function of vanishing when 
Ze 


, 


1S zero. 
Z— Or 


‘ 1 
Now, of these functions, G, (———} converges everywhere in the plane 
Tet 


outside the infinitesimal circle round a,, (say except at a,): and therefore, as 
n is finite, 

aw il 

$02, 

r=1 Z— Ay 


is a function which converges everywhere in the plane except at the n points 
Gat nina: 
Because z= © is cs an essential singularity of f(z), the radius of the 


circle in the integral 5 =e fw at may be indefinitely increased. The value 


* This phrase will frequently be used as an abbreviation for “the infinitesimal regions enclosed 
by infinitesimal circles round the singularities.” 
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of f(t) tends, with unlimited increase of ¢, to some determinate value C which 
is not infinite ; hence, as in § 24, II., Corollary, the value of the integral is 
C. We therefore have the result that f(z) can be expressed in the form 


0+ 3 @,(— ih 


r=1 Z— Oy 
or, absorbing the constant C into the functions G and replacing the limitation, 


) shall vanish for 


a =0, by the limitation 


= ip 


that the function G, ( 


oa 


that, for the same value = 0), 1t shall be finite, we have the theorem* :— 


n 


If a given function f(z) have n singularities a,,..., Gn, all of which are in 
the finite part of the plane and are essential singularities, it can be expressed 


in the form 
> Gy ( i ) ’ 


r=1 2 — Uy 


where G, is a transcendental function, converging everywhere in the plane 
outside an infinitesimal circle round a,, and having a determinate finite 


n 
value g, for =0, such that % g, ws the finite value of the gwen func- 
r=1 


Z— Op = 
tion at infinity. 
Corotuary. If the given function have a singularity at © , and  singu- 
larities in the finite part of the plane, then the function can be expressed in 
the form 


i 1 
G()+ = G,(-—), 
r=1 2 — Oy 
where (, is a transcendental or a polynomial function, according as a, is an 
essential or an accidental singularity: and so also for G(z), according to the 
character of the singularity at infinity. 


66. Any uniform function, which has an essential singularity at z=<a, 
can (§ 63) be expressed in the form 


1 
g ee - +p(z—-4a) 


for points z in the vicinity of a. Suppose that, for points in this vicinity, 
the function f(z) has no zero; that it has no accidental singularity; and 


therefore, among such points z, the function 


BU EG) 
f(2) d 


* The method of proof, by an integration, is used for brevity: the theorem can be established 
by purely algebraical reasoning. 


F. 8 
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has no pole, and therefore no singularity except that at a which is essential. 
Hence it can be expanded in the form 


a( : )+P(@-a) 


GO 


where @ converges everywhere in the plane except at a, and vanishes for 


— =0. Let 
z—a/ ze-a dz Z—@ 
where G, be converges everywhere in the plane except at a, and vanishes 
for el =()) 
z—-a 


Then c, evidently not an infinite quantity, is an integer. To prove this, 
describe a small circle of radius p round a: then taking z— a=pe*, so that 


dz 


=7id0, we have 


10 ase dz =P (2—a)de + cidd + © 16 (=z) dz, 


and therefore 
7 1 
Fier ee adz+G(—) 


Now {P(z—a)dz is a uniform function: and so is f(z). But a change 
of @ into @ + 27 does not alter z or any of the functions: thus 


eer — 1 F 
’ 


and therefore ¢ is an integer. 


67. If the function f(z) have essential singularities a,,..., @, and no 
others, then 1t can be expressed in the form 


n i | 
C+ Dy dr (—] . 
r=1 z— Uy 
If there be no zeros for this function f(z) anywhere (except of course such 
as may enter through the indeterminateness at the essential singularities), 
then 


1 df) 


J (2) dz 


has n essential singularities a, ...,@, and no other singularities of any kind. 
Hence it can be expressed in the form 


e+ Salt) 


7 z— Ay 
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where the function CG, vanishes with Let 


Z-a, 


1 C. bale 1 
Gr & = =) 7. aes 16. 3 = =) ? 


) is a function of the same kind as G, ie 7 i 
TONE 


where G,. ( 


” 


Then all the coefficients c,, evidently not infinite quantities, are integers. 
For, let a small circle of radius p be drawn round a,: then, if z — a, = pe, we 
have 


lg =¢,00, 
Z— Ay 
and cou = dP, (2 — a,). 
Z— Us 


We proceed as before: the expression for the function in the former 
case is changed so that now the sum > P,(z—a,) for s=1,..., r—1, 
r+1,...,n 18 a uniform function; there is no other change. In exactly the 
same way as before, we shew that every one of the coefficients c, is an 
integer. 

Hence it appears that if a given function f(z) have, in the finite part of 
the plane, n essential singularities a,,...,@, and no other singularities, and if 
it have no zeros anywhere in the plane, then 


u he 3d fq (_1_\) 
f@ a ia = ale niet ee) d 


where all the coefficients c; are integers, the functions G@ converge everywhere 
in the plane except at the essential singularities, and G@; vanishes for 
| 
—— = 0. 


ee (bi 


Now, since f(z) has no singularity at 0, we have for very large values of z 
Via Us 
and Oe eae re = OF 


and therefore, for very large values of z, 


1 df(z) 11, wy 
Fe) dz i, er a 


lel 
ie ae: and there is no term in—. But 
f(z) dz z 
the above expression for it gives C’ as the constant term, which must therefore 
8—2 


Thus there is no constant term in 


116 ; PRODUCT-EXPRESSION OF [ 67. 


vanish ; and it gives Sc; as the coefficient of Ej for us \a.( : | will begin 


Z—Q 


with = at least; thus Sc; must therefore also vanish. 


Hence for a function f(z), which has no singularity at z=oo and no 
zeros anywhere in the plane, and of which the only singularities are the n 
essential singularities at a, a, ..., Gn, we have 


8 we i = z = a; a a5 dz “18 (-,)} ; 


where the coefficients ¢; are integers subject to the condition 


> Gal: 


f=! 
If a,=0, so that z=o is an essential singularity in addition to a, de, 
1 


—~ Um 


., Gn_1, there is a term G(z) instead of G, (. 3 there is no term, that 


corresponds to 


, but there may be a constant C. Writing 


C+G(z)= £ G (2)}, 
with the condition that @(z) vanishes oo z=0, we then have 
pene Ss ae 
FO de ~ Brea tHE Eee). 
where the coefficients c; are integers, but are no longer subject to the 
condition that their sum vanishes. 
Let R* (z) denote the function 
Il (z—a,;)%, 
i=1 


the product extending over the factors associated with the essential 
singularities of f(z) that le in the finite part of the plane; thus R*(z) 
is a rational meromorphic function. Since 

ee 

R* (2) = d2- Ss fay" 


we have 


1 BG ae ema ae 


= 1 : = 3 xe 
where G,, i= * ) is to be replaced by G(z) if an =, that is, if z= be an 
n 


essential singularity of f(z). Hence, except as to an undetermined constant 
factor, we have 


f(2)= R*(e) Th e® (=a), 


which is therefore an analytical representation of a function with n essential 
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singularities, no accidental singularities, and no zeros: and the rational 
Junction R*(z) becomes zero or «© only at the singularities of f(z). 
If z= be not an essential singularity, then R*(z) for z = is equal to 
nr 


unity because & ¢;=0. 
ql 


CoRoLLaRy. It is easy to see, from § 438, that, if the point a; be only an 


accidental singularity, then c; is a negative integer and G; (—* - ) 1S Zero: SO 
— Uy 

that the polar property at a; is determined by the occurrence of a factor 

(z—a;)% solely in the denominator of the rational meromorphic function R*(z). 


And, in general, each of the integral coefficients c; is determined from the 
expansion of the function /’(z)+/(z) in the vicinity of the singularity 
with which it is associated. 


68. Another form of expression for the function can be obtained from 
the preceding; and it is valid even when the function has zeros not 
absorbed into the essential singularitiest. 


Consider a function with one essential singularity, and let a be the 
point. Suppose that, within a finite circle of centre a (or within a finite 
simple curve which encloses a), there are m simple zeros a, 8, ..., of the 
function f(z); assume m to be finite, and also assume that there are no 
accidental singularities within or on the circle, or at a merely infinitesimal 
distance from its circumference. Then, if 


f (2) = (@— 4) (2 - B)..-@ —») F@), 
the function F(z) has a for an essential singularity and has no zeros within 
the circle. Hence, for points z within the circle, 


(ie) 2 ee 1 = 
Pon at a saa) + Pe 4), 


1 : : . 
where G, =.) converges uniformly everywhere in the plane outside a 
z—a 


: : 1 oe : 
small circle round a and vanishes with wage and P(z—<a) is an integral 


function converging uniformly within the circle; moreover, ¢ 1s an integer. 


iM G GS) 
(2) ( ras aye! el Plz a) dz 


Pi Pm 
Let (=a) (e=8)..e-2) =a 1+ Pe tt Pm 


a) 


m 1 OC 


+ See Guichard, Théorie des points singuliers essentiels, (Thése, Gauthier- Villars, Paris, 1583), 


especially the first part. 
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then fe)=(-a" 9, (=) FO 


3 1 Ga as ; 
=A(z—-ay"tg, (—) e (=a) Eye eames. 
Now of this product-expression for f(z) it should be noted :— 


(i) That m-+c is an integer, finite because m and ¢ are finite: 


1 
i : 6, (— : , 
(ii) The function e (za) can be expressed in the form of a series con- 


verging uniformly everywhere outside a small circle round a, and proceeding 


in the form 


in powers of 
a _— 


b, fy b, a 
z—-a (¢-apo 7 


1+ 
1 
It has no zero within the circle considered, for F'(z) has no zero. Also q% (—,) 


is a polynomial in ae beginning with unity and containing only a finite 


number of terms: hence, multiplying the two series together, we have as the 


product a series proceeding in powers of in the form 


LENGE, 


h, - hy i 
e—a; @-—eP> i 7 


which converges uniformly everywhere outside any small circle round a. Let 


1+ 


: : 1 : hoe P 
this series be denoted by H (=) ; 1t has an essential singularity at a and 


its only zeros are the points a, 8, ..., 4, for the series multiplied by 


ft 
nh has no zeros: 
zZ-a 


(ii) The function fP(z—«a)dz is a series of positive powers of z—a, 
converging uniformly in the vicinity of a; and therefore eS? @-«)% can be 
expanded in a series of positive integral powers of z—a, which converges 
in the vicinity of a. Let it be denoted by Q(z—a) which, since it is a 
factor of F(z), has no zeros within the circle. 

Hence we have 


f#@)=4 a Q@-a) H(—), 


ae 


' : 1 ‘ ‘ 
where pw 1s an integer; A is a series that converges everywhere 
—¢ 


outside an infinitesimal circle round a, is equal to unity when —— vanishes, 
2— a - 


and has as its zeros the (finite) number of zeros assigned to f(z) within a 
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finite circle of centre a; and Q(z—a) is a series of positive powers of z—a 
beginning with unity which converges (but has no zero) within the circle. 


The foregoing function f(z) is supposed to have no essential singularity 
except at a. If, however, a given function have singularities at points 
other than a, then the circle would be taken of radius less than the distance 
of a from the nearest essential singularity. 


Introducing a new function f,(z) defined by the equation 


1 \ 
f@)=A(e- a" H(——) £0), 
the value of f(z) is Q(z—a) within the circle, but it is not determined by 
the foregoing analysis for points without the circle. Moreover, as (z—a)# 


and also H ( ! 


SO 


) are finite everywhere except in the immediate vicinity of 


the isolated singularity at a, it follows that essential singularities of f(z) 
other than a must be essential singularities of f(z). Also since f,(z) is 
Q(z—a) in the immediate vicinity of a, this point is not an essential 
singularity of f(z). 

Thus f(z) is a function of the same kind as f(z); it has all the essential 
singularities of f(z) except a, but it has fewer zeros, on account of the m 


zeros of f(z) possessed by H (=). The foregoing expression for f(z) is 


the one referred to at the beginning of the section. 
1 


: @, (— 
If we choose to absorb into f(z) the factors e Le) and e/ & @-) dz, 
which occur in 


il als 
moe Gee) Os eae 


an expression that is valid within the circle considered, then we obtain a 
result that is otherwise obvious, by taking 
1 
f= @-a¥n(—)A©. 
z is polynomial in See and has for its zeros all the 
where now g, Pe is polynomia pale a 
zeros within the circle; » is an integer; and f(z) is a function of the same 


kind as f(z), which now possesses all the essential singularities of (2), but 


i 
its zeros are fewer by the m zeros that are possessed by 9 ex -) : 


69. Next, consider a function f(z) with n essential singularities a, 
Ay Gn but without accidental singularities; and let it have any number 
2) eh 


of zeros. 


120 GENERAL FORM OF A FUNCTION : [69. 


When the zeros are limited in number, they may be taken to be isolated 
points, distinct in position from the essential singularities. 


When the zeros are unlimited in number, then at least one of the 
singularities must be such that an infinite number of the zeros lie within 
a circle of finite radius, described round it as centre and containing no other 
singularity. For if there be not an infinite number in such a vicinity of 
some one point (which must be an essential singularity: the only alternative 
is that the zeros should form a continuous aggregate, and then the function 
would be zero everywhere), the points are isolated and there must be an 
infinite number outside a circle |z|= A, where £# is a finite quantity that 
can be made as large as we please, say an infinite number at z=o. If 
z= be an essential singularity, the above alternative is satisfied: if not, 
the function, as in the preceding alternative, must be zero at all other parts 
of the plane. Hence it follows that, if a uniform function have a finite number 
of essential singularities and an infinite number of zeros, all but a finite 
number of the zeros lie within circles of finite radii described round the 
essential singularities as centres; at least one of the circles contains an 
infinite number of the zeros, and some of the circles may contain only a finite 
number of them. 

We divide the whole plane into regions, each containing one but only one 
singularity and containing also the circle round the singularity; let the 
region containing a; be denoted by C;, and let the region C, be the part of 
the plane other than C,, CQ, ..., Cn. 

If the region C, contain only a limited number of the zeros, then, by § 68, 
we can choose a new function /, (z) such that, if 


f@)=(-a)" @ (——) A®, 


the function f(z) has a, for an ordinary point, has no zeros within the region 
C,, and has ay, ds, ..., Mm for its essential singularities. 


1 
Z— Ay 


If the region C, contain an unlimited number of the zeros, then, as in 
Corollaries II. and III. of § 63, we construct any transcendental function 


= 1 ; ey a : : 
G, c - ) , having a, for its sole essential singularity and the zeros in (, for 
~~ Wy] 


all its zeros. When we introduce a function g, (z), defined by the equation 


9 (2), 


the function 9. (2) has no zeros in CO, and certainly has dy, a3, ..., dy for 
essential singularities ; in the absence of the generalising factor of G,, it can 
have a, for an essential singularity. By § 67, the function 7: (2), defined by 


\ Pera 


oS h 
hn (2) =(4-a)"e , 


f@=G(— 
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has no zero and no accidental singularity, and it has a, as its sole essential 
singularity : hence, properly choosing ¢c, and h,, we may take 
AB™=7@MA), 


so that f(z) does not have a, as an essential singularity, but it has all the 
remaining singularities of g, (z), and it has no zeros within (\. 


In either case, we have a new function f, (z) given by 


f@)=@- 4)" & (—) A, 


co Ay 
where 4, is an integer, the zeros of f(z) that lie in C, are the zeros of G,; the 
function f,(z) has dz, as, ..., dn (but not a,) for its essential singularities, 
and it has the zeros of f(z) in the remaining regions for its zeros. 


Similarly, considering C,, we obtain a function f, (z), such that 


fii) =@—4,)" ,( : ) fil2), 


Z— Ay 
where wu, is an integer, G*, is a transcendental function finite everywhere except 
at a, and has for its zeros all the zeros of f,(z)—and therefore all the zeros of 
J (z)—that lie in C,; then f,(z) possesses all the zeros of f(z) in the regions 
other than C, and C,, and has a, a, ..., dn for its essential singularities. 


Proceeding in this manner, we ultimately obtain a function f, (z) which 
has none of the zeros of f(z) in any of the n regions OC), Cy, ..., Cr, that is, 
has no zeros in the plane, and it has no essential singularities; it has no 
accidental singularities, and therefore f, (z) 1s a constant. Hence, when we 


substitute, and denote by S*(z) the product II (z—a,)", we have 
i=1 


n 
f@)=8* 1 G:(—), 
which is the most general form of a function with n essential singularities, no 
accidental singularities, and any number of zeros. The function S*(z) ws a 
rational function of z, usually meromorphic in form, and it has the essential 
singularities of f(z) as its zeros and poles; and the zeros of f(z) are dis- 
tributed among the functions G;. 


As however the distribution of the zeros by the regions C and therefore 


the functions G ( ) are somewhat arbitrary, the above form though general 


Z-a 
is not unique. 
If any one of the singularities, say Gn, had been accidental and not 


) would be 


: ; 1 
essential, then in the corresponding form the function G;, & 


tin 


polynomial and not transcendental. 
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70. <A function f(z), which has any finite nwmber of accidental singu- 
larities in addition to n assigned essential singularities and any number of 
assigned zeros, can be constructed as follows. 

Let A(z) be the polynomial which has, for its zeros, the accidental 
singularities of f(z), each in its proper multiplicity. Then the product 


JS(@)A (2) 
is a function which has no accidental singularities; its zeros and its essential 
singularities are the assigned zeros and the assigned essential singularities of 
f(z), and therefore it is included in the form 


ep (i 1a (; = =) : 


where S* (z) is a rational meromorphic function having the points ay, d,..., An 
for zeros and poles. The form of the function f(z) is therefore 


see! i aa ; 


71. A function f(z), which has an unlimited number of accidental singu- 
larities in addition to n assigned essential singularities and any number of 
assigned zeros, can be constructed as follows. 

Let the accidental singularities be a’, ®’,.... Construct a function f, (2), 
having the n essential singularities assigned to f(z), no accidental singu- 
larities, and the series a’, §’,... of zeros. It will, by § 69, be of the form of a 
product of n transcendental functions Gp4,,..., Gon, which are such that a 
function G has for its zeros the zeros of f,(z) lying within a region of the plane, 
divided as in § 69; and the function G,,; 1s associated with the point a. 
Thus 


A@=THOU Gai(—), 


2— A; 
where 7'*(z) is a rational meromorphic function having its zeros and its 
poles, each of finite multiplicity, at the essential singularities of f(z). 
Because the accidental singularities of f(z) are the same points and have 

the same multiplicity as the zeros of f(z), the function f(z) f,(z) has no 
accidental singularities. This new function has all the zeros of f(z), and 
Gy, ..+, Mm are its essential singularities ; moreover, it has no accidental singu- 
larities. Hence the product f(z) f, (z) can be represented in the form 

y n 1 

S* (z) I G; (<>) ) 

i=1 2—-A; 

and therefore we have 


1 
(| 
Me hd) es (- — a; 
OTe ( 1 ) 
mri ae 
as an expression of the function, 
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But, as by their distribution through the n selected regions of the plane 
in § 69, the zeros can to some extent be arbitrarily associated with the 
functions G,, G.,..., G,, and likewise the accidental singularities can to some 
extent be arbitrarily associated with the functions Gn4i, Gnys,-.-, Gon, the 
product-expression just obtained, though definite in character, is not unique 
in the detailed form of the functions which occur. 

S* (2) 

T* (z) 

is rational, neither S* nor 7'* being transcendental; it vanishes or becomes 
infinite only at the essential singularities a,, a,..., dn, being the product 
of factors of the form (z—a,)", for i=1, 2,...,n. Let the power (2—«a,)" 
be absorbed into the function G;/@,,; for each of the n values of 7; no 
substantial change in the transcendental character of G@; and of Gy4; is 
thereby caused, and we may therefore use the same symbol to denote the 
modified function after the absorption. Hencet the most general product- 
expression of a uniform function of z, which has n essential singularities 
Gy, Ag, ++., An, any unlimated number of assigned zeros, and any unlimited 
number of assigned accidental singularities, is 


The fraction 


ee ee 
es 
N+ 26, 


The resolution of a transcendental function with one essential singularity 


into its primary factors, each of which gives only a single zero of the function, 
has been obtained in § 63, Corollary IV. 


We therefore resolve each of the functions G4, ..., Gon into its primary 
factors. Each factor of the first n functions will contain one and only one zero 
of the original functions f(z); and each factor of the second n functions will 
contain one and only one of the poles of f(z). The sole essential singularity 
of each primary factor is one of the essential singularities of f(z). Hence we 
have a method of constructing a uniform function with any finite number of 
essential singularities as a product of any number of primary factors, each of 
which has one of the essential singularities as its sole essential singularity 
and either (i) has as its sole zero either one of the zeros or one of the 
accidental singularities of f(z), so that it is of the form 


= 1 
(= ef (ze) : 
z-—c¢ 
or (ii) it has no zero and then it is of the form 


se) 


+ Weierstrass, Ges. Werke, t. ii, p. 121. 


124 GENERAL FORM OF A FUNCTION WITH ESSENTIAL SINGULARITIES [71]. 


When all the primary factors of the latter form are combined, they constitute 
a generalising factor in exactly the same way as in § 52 and in § 63, 
Cor. IIL, except that now the number of essential singularities is not 
limited to unity. The product converges uniformly for all finite values of 2 
that lie outside small circles round the singularities; and similarly for infinite 
values, if the function is regular for z=. 


Two forms of expression of a function with a limited number of essential 
singularities have been obtained: one (§ 65) as a sum, the other (§ 69) as a 
product, of functions each of which has only one essential singularity. Inter- 
mediate expressions, partly product and partly sum, can be derived, e.g, 
expressions of the form 


But the pure product-expression is the most general, in that it brings into 
evidence not merely the n essential singularities but also the zeros and the 
accidental singularities, whereas the expression as a sum tacitly requires that 
the function shall have no singularities other than the n which are essential. 


Note. The formation of the various elements, the aggregate of which is the complete 
representation of the function with a limited number of essential singularities, can be 
carried out in the same manner as in § 34; each element is associated with a particular 
domain, the range of the domain is limited by the nearest singularities, and the aggregate 
of the singularities determines the boundary of the region of continuity. 


To avoid the practical difficulty of the gradual formation of the region of continuity 
by the construction of the successive domains when there is a limited number of 
singularities (and also, if desirable to be considered, of branch-points), Fuchs devised 
a method which simplifies the process. The basis of the method is an appropriate change 
of the independent variable. The result of that change is to divide the plane of the 
modified variable ¢ into two portions, one of which, G,, is finite in area and the other of 
which, (@,, occupies the rest of the plane ; and the boundary, common to G, and @, is a 
circle of finite radius, called the discriminating circle* of the function. In G, the 
modified function is holomorphic; in G, the function is holomorphic except at ae 
and all the singularities (and the branch-points, if any) lie on the discriminating circle. 


The theory is given in Fuchs’s memoir “ Ueber die Darstellung der Functionen com- 
plexer Variabeln,...... ,” Crelle, t. \xxv, (1872), pp. 176—223. It is corrected in details 
and is amplified in Credle, t. cvi, (1890), pp. 1—4, and in Credle, t. eviii, (1891), 
pp. 181—192; see also Nekrassoft, Math. Ann., t. xxxviii, (1891), pp. 82—90, and 
Anissimoff, Math. Ann., t. xl, (1892), pp. 145—148. 


* Fuchs calls it Grenzkreis, 


CHAPTER VII. 


FUNCTIONS WITH UNLIMITED ESSENTIAL SINGULARITIES, AND EXPANSION 
IN SERIES OF FUNCTIONS. 


Iv addition to the memoirs mentioned below, as being the basis of the present chapter, 
there are several others (alluded to at the end of § 35) of the greatest importance, dealing 
with the general theory of uniform analytic functions and particularly with their analytical 


representation by an infinite series of polynomials in the variable. Among these, specially 
worthy of note, are : 


Runge, Acta Math., t. vi, (1885), pp. 229—248 ; 
Hilbert, Gétt. Nachr., (1897), pp. 63—70 ; 


Painlevé, Comptes Rendus, t. exxvi, (1898), pp. 200—202, 318—321, 385—388, 459—461, 
ib. t. exxviii, (1899), pp. 1277 —1280, ib. t. cxxix, (1899), pp. 27—31 ; see also his 
thesis, quoted in § 86 ; 

Phragmén, Comptes Rendus, t. exxviii, (1899), pp. 1484—1437; 

Mittag-Leffler, Acta Math., t. xxiii, (1900), pp. 43—62, where references are given 
to earlier records of the investigations ; also Camb. Phil. Trans., (Stokes Jubilee 
volume), t. xviii, (1900), pp. 1—11. 


See also Borel, Legons sur la théorie des fonctions, (Gauthier-Villars, Paris, 1898), 
ch. vi. 


72. It now remains to consider functions which have an infinite number 
of essential singularities*. It will, in the first place, be assumed that the 
essential singularities are isolated points, that is, that they do not form a 
continuous line, however short, and that they do not constitute a continuous 
area, however small, in the plane. Since their number is unlimited and 


* The results in the present chapter are founded, except where other particular references are 
given, upon the researches of Mittag-Leffler and Weierstrass. The most important investigations 
of Mittag-Leffler are contained in a series of short notes, constituting the memoir “Sur la théorie 
des fonctions uniformes d’une variable,” Comptes Rendus, t. xciv, (1882), pp. 414, 511, 713, 781, 
938, 1040, 1105, 1163, t. xev, (1882), p. 335; and in a memoir ‘Sur la représentation analytique 
des fonctions monogénes uniformes,” Acta Math., t. iv, (1884), pp. 1—79. ‘The investigations of 
Weierstrass referred to are contained in his two memoirs ‘‘ Ueber einen functionentheoretischen 
Satz des Herrn G. Mittag-Leffler,” (1880), and “Zur Functionenlebre,” (1880), both included in 
the volume Abhandlungen aus der Functionenlehre, pp. 53—66, 67—101, 102—104. A memoir by 
Hermite, “‘Sur quelques points de la théorie des fonctions,” Acta Soc. Fenn., t. xii, pp. 67—94, 
Crelle, t. xci, (1881), pp. 54—78, may be consulted with great advantage. 
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their distance from one another is finite, there must be at least one point in 
the plane (it may be at z=) where there is an infinite aggregate of such 
points. But no special note need be taken of this fact, for the character of an 
essential singularity has not yet entered into question; the essential singu- 
larity at such a point would merely be of a nature different from the essential 
singularity at some other point. 


We take, therefore, an infinite series of quantities a, d, d3,... arranged in 
order of increasing moduli, and such that no two are the same: and so we 
have infinity as the limit of |a,| when v=. 


Let there be an associated series of uniform functions of z such that 
: : 1 ae : 1 
for all values of 7, the function G; (— , vanishing with pat has a; as 
— a; — a; 


its sole singularity; the singularity is essential or accidental according as 
G@; is transcendental or polynomial. These functions can be constructed 
by theorems already proved. Then we have the theorem, due to Mittag- 
Leffler:—It is always possible to construct a uniform analytic function F(z), 
having no singularities other than a, dz, ds, ... and such that for each determ- 


; 1 ; 
inate value of v, the difference F(z)—G, (—}) ws fimte for z=a, and 


therefore, in the vicinity of a,, is expressible in the form P (z—a,). 


73. To prove Mittag-Leffler’s theorem, we first form subsidiary functions 
: : é : 1 
F,,(z), derived from the functions G as follows. The function G, ( = 
zZ-a, 
converges everywhere in the plane except within an infinitesimal circle round 
the point a,; hence within a circle |z| =p, where p is less than |a,|, it is a 
monogenic analytic function of z, and can therefore be expanded in a series 
of positive powers of z which converges uniformly within the circle |z, =p, 


say 
; 1 < 
G, ( ) = 2, v3", 
Z—y/  w=0 
for values of z such that |2|<p<|a,|. If a, be zero, there is evidently no 
expansion. 
Let ¢ be a positive quantity less than 1, and let «&, €, €,... be arbitrarily 


chosen positive decreasing quantities, subject to the single condition that Ye 
Is a converging series, say of sum A: and let e be a positive quantity inter- 


(= ) for 
PRMD hie | 


points on or within the circumference |z|=e,|{a,|; then, because the series 


mediate between 1 and e. Let g be the greatest value of 


wm 
> v,2" is a converging series, we have, by § 29, 
w=0 


\v,2"|<g, 
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or IMel < ata 


since ¢<«. Take the smallest integral value of m such that 


m 
aad (=) < Ey 
Pes 

€ 
it will be finite and may be denoted by m,: and thus we have 


= | 
> V2 | < Ey, 
K=My 


for values of z satisfying the condition | z|< e|a,|. 


We now construct a subsidiary function F’, (z) such that, for all values of z, 


D2) = ay ( ou ) a eneae 


a=, n=0 
then for values of |z|, which are <e|a,|, 


IF, (2) |<. 
m,-1 
Moreover, the function } v,2 is finite for all finite values of z so that, if we 
w=0 
take 
ee @ 1 "5 1 Vy 
fy (2) =2 2 (= =)- oo gmy—b? 


F ; ‘ 1 ; ; 
then ¢,(2) 1s zero at infinity, because, when z=, Gt ( — | is finite by 


Vv. 


hypothesis. Evidently ¢,(z) is infinite only at z=a,, and its singularity is 
: ] 
of the same kind as that of G.( -). 


ioe ODF 


74. Now let ¢ be any point in the plane, which is not one of the points 
Gy, Gy, Az, ...; it is possible to choose a positive quantity p such that all the 
points @ lie without the circle |z—c|=p. Let a, be the singularity, which 
is the point nearest to the origin satisfying the condition |a,| > |c|+p; then, 
for points within or on the circle, we have 


Z 


Us 


<6; 
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when s has the values »,v+1,v4+2,.... Introducing the subsidiary functions 
F,,(z), we have, for such values of z, 
| Fs (z)| < Es, 


and therefore 53 (zie S | F; (z)| 


a finite quantity. Also let 6 denote any assigned finite positive quantity, 


B+r ; 
however small; an integer wz’ can be chosen so that = e,< 6, for all integers 
s=Eh 


>’, and for all positive integers r. For these same integers, we have 


w+r etr peor 
> Fy <= Le eo ero. 
s= s=p SM 


It therefore follows that the series S F(z) converges uniformly for all 


s=v 
values of z which satisfy the condition |z—c|<p. Moreover, all the func- 
tions F(z), F,(z),..., Ff, (2) are finite for such values of z, because their 
singularities lie without the circle |z—c] =p; and therefore the series 


> F,(z) 
r=1 


converges uniformly for all points z within or on the circle |z—c|=p, where 
p 1s chosen so that all the points a lie without the circle. 


The function, represented by the series, can therefore be expanded in the 
form P (z- cc), in the domain of the point c. 
If am denote any one of the points a, a, ..., and we take p’ so small that 
all the points, other than a,,, lie without the circle 
|z oe On| — As 


then, since F(z) 1s the only one of the functions # which has a singularity 
at Gm, the series 


és 
ZF yy 
r=1 

where =” implies that F(z) 1s omitted, converges uniformly in the 


vicinity of a, and therefore it can be expressed in the form P(z— ap»). 
Hence 


3 F.(2)=F,(2)+ Pea) 
(il 


Y 1 3) 
= Gas (. —} SF y 1 (2 a ney 
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the difference of F,,, and G,, being absorbed into the series P to make Pals 

thus appears that the series : F,(z) is a function which has infinities only 
pl 


at the points a, ds, ..., and is such that 


2—Am 


can be expressed in the vicinity of a, in the form P(z—a»). Hence = C2) 
r=1 


as a function of the required kind. 


75. It may be remarked that the function is by no means unique. As 
the positive quantities « were subjected to merely the single condition that 
they form a converging series, there is the possibility of wide variation in 
their choice: and a difference of choice might easily lead to a difference 
in the ultimate expression of the function. 

This latitude of ultimate expression is not, however, entirely unlimited. 
For, suppose there are two functions F(z) and F(z), enjoying all the assigned 
properties. Then as any point c, other than q, a,,...,1s an ordinary point for 
both F(z) and #(z), it is an ordinary point for their difference: and so 


F(z) —F(z)=P(z-c) 


for points in the immediate vicinity of c. The points a are, however, 
singularities for each of the functions: in the vicinity of such a point a;, 
we have 
1 
— (Geo || = SEs — Q;), 

F(2)=G; (—.)+ (2-4) 

iz 1 ae 

F@=4(— )+P @-a), 


A; 
since the functions are of the required form: hence 
F(z) —F(2)=P (2-4) — P (2-4), 


or the point a; is an ordinary point for the difference of the functions. Hence 
every finite point in the plane, whether an ordinary point or a singularity 
for each of the functions, is an ordinary point for the difference of the 
functions: and therefore that difference is a uniform integral function of z. 
It thus appears that, if F(z) be a function with the required properties, then 
every other function with those properties is of the form 


F(z) + G(z), 
where G(z) is a uniform integral function of 2 either transcendental or 


polynomial. 
The converse of this theorem is also true. 


F. 


130 FUNCTIONS POSSESSING [75. 


Moreover, the function @(z) can always be expressed in a form ~ g,(z), if 


Al 
it be desirable to do so: and therefore it follows that any function with the 
assigned characteristics can be expressed in the form 


LA O+n 


Note. In the preceding investigation, the integers m, have not been limited to be the 
same for each of the functions G. The simplest sets of functions evidently arise when a 
common value can be assigned to the integers ; they then correspond to Weierstrass’s 
converging infinite products (§$§ 50, 59—61), arranged according to their class. But as 
with the converging infinite products (§ 51), it may happen that no common yalue can 
be assigned : and then the preceding investigation, in its most general form, establishes 
the existence of the functions. 

It does not, however, indicate that the expression is unique. [f, for instance, the 


series of functions G be 
il 


"" #—log,n’ 


for n=1, 2,..., the function formed by the preceding method is 


o Xn a | 
> + —- 
n=l es nym «v—log,n 
and there is no finite integer which, when assigned as the common value of the 
integers m,, will make the series converge. 
But we may use the function 
= xem 
> —— ~ 
n=1 7 log, n (a —log, 2) 


which satisfies all the conditions and is a converging series*. 


76. The following applications, due to Weierstrass, can be made so as 
to give a new expression for functions, already considered in Chapter VI., 
having z= as their sole essential singularity and an unlimited number 
of poles at points a), ds,.... 

If the pole at a; be of multipheity m,, then (2 —a,)"™ f(z) is regular at 
the point a; and can therefore be expressed in the form 


w=0 
Fide : mi-1 
Hence, if we take Fi(@)= & eu(2— ay), 
w=0 
we have F(a=fil2) + P (e-—4). 


Now deduce from f;(z) a function F;(z) as in § 73, and let this deduction be 
effected for each of the functions f;(z). Then we know that 


S F(z) 


t=1 


* This remark was made to me by Prof, A. CG. Dixon, 
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is a uniform function of z having the points a, a, ... for poles in the proper 
multiplicity and no essential singularity except z=. The most general 
form of the function therefore is 


3 (Fe (2)+.G-(@)h 


Hence any uniform analytical function which has no essential singularity 
except at infinity can be expressed as a sum of functions each of which has only 
one singularity in the finite part of the plane. The form of F(z) is 


Sr (2) — G (2), 


where f,(z) is infinite at z=a,, and (f(z) is a properly chosen integral 
function. 


We pass to the case of a function, having a single essential singularity at 
c and at no other point, and any number of accidental singularities, by taking 
i 2 : 
Z= poe § 63, Cor. II.: and so we obtain the theorem: 
Any uniform function which has only one essential singularity, say at c, 
can be expressed as a sum of wuform functions each of which has only one 
singularity different from c. 


Evidently the typical summative function F(z) for the present case is of 
the form 


fle) + @ (). 


77. The results, which have been obtained for functions possessed of 
an infinitude of singularities, are valid on the supposition, stated in § 72, 
that the limit of a, with indefinite increase of pv is infinite; the series 
@,, Uz, ... tends to one definite limiting point which is z= and, by the 
substitution z’(z—c)=1, can be made any point ¢ in the finite part of the 
plane. 


Such a series, however, does not necessarily tend to one definite limiting 
point: it may, for instance, tend to condensation on a curve, though the 
condensation does not imply that all points of the continuous are of the curve 
must be included in the series. We shall not enter into the discussion 
of the most general case, but shall consider that case in which the series 
of moduli |a,|, |a,|,... tends to one definite limiting value so that, with 
indefinite increase of v, the limit of |a,| is finite and equal to &; the 
points d,, @,... tend to condense on the circle |2| = Rf, 


Such a series is given by 
Qhre 
ae Fees 
€ ) 


tna] 1+ mel 
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for k=0, 1,..., », and n=1, 2, ... ad inf.; and another* by 
On ={1+(—1)" o%} ernnin2 
where ¢ is a positive proper fraction. 

With each point a», we associate the point on the circumference of the 
circle, say bm, to which a, is nearest: let 

| Gm — Om | = Pm 
so that pm approaches the limit zero with indefinite increase of m. There 
cannot be an infinitude of points a», such that p, >, any assigned positive 
quantity; for then either there would be an infinitude of points a within or 
on the circle |z|= R—®, or there would be an infinitude of points a within 
or on the circle |z|=R+, both of which are contrary to the hypothesis 
that, with indefinite increase of v, the limit of |a,| is R. Hence it follows 
that a finite integer n exists for every assigned positive quantity ©, such that 
lam —bm|< 
when m >n. 

Then the theorem, which corresponds to Mittag-Leffler’s as stated in § 72 
and which also is due to him, is as follows :— 

It is always possible to construct a uniform analytical function of 2 which 
is definite over the whole plane, except within infinitesimal circles round the 
points a and b, and which, in the immediate vicinity of each one of the 
singularities a, can be expressed in the form 


G; (=) + P(z—a,), 


where the functions G; are assigned functions, vanishing with -, and finite 
Z— Uy 


everywhere in the plane except at the single points a; with which they are 
respectively associated. 

In establishing this theorem, we shall need a positive quantity e less than 
unity and a converging series €,, €, €, ... of positive quantities, all less than 
unity. 

Let the expression of the function G,, be 


i C. C C 
(G {__- ) a ee N, 2 _&n,3 
Tn \z — An C—O (z = aigy aE (z = An)? AP coe 


Gn — b, 
Then, since 2 =On= (a0) eee 
a— Dn 
the function G, can be expressed} in the form 


Gn ( += 3 Ap, (a= 


Z— An B=1 z—bn 


* The first of these examples is given by Mittag-Leffler, Acta Math, t. iv, p. 11; the second 
was stated to me by Mr Burnside. 


|} The justification of this statement is to be found in the proposition in § 82, 
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for values of z such that 
(On — On 


zZ—by 


and the coefficients A are given by the equations 


<e; 


e $ Care (u—1)! 
aia r=1 (Qn — bn)" (u—7)! (Gang a" 


Now, because G, is finite everywhere in the plane except at dp», the series 


A 


lCn,a| lCn,2| nf 
E, e Ee (dhe Fs € 


has a finite value, say g, for any non-zero value of the positive quantity &, ; 
then 


+ 


& ene (4 —1)! 
Hence |Anul< 2 anes ote SiGe 
<9 on (Za 


2 ins O C22 Ga) 
ie En ey 
ae re b,| {1+ [an — b, aa 


Introducing a positive quantity « such that 


(l+a)e<1], 
we choose &, so that En < @|An — Dp! ; 
and then [An win ga(l aye. 


Because (1 + «)¢ is less than unity, a quantity @ exists such that 
(l+a)e<@<1. 


ae br, | 
Then for values of z determined by the condition <2 Role have 
= my 


2) al gyn Nw 
ren ee 1 ea la 


=Mntl 


Let the integer m, be chosen so that 


it will be a finite integer, because 0< 1. Then 

io) 

* | dn — On | 

> Ns b | _, ce < Ep. 
B=Myt1 | @ n | 


We now construct, as in § 73, a subsidiary function F’, (z), defining it by 


the equation ; 
Mn mn 
Ei (2) — Gn (= = :) eS Bay (= a "| 

0 Z— On 


a An/ w=0 
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A . te Ay, — b, 
so that for points z determined by the condition ~ "|< é, we have 


| Fn (2)| < én: 


A function with the required properties is 


Ww 


F(2)= 3% Fr(2). 
1 


m= 
To prove it, let ¢ be any point in the plane distinct from any of the points 
a and b; we can always find a value of p such that the circle 
|z—cl=p 


contains none of the points a and b. Let J be the shortest distance between 
this circle and the circle of radius R, on which all the points b lie; then for 
all points z within or on the circle |z—c| =p, we have 


|j2—b,| >. 


Now we have seen that, for any assigned positive quantity ©, there is a 
finite integer n such that 
|Qin = Din! <S , 


when m>n. Taking © = el, we have 


Gm — Om| — 
z—bdy, ; 


when m>n, n being the finite integer associated with the positive quantity el. 
It therefore follows that, for points z within or on the circle |z —c|=p, 
| Fm (z)| < Em, 
when m is not less than the finite integer n ; hence 


>> Pa (2)| < €n + Entit Ente t.... 
=n 


m= 


Now the series of positive quantities €, &, ... converges ; and therefore 


wo 
& £y'(2) 


man 


is a series, which converges uniformly and unconditionally. Each of the 
; * ae is 
functions F(z), F(z), ..., Fy (z) is finite when |2—c|<p; and therefore 


wo 
Bi. Hay C2) 
m=1 


1s a series which converges uniformly and unconditionally for all values of z 
within the circle 


lZ—¢ —IPy 
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Hence the function represented by the series can be expressed in the form 
P(z— ec) for all such values of z The function therefore exists over the 
whole plane except at the points a and 6. 


It may be proved, exactly as in § 74, that, for points z in the immediate 
vicinity of a singularity a», 


F(2)=Gn( : 


Z— Um 


) + P (Z— Gp). 


The theorem is thus completely established. 


The function thus obtained is not unique, for a wide variation of choice of 
the converging series ¢,+¢,+... is possible. But, in the same way as in the 
corresponding case in § 75, it is proved that, if F(z) be a function with the 
required properties, every other function with those properties is of the form 


F(z)+ Gz), 


where G(z) behaves regularly in the immediate vicinity of every point in the 
plane eacept the points b. 


Ex. If the points a in Mittag-Leffler’s theorem are given by 


(145) geen (=O; Licndy 0 Le My, Do. ayo 


and if Cin ( : )= ee! , shew that 


Z— Am Z2—AUm, 
n 
; nor (147) -1} 
ce : nv 


=| 1 1 | 

= (pn | ge ae 
Peas 

is a function of the character specified in the theorem. 


Discuss the nature of the function defined by 


ng 


(Math. Trip., Part IL, 1899.) 


78. The theorem just given regards the function in the light of an 
infinite converging series of functions of the variable : it is natural to suppose 
that a corresponding theorem holds when the function is expressed as an 
infinite converging product. With the same series of singularities as in 
§ 77, when the limit of a,| with indefinite increase of vy is finite and 


equal to R, the theorem* iG 


It is always possible to construct a uniform analytic function, which 
behaves regularly everywhere in the plane ewcept within impinitesimal circles 


* Mittag-Leffler, dciw Math., t. iv, p. 32; it may be compared with Weierstrass’s theorem in 


§ 67. 
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round the points a and b, and which in the vicinity of any one of the points a, 


can be expressed in the form 
(z oA ay) eP aor) 


where the numbers n,, %, ... are any assigned integers. 


The proof is similar in details to proofs of other propositions and it will 
therefore be given only in outline. We have 


Via Ny Su (Oy — ONE 
Pa 5 ot eee son (es) i 
provided Bet <e, the notation being the same as in § 77. Hence, for 


such values of z, 


If we denote 


. 1 (2 = a 
by E,(z), we have E,(z)=e@ 9 emt BN abe] 
Hence, if #’(z) denote the infinite product 


io 2) 
LIE (2), 
v=1 
aS {i > “(% I 
we have F(z)=e@ "Al wemtie\2—by 7 | 
and #’"(z) is a determinate function provided the double series in the index of 
the exponential converge. 


Because n, is a finite integer, and because 


is a converging series, 1t 1s possible to choose an integer m, so that 


Ny S L easy me 


w=my,tl M\e— by = 


where 7, 1s any assigned positive quantity. We take a converging series of 
positive quantities 7,: and then the moduli of the terms in the double series 
form a uniformly converging series. The double series itself therefore 
converges uniformly ; and then the infinite product F(z) converges uniformly 
for points z such that 
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As in § 77, let c be any point in the plane, distinct from any of the 
points a and 6. We take a finite value of p such that all the points a and b 
le outside the circle |z—c|=p; and then, for all points within or on this 
circle, 

Qin — Om 


<&, 
Z—bm 


when m >n, n being the finite integer associated with the positive quantity 
el. The product 
II £,(z) 


v=n 


is therefore finite, for its modulus is less than 


n-1 


the product Il £, (2) 
v=1 


is finite, because the circle |z—c|=p contains none of the points a and D; 
and therefore the function F(z) is finite for all points within or on the circle. 
Hence in the vicinity of c, the function can be expanded in the form P (z—c); 
and therefore the function is definite everywhere in the plane except within 
infinitesimal circles round the points a and b. 

The infinite product converges uniformly and unconditionally. As in § 51, 
it can be zero only at points which make one of the factors zero and, from the 
form of the factors, this can take place only at the points a, with positive 
integers n,. In the vicinity of a, all the factors of #(z) except H,(z) are 
regular; hence #’(z)/H,(z) can be expressed as a function of z—a, in the 
vicinity. But the function has no zeros there, and therefore the form of the 
function is 

ePi (ay), 


Hence in the vicinity of a,, we have 
F(z) = E,(z) e?: -) 
= (z = a) eP (e—ay) 
on combining the exponential index in #,(z) with P,(z—a,). This is the 
required property. 
Other general theorems will be found in Mittag-Leffler’s memoir just 


quoted. 


79. The investigations in §§ 72—75 have led to the construction of a 
function with assigned properties. It is important to be able to change, into 
the chosen form, the expression of a given function, having an infinite series 
of singularities tending to a detinite limiting point, say to z=0. It 1s 
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necessary for this purpose to determine (i) the functions F’,(z) so that the 


series £ F(z) may converge uniformly and unconditionally, and (1) the 
r= 
function G (z). 
Let ®(z) be the given function, and let S be a simple contour embracing 
the origin and yw of the singularities, viz. q,...,@,: then, if ¢ be any 
point, we have 


20 (an [0 GF a [EGA 


peso 
Talos foot a, 


(a) . . 
where | implies an integral taken round a very small circle centre a. 


If the origin be one of the points a, a, ..., then the first term will be 
included in the summation. 


Assuming that z is neither the origin nor any one of the points m, ..., dy, 


we have 
P(t) (2 
la (=) dt = 271 D(z), 
: el feo Owa Lp iiyaye 
so that b@)=5., | — G) Oe oes an S 


1 a (dy) ® (t) g\m 
Shak Ss: Ate 
Qari 3] ole is 
1 (6% ®( /z\™ 
Now oni} Gazz) # 


ge ses + Dt) 
~ (m— Lage i 


ew gin ; ~ qin 1 rap) uae tp () 
~ (m—1)!| dim | z Pe 7 te. 
gi m— 
1)! E pr (0) + = L on (0) i | 
gn ae (0) 
(m—1)! 


unless z= 0 be a singularity and then there will be no term @(z). Similarly, 
it can be shewn that 


2 (m — 


=| © 00) 7 PO) +. + = — G(), 


Qa 
: al M1 zZ A 
is equal to os ( ) —- iy a = F(Z), 
Z— Ay A=0 Cy / 


where Gy | = 
Z—a Qari hx z 


1 | (= os OF 
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and the subtractive sum of m terms is the sum of the first m terms in the 
development of G, in ascending powers of z. Hence 


Ke Le pS (t) g\m 
® = Ss ’ 
(z) =G (2) + ea F,(z)+ i | ee (=) dt. 


If, for an infinitely large contour, m can be chosen so that the integral 


hs fie ae 
lease) 
diminishes indefinitely with increasing contours enclosing successive singu- 
larities, then 
(2) =G() +3 F) 
The integer m may be called the critical integer. 
If the origin be a singularity, we take 
F)= (=), 
z 
and there is then no term G(z): hence, including the origin in the summa- 


tion, we then have 


D(z) = > F,, (2) + aD AG) (F) a; 
v=0 


2Qrz t—z\t 


so that if, for this case also, there be some finite value of m which makes 
the integral vanish, then 


@ (2) => F,(z). 


v=0 


8 


i 


Other expressions can be obtained by choosing for m a value greater than 
the critical integer; but it is usually most advantageous to take m equal to 


its lowest lawful value. 


Ex. 1. The singularities of the function cot mz are given by z=A, for all integer 
values of X from —o to +o including zero, so that the origin is a singularity. 


The integral to be considered is 


1 (s) w cot mt (z\" 
— ' = = dt. 
y Qrv | t-z (F) 


We take the contour to be a circle of very large radius F chosen so that the circumference 
does not pass infinitesimally near any one of the singularities of m cot mé at infinity; this 
is, of course, possible because there is a finite distance between any two of them. Then, 
round the circumference so taken, 7 cot mé is never infinite: hence its modulus is never 


greater than some finite quantity 7. 


Let ¢=Re™, so that @ aid ; then 


: | Dar Z /g\m~I1 
Uae iE nm cot mt i es dé, 
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coh 
? 


and therefore \J <M ae 


g ™m 
7 
for some point ¢ on the circle. Now, as the circle is very large, we have |¢—z| infinite: 
hence |-/| can be made zero merely by taking m unity. 

Thus, for the function 7 cot wz, the critical integer is unity. 


Hence from the general theorem we have the equation 


the summation extending to all the points A for integer values of A= —@ to +o, and 
each integral being taken round a small circle centre A. 


Ht () wr cot mt z 
Qt | t-z zs 


Now if, in 
we take ¢=A+¢, we have 
m cot nt=5+P (0) 


where P(¢)=0 when ¢=0; and therefore the value of the integral is 
eT 

il jes 
perro evans 


ra! | fl+¢P(O}2 de 
Qi J(R—ZFO ATO O° 


In the limit when |¢| is infinitesimal, this integral 


 Qrt 


Zz 


A—zZ)A 
~ ie ed 
THe. he 
é 1 1 
and therefore P. (2) — a6 => 


if X be not zero. 
And for the zero of i, the value of the integral is 


-z; farroA, 


2 Se [ a+ ePO} ie 


--[ im teeroi+ ror], , 


sort : , 
so that Fy (z) is —. In fact, in the notation of § 72, we have 


sy hs cee 
a(3)=5> 


1 1 
Coles 
(3) zZ—-n’ 


and the expansion of (, needs to be carried only to one term. 
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\= 
We thus have a cot rolys a & tr :); 
z a 


the summation not including the zero value of X. 
Ex. 2. Obtain, ab initio, the relation 
1 Azo 
Sine 
Lx. 3. Shew that, if 


ROS {} a (F)} {1 es (=)} es {1 = (Gari) } ; 


nm cotmz 1 


R(z) 2 


then 


(Gyldén, Mittag-Leffler.) 
Ex. 4, Obtain an expression, in the form of a sum, for 


aw COt 1z 


Q(z)? 
where (z) denotes (1-2) (1 ~ 5) (1 - 3) AACE (a - a 


Ez. 5. Construct a uniform analytical function #'(x), which is finite at all finite 
points except at the points 0, 1, 2, 3, ..., at which it is infinite in such a way that 


F' (2) — e* cot rx 
is finite at each of the points. 
(Math. Trip., Part II., 1897.) 

80. The results obtained in the present chapter relating to functions 
which have an unlimited number of singularities, whether distributed over 
the whole plane or distributed over only a finite portion of it, shew that 
analytical functions can be represented, not merely as infinite converging 
series of powers of the variable, but also as infinite converging series of 
functions of the variable. The properties of functions when represented by 
series of powers of the variable depended in their proof on the condition that 
the series proceeded in powers; and it is therefore necessary at least to 
revise those properties in the case of functions when represented as series 
of functions of the variable. 

Let there be a series of uniform functions f,(z), fo(2), ...; then the 
aggregate of values of z, for which the series 


> fi (2) 
i=1 
has a finite value, is the region of continuity of the series. If a positive 
quantity p can be determined such that, for all points z within the circle 
|z—a|=p, 


2 . . . 

the series > f;(z) converges uniformly*, the series is said to converge 

4=1 

* In connection with most of the investigations in the remainder of this chapter, Weierstrass’s 
memoir “ Zur Functionenlehre” already quoted (p. 125, note) should be consulted. 
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uniformly in the vicinity of a. If R be the greatest value of p for which this 
holds, then the area within the circle 

lz-al|=R 
is called the domain of a; and the series converges uniformly in the vicinity 
of any point in the domain of a. 

It will be proved in § 82 that the function, represented by the series of 
functions, can be represented by power-series, each such series being equiva- 
lent to the function within the domain of some one point. In order to be 
able to obtain all the power-series, it is necessary to distribute the region of 
continuity of the function into domains of points where it has a uniform 
finite value. We therefore form the domain of a point b in the domain of a 
from a knowledge of the singularities of the function, then the domain of 
a point c in the domain of b, and so on; the aggregate of these domains is a 
continuous part of the plane which has isolated points and which has one or 
several lines for its boundaries. Let this part be denoted by A). 


For most of the functions, which have already been considered, the region 
A,, thus obtained, is the complete region of continuity. But examples will 
be adduced almost immediately to shew that A, does not necessarily include 
all the region of continuity of the series under consideration. Let a’ be a 
point not in A,, within whose vicinity the function has a uniform finite 
value; then a second portion A, can be separated from the whole plane, by 
proceeding from a’ as before from a. The limits of A, and A, may be wholly 
or partially the same, or may be independent of one another: but no point 
within either can belong to the other. If there be points in the region of 
continuity which belong to neither A, nor A,, then there must be at least 
another part of the plane A; with properties similar to A, and A,. And so 


co 
on. The series { f;(z) converges uniformly in the vicinity of every point 
j=1 : 


within each of the separate portions of its region of continuity. 

It was proved that a function represented by a series of powers has a 
definite finite derivative at every point lying actually within the circle 
of convergence of the series, but that this result cannot be affirmed for a 
point on the boundary of the circle of convergence even though the value of 
the series itself should be finite at the point, an illustration being provided 
by the hypergeometric series at a point on the circumference of its circle of 
convergence, It will appear that a function represented by a series of 
functions has a definite finite derivative at every point lying actually within 
its region of continuity, but that the result cannot be affirmed for a point 
on the boundary; and an example will be given (§ 83) in which the derivative 
is indefinite. 


Again, it has been seen that a function, initially defined by a given power- 
series, is, In most cases, represented by different analytical expressions in 
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different parts of the plane, each of the elements being a valid expression of 
the function within a certain region. The questions arise whether a given 
analytical expression, either a series of powers or a series of functions: 
(1) can represent different functions in the same continuous part of its region 
of continuity, (11) can represent different functions in distinct, that is, non- 
continuous, parts of its region of continuity. 


81. Consider first a function defined by a given series of powers. 


Let there be a region A’ in the plane and let the region of continuity of 
the function, say g(z), have parts common with A’. Then if a, be any point 
in one of these common parts, we can express g(z) in the form P(z— a) in 
the domain of a. 

As already explained, the function can be continued from the domain of 
a) by a series of elements, so that the whole region of continuity is gradually 
covered by domains of successive points; to find the value in the domain of 
any point a, it is sufficient to know any one element, say, the element in the 
domain of a. The function is the same through its region of continuity. 


Two distinct cases may occur in the continuations. 


First, it may happen that the region of continuity of the function g (z) 
extends beyond A’. Then we can obtain elements for points outside A’, 
their aggregate being a uniform analytical function. The aggregate of 
elements then represents within A’ a single analytical function: but as that 
function has elements for points without A’, the aggregate within A’ does 
uot completely represent the function. Hence 


If a function be defined within a continuous region of a plane by an 
aggregate of elements in the form of power-series, which are continuations of 
one another, the aggregate represents in that part of the plane one (and only 
one) analytical function: but if the power-series can be continued beyond the 
boundary of thé region, the aggregate of elements within the region rs not the 
complete representation of the analytical function. 

This is the more common case, so that examples need not be given. 


Secondly, it may happen that the region of continuity of the function does 
not extend beyond A’ in any direction. ‘There are then no elements of the 
function for points outside A’ and the function cannot be continued beyond 
the boundary of A’. The aggregate of elements is then the complete 
representation of the function and therefore: 

If a function be defined within a continuous region of a plane by an 
aggregate of elements in the form of power-series, which are continuations of 
one another, and if the power-series cannot be continued across the boundary of 
that region, the aggregate of elements in the region vs the complete representa- 
tion of a single uniform monogenic function which exists only for values of the 


varrvable within the reguon. 
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The boundary of the region of continuity of the function is, in the latter 
case, called the natural limit of the function*, as it is a line beyond which 
the function cannot be continued. Such a line arises for the series 


1422+ 22+4+22°+..., 


in the circle |z|=1, a remark due to Kronecker; other illustrations occur 
in connection with the modular functions, the axis of real variables bemg 
the natural limit, and in connection with the automorphic functions (see 
Chapter XXII.) when the fundamental circle is the natural limit. A few 
examples will be given at the end of the present chapter. 


It appears that Weierstrass was the first to announce the existence of natural limits 
for analytic functions, Berlin. Monatsber. (1866), p. 617; see also Schwarz, Ges. Werke, 
t. ii, pp. 240—242, who adduces other illustrations and gives some references ; Klein and 
Fricke, Vorl. ciber die Theorie der elliptischen Modulfunctionen, t. i, (1890), p. 110. Some 
interesting examples and discussions of functions, which have the axis of real variables 
for a natural limit, are given by Hankel, “Untersuchungen iiber die unendlich oft 
oscillirenden und unstetigen Functionen,” Math. Ann., t. xx, (1870), pp. 68—112. 


82. Consider next a series of functions f,(z), fi(z), fs(2),-.. of the 
variable 2. 


In the first place, let each of them occur in the form of power-series in 2, 
with (it may be) positive and negative indices, say in the form 


Te 2) = ae 
M 
Assume that the power-series for the separate functions, as well as the series 
> fs (2) 
s=1 


of functions, have a common region of continuity in the vicinity of the origin 
such that, for values of z given by 


Re<iel=r< F, 


the function-series and each of the power-series converge uniformly. Then 
the swum 


* Die natiirliche Grenze, according to German mathematicians, 
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Let k denote any arbitrary positive quantity, taken as small as we please. 
In consequence of the uniform convergence of the function-series, it is 
possible to choose an integer m, such that 


& fle) 


for all integers n>, and for all values of z such that Ren<r<r,< RP, 
where 7,;— R and R’—r, are non-vanishing quantities, no matter how small 
they may be assigned; and therefore for the same range of variables, it is 
possible to choose an integer m so that, for all integers »>m and for all 
finite positive integers p, we have 


< 4h; 


ey Olas Aes nO) 
s=n s=n n+prl 
Z| 2A) +| > £0) 
S=n n+p+1 


<tkh+tkhe<ek. 


Owing to the finiteness of the integer p, we have 


Caw n+p 
x fle==l > dan) 2 
S=n Be \S=7 


a n+p 
so that 3 ( S ay) BON Ke 


NS —90 


for all integers n > _m, and for all positive integers p. Hence (Corollary, § 29) 


n+p 
>» Asp 
S=1 


<aicy? Pe 


where |z|=7; because k, being greater than the upper limit of the modulus 
of the above series for all the values of z considered, is greater than the upper 
limit of its modulus for values of z such that |z|=7. It therefore follows 
that, because kr-’ is an arbitrary quantity assigned as small as we please, 
and because an integer m can be chosen such that the above inequality holds 


ce) 
for all integers n >m and for all positive integers p, the series 2 As, converges 
S= 


to a unique finite limit. Denote this by A,. 


n-1 ve 

ae 

Let DO, ee ey 
s=1 s=n 


then regarding kr," and kr, as two assigned quantities, as small as we 
please (because & can be assigned as small as we please, and 7,, 7, are finite 
non-vanishing magnitudes), the convergence of the series whose sum is A, 
enables us to choose an integer n such that 
AUT at ae Aina las 
10 
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Now consider the series }A,z2" for a value of z such that 1,<|z,=7r <1». 
We have 


ao 


Evie a(t) erg 


3 |A varied iG ‘\< <k 


K=O 


Ts 
? 
Uhr fe 


sey tte 


and therefore 2 Ap 2a ee : 
—ro 7 


w= —% 


Hence the series }A,’z" converges. Moreover, each of the power-series 
Ai), «+> fai(z) converges uniformly; therefore 


n—1 

> fe(Z)=2A,/2, 

s=1 
and the latter series converges uniformly. The two series }A,'2", 2 A,/’2" 
can therefore be combined into the series 

A, 2, 
which accordingly is a converging series. 
Finally, we have 


S f(2)- BA, = 3b fy) — SA 3A," 
s=1 Be s=1 


= = fi(@)— SAL, 


s=n 


and therefore 


2 file) 2A, #|= B file) - 2A," : a 


s 


<| 2 £@ 


+2 \A,"em| 


wf 
24k +h — 
: 


As the assigned quantity ’ is at our disposal, we can choose it so that the 
quantity on the right-hand side is smaller than any assignable magnitude : 
consequently, for the values of z under consideration, we have 


= f@)= Am. 
s=1 Me 

83. In the second place, consider the series of functions f,(z), f(z), 
J;(2),-.. more generally. The region of continuity may be supposed to 
consist of one part or of more than one part: let such a part be denoted by 


83.] OF A SERIES OF FUNCTIONS 147 


A, and let F(z) denote the function represented by the series within A, so 
that 


F@)=% file) 


and assume that within A (though not necessarily at points on its boundary) 
the function-series converges uniformly. Let a@ denote any arbitrarily 
assumed position within A; each of the functions f,(z) is regular in the 
vicinity of a and is expressible in the form of a power-series P, (z—a) 
containing only positive powers of z—a. By the preceding investigation, the 
function-series can be represented as a power-series, and we have 


EZ) =P (2 —a). 


In P (z—a), the coefficient of (z —a)* is A,, which is 3 Asn, Where ds, 1s the 
s=1 
coefficient of (¢- a)" in f,(z); accordingly 
[<- (z— 9] ts | $ =p) 


dz =] dz 2=a 


for all values of y. Since a@ is any arbitrarily chosen point in A, it follows 
that, for all points within A, we have 


dP (2) _ % def.) 


dz s=1 dz 


wD 
As the function-series } f(z) converges uniformly, and as /;(z) is regular in 
s=1 


the vicinity of a, it is easy to see that the series 


s=1 & 
also converges uniformly ; and therefore the derivatives of the function-series 
within the region of continuity are the derivatives of the function the series 
represents, 

The expression P (z—a) is an Hlement of the function #’(z): and within 
the domain of a, contained in the region A, it represents the function. It 
can be used for the continuation of #'(z) so long as the domains of successive 
points lie within A; but this restriction is necessary, and the full continua- 
tion of P (z—«a) as an element of a power-series is not necessarily limited by 
the region A. It is solely in that part of its region of continuity which is 
included within A that it represents the function F(z); the boundary of the 
region A must not be crossed in forming the continuations of P (z — a). 


It therefore appears that a converging series of functions of a variable 
can be expressed in the form of series of powers of the variable, which 
converge within the parts of the plane where the series of functions 
converges uniformly; but the equivalence of the two expressions is limited 

10—2 
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to such parts of the plane, and cannot be extended beyond the boundary of 
the region of continuity of the series of functions. 


If the region of continuity of a series of functions consist of several parts 
of the plane, then the series of functions can in each part be expressed in 
the form of a set of converging series of powers: but the sets of series of 
powers are not necessarily the same for the different parts, and they are not 
necessarily continuations of one another, regarded as power-series. 


Suppose, then, that the region of continuity of a series of functions 


F@)=% A. 


consists of several parts A,, A,,..... Within the part A, let F(z) be 
represented, as above, by a set of power-series. At every point within A,, 
the values of F(z) and of its derivatives are each definite and unique; so 
that, at every point which lies in the regions of convergence of two of the 
power-series, the values which the two power-series, as the equivalents of F(z) 
in their respective regions, furnish for /”(z) and for its derivatives must be 
the same. Hence the various power-series, which are the equivalents of F(z) 
in the region A,, are continuations of one another: and they are sufficient to 
determine a uniform monogenic analytic function, say F(z). The functions 
F(z) and F,(z) are equivalent in the region A,; and therefore, by § 81, the 
sertes of functions represents one and the same function for all points within 
one continuous part of its region of continuity. It may (and frequently does) 
happen that the region of continuity of the analytical function F, (z) extends 
beyond A,; and then #, (z) can be continued beyond the boundary of A, by 
a succession of elements. Or it may happen that the region of continuity 
of F(z) is completely bounded by the boundary of A,; and then that function 
cannot be continued across that boundary. In either case, the equivalence 


of F,(z) and > Js(z) does not extend beyond the boundary of d,, one 
s=1 , 


complete and distinct part of the region of continuity of s Je(@)3. and 
$=] 
therefore, by using the theorem proved in § 81, it follows that: 


A series of functions of a variable, which converges within a continuous part 
of the plane of the variable z, is either a partial or a complete representation 
of a single uniform analytic function of the variable in that part of the plane. 


Further, it has just been proved that the converging series of functions 
can, in any of the regions A, be changed into an equivalent uniform analytic 
function, the equivalence being valid for all points in that region, say 


@ 


1 
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We have seen that every derivative of F, (z) at any point within A is the 
sum of the corresponding derivatives of f,(z), this sum converging uniformly 
within A. The equivalence of the analytic function and the series of 
functions has not been proved for points on the boundary ; even if they are 
equivalent there, the function F(z) cannot be proved to have a uniform 
finite derivative at every point on the boundary of A, and therefore it cannot 


be affirmed that & f.(z) has, of necessity, a uniform finite derivative at points 
s=1 


on the boundary of A, even though the value of & f,(z) be uniform and finite at 
s=1 


every point on the boundary*. 


Ex. In illustration of the last inference, regarding the derivative of a function 
at a point on the boundary of its region of continuity, consider the series 


gie)= 3 brat", 
n=0 


where } is a positive quantity less than unity, and @ is a positive quantity which will be 
taken to be an odd integer. 


=1, the series converges 


4 


For points within and on the circumference of the circle 
uniformly and unconditionally ; and for all points without the circle the series diverges. 
It thus defines a function for points within the circle and on the circumference, but not 
for points without the circle. 

Moreover, for points actually within the circle, the function has a first derivative and 
consequently has any number of derivatives. But it cannot be declared to have a 
derivative for points on the circle: and it will in fact now be proved that, if a certain 
condition be satisfied, the derivative for variations at any point on the circle is not merely 
infinite but that the sign of the infinite value depends upon the direction of the variation, 
so that the function is not monogenic for the circumference t. 

Let z=e”: then, as the function converges unconditionally for all points along the 
circle, we take 

4 ee a" 67 
fQz > bre Gs 
n=0 
where 6 is a real variable. Hence 


OP) a ke ea DP oa" (Odi 00, 


=) 
p n=0 P 
ee af (O+h)i_ aN 
= Gh : e 
n=0 ap 
4 ot "0+b)i_ ga?” 01 
>) ( — ; 
n=0 p 


* It should be remarked here, ag at the end of § 21, that the result in itself does not contravene 
: Svan CHD ‘ ; 
Riemann’s definition of a function, according to which (§ 8) a must have the same value what- 


ever be the direction of the vanishing quantity dz; at a point on the boundary of the region 


there are outward directions for which dw is not defined. 
+ The following investigation is due to Weierstrass, who communicated it to Du Bois-Reymond: 


see Crelle, t. 1xxix, (1875), pp. 2931; Weierstrass, Ges. Werke, t. ii, pp. 71—74, 
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assuming m, in the first place, to be any positive integer. To transform the first sum on 


the right-hand side, we take 
ot" O48) 4_ pai g5e0"(O+38)i sin (Lard), 
d theref "Sah oe 
and therefore lesan a 
sin (ja") 
hang 
m (ab)ym 


=1 
<2, eee? 


m-1 
(GIDE 


n=0 


if ab>1. Hence, on this hypothesis, we have 


m— 


"(aby 


n=0 


et" (0+6)i _ eo 8%) (ab)™ 
| ah (Geet Ae ee Y 


where y is a complex quantity with modulus <1. 


To transform the second sum on the right-hand side, let the integer nearest to a” £ 
7 


be a», so that 


for any value of m: then taking 
L2=0"0—Tap, 


we have $n >u > —4n, 


and cos# is not negative. We choose the quantity } so that 


6+ p _ am stale 
ie a eit. 
and therefore g=7 > ) 


which, by taking m sufficiently large (w is >1), can be made as small as we please. 


now have 
a (0+4)i J ot Ti am) __ e ( ms! 1)™, 


if a@ be an odd integer, and 


get = 20" (w+-ram) a ( a 1)™ et xi 


oe" (0-44) i _ sans 6. ] ag evrni 
H am ma 
ence =-(-1) a”, 
p 7 — x 
< Pr seas +o)t__ gee 04 qm pm oe ate 
and therefore => bmtn = —(-1)"™—— & b"(1+e% *), 
n=0 p 7 — 2% n=0 


The real part of the series on the right-hand side is 
is) 
= Ob" {1+ cos az} ; 
n=0 
every term of this is positive and therefore, as the first term is 1+cos., the real part 
>1+cose# 
Sa 


We 
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for cosa is not negative. Also it is finite, for it is 


<a O 
n=0 
E 2 
1-b° 
Moreover $m < m-v<3n, 
; sn 2 
so that —“— is positive and >=. Hence 
7 — x 3 
e a a a = ee) ny r 1) anpm 2 
n=0 p 3 Z 


where n is a finite complex quantity, the real part of which is positive and greater than 
unity. We thus have 


F00+9)-F)__¢_ yam (gun 2 2.7 2 
= — (1 (ay | 5 +7 on | 


where | y'|<1, and the real part of 7 is positive and > 1. 


Proceeding in the same way and taking 


O-x _am—1 
T > qe ? 
+2 
so that = 
F(6-x)—f (8) _ On m 2 1 [ole 
we find ies Foe aE (ab) a vee EAU 


where | y,/|<1 and the real part of n,, a finite complex quantity, is positive and greater 
than unity. 


If now we take ab—1> rn, 
2n ne Tm . , 
the real parts of Sat abo? 2 of ¢, 
: A Wiggle 
and of 5 Sony abo? 29 Ol Ga 


are both positive and different from zero, Then, since 
0 =e 
t( +¢) t( Vs —(-1)% (ab) 6 
p 
d-yx)-f(8 
FEMALE) _(— 1) aby, 


and 


m being at present any positive integer, we have the right-hand sides essentially different 
quantities, because the real part of the first is of sign opposite to the real part of the 
second. 

Now let m be indefinitely increased; then # and yx are infinitesimal quantities 


eee 1 F Taran 

which ultimately vanish ; and the limit of $ [f(6+) —f (0)] for p=0 is a complex infinite 

quantity with its real part opposite in sign to the real part of the complex infinite quantity 

which is the limit of ds [f(6-x)—f(9)] for y=0. If f(6) had a differential coefficient, 
~X 


these two limits would be equal: hence f() has not, for any value of 8, a determinate 
differential coefficient. 
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From this result, a remarkable result relating to real functions may be at once derived. 
The real part of /() is 


co 
> b”" cos (a6), 
n=0 


which is a series converging uniformly and unconditionally. The real parts of 
—(=1)% (ab)"¢ 
and of +(—1)*" (ab)™@ 
are the corresponding magnitudes for the series of real quantities : and they are of opposite 


signs. Hence for no value of 6 has the series 


S bcos (a6) 


n=0 


a, determinate differential coefficient, that is, we can choose an increase ¢ and a decrease x 
of 6, both being made as small as we please and ultimately zero, such that the limits of 


the expressions 
LORD) S7 GPO =e) 
p x 


are different from one another, provided a be an odd integer and ab >1+3r. 


The chief interest of the above investigation lies in its application to functions of real 
variables, continuity in the value of which is thus shewn not necessarily to imply the 
existence of a determinate differential coefficient defined in the ordinary way. The 
application is due to Weierstrass, as has already been stated. Further discussions will 
be found in a paper by Wiener, Credle, t. xc, (1881), pp. 221—252, in a remark by 
Weierstrass, Ges. Werke, t. ii, p. 229, and in a paper by Lerch, Credle, t. ciii, (1888), 
pp. 126—138, who constructs other examples of continuous functions of real variables ; 
and an example of a continuous function without a derivative is given by Schwarz, Gres. 
Werke, t. u, pp. 269—274. 

The simplest classes of ordinary functions are characterised by the properties :— 

(i) Within some region of the plane of the variable they are uniform, finite, and 
continuous : 
(ii) At all points within that region (but not necessarily on its boundary) they have 


a differential coefficient : 


(iii) When the variable is real, the number of maximum values and the number of 
minimum values within any given range is finite. 


wo 
The function = b"cos(a"O), suggested by Weierstrass, possesses the first but not the 
n=0 


second of these properties. Kiépcke (Math. Ann., t. xxix, pp. 128—140) gives an example 
of a function which possesses the first and the second but not the third of these 
properties. 


84. In each of the distinct portions A,, As,... of the complete region 
of continuity of a series of functions, the series can be represented by a 
monogenic analytic function, the elements of which are converging power- 
series. But the equivalence of the function-series and the monogenic 
analytic function for any portion A, is limited to that region. When the 
monogenic analytic function can be continued from A, into A,, the continua- 
tion is not necessarily the same as the monogenic analytic function which is 
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the equivalent of the series = f,(z) in A,. Hence, if the monogenic analytic 
s=1 


functions for the two portions A, and A, be different, the function-series 
represents different functions in the distinct parts of its region of continuity. 


A simple example will be an effective indication of the actual existence 
of such variety of representation in particular cases; that, which follows, is 
due to Tannery*. 


Let a, b, c be any three constants; then the fraction 
a + bez™ 
1+bz”’ 
when m is infinite, is equal to a if |z| <1, and is equal to ¢ if |z| >1. 


Let mm, 1, Mmz,... be any set of positive integers arranged in ascending 
order and be such that the limit of m,, when n=, is infinite. Then, 
since 


at bez™n _ a + bez “A 2 (at+beem atbeg™a 

L-+bz™ ~ 1+ bem + Hebe ~ T+ bem 
_ a& + beg 
~ L+bz% 


+ b(c-a) S | Cn Ves ; 
721 


(1+ bz) (1 + bz) 
the function  (z), defined by the equation 


a+ bez™ f 2 (gmi—™Mins Be 1) gin 
fo) (2) => eas e aR b (c = (t) >, la cf bzm:) a a it ? 


git aay 


converges uniformly to a value a if \z|<p<1, and converges uniformly to a 
value c if |z2|>p’>1. But if |z]=1, the value to which the series tends 
depends upon the argument of z: the series cannot be said to converge for 


values of z such that |z|=1. 

The simplest case occurs when b=—1 and m,;= 2"; then, denoting the 
function by ¢(z), we have 
a) gt 
Sy ee 
i071 


$O=—-- +(a—c) 


9 


ee fee 
Sota att 


that is, the function $(z) is equal to a if |2|< 1, and it is equal to ¢ if 


Oi CZ z 
— ee + (a = 7) a 1 a gt 


ieee 


* It is contained in a letter of Tannery’s to Weierstrass, who communicated it to the 
Berlin Academy in 1881, Ges. Werke, t. ii, pp. 231—233. A similar series, ehich Bilson - 
equivalent to the special form of ¢(z), was given by Schréder, Schlém. Zeitschrift, t. xxii, (1876), 
p. 184; and Pringsheim, Math. Ann., t. xxii, (1883), p. 110, remarks that it can be: deduced, 
without material modifications, from an expression given by Seidel, Credle, t. lxxiii, (1871), 
pp. 297—299. 
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When |z| = 1, the function can have any value whatever. Hence a circle 
of radius unity is a line of singularities, that is, it is a line of discontinuity 
for the series. The circle evidently has the property of dividing the plane 
into two parts such that the analytical expression represents different 
functions in the two parts. 


If we introduce a new variable € connected with z by the relation * 


so that & is positive when |z| < 1, and & is negative when |z|>1. If then 


6 (2) =x (), 


the function x(£) is equal to a or to ¢ according as the real part of ¢ is 
positive or negative. 


And, generally, if we take € a rational function of z and denote the 
modified form of $(), which will be a sum of rational functions of z, by 
¢, (2), then ¢,(z) will be equal to a in some parts of the plane and to ¢ 
in other parts of the plane. The boundaries between these parts are lines 
of singular points: and they are constituted by the z-curves which correspond 
to |¢|=1. 


85. Now let #(z) and G(z) be two functions of z with any number of 
singularities in the plane: it is possible to construct a function which shall 
be equal to F(z) within a circle centre the origin and to G(z) without the 
circle, the circumference being a line of singularities. For, when we make 
a=1andc=0 in $(z) of § 84, the function 

iE z a a 


6) =4— +a 44a te 


is unity for all points within the circle and is zero for all points without it: 
and therefore 


G (z) + {F (z) — G(z)} O(z) 
is a function which has the required property. 


” 


Similarly Fy (2) + (F;, (2) — Fy (2)} 6 (2) + (Py (2) — F5(z)} 6 (5) 
is a function which has the value /’(z) within a circle of radius unity, the value F, (2) 
between a circle of radius unity and a concentric circle of radius 7 greater than unity, and 
the value /; (z) without the latter circle. All the singularities of the functions F,, Eis 
are singularities of the function thus represented ; and it has, in addition to these, the 
two lines of singularities given by the circles. 


* The significance of a relation of this form will be discussed in Chapter XIX. 
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Again, G@+tP@-4@)6(257) 

is a function of z, which is equal to ’(z) on the positive side of the axis of y, and is equal 

to G(z) on the negative side of that axis. 


‘ ‘ l+z 
Also, if we take (e-ta — p, = i 
where a, and p, are real constants, as an equation defining a new variable +7), we have 
: 1-2?-y? 
COS a, +7 Sin a, — ~, =——_. —*; 
g Calum] a — Py al py? 


so that the two regions of the z-plane determined by |z|<1 and |z|>1 correspond to the 
two regions of the ¢-plane into which the line € cos a, +7 sin a,—p,=0 divides it. Let 
e en pe 
Grae ae 
= 6, (¢); 
so that on the positive side of the line € cos a, + sin a;—p,=0 the function 6, is unity and 
on the negative side of that line it is zero. Take any three lines defined by a,, p,3 a9, Py; 
a3, 3 respectively; then : 


${-F+F (6,+6,+6s)} 
is a function which has the value # within 
the triangle, the value — / in three of the 
spaces without it, and the value zero in the 


remaining three spaces without it, as indi- 
cated in the figure (fig. 13). 


And for every division of the plane by 
lines, into which a circle can be transformed 
by rational equations, as will be explained 
when conformal representation is discussed 
hereafter, there is a possibility of represent- 
ing discontinuous functions, by expressions similar to those just given. 


Fig. 13, 


These examples are sufficient to lead to the following result*, which is 
complementary to the theorem of § 82: 


When the region of continuity of an imfinite series of functions cunsists 
of several distinct parts, the series represents a single function in each part 
but it does not necessarily represent the same function in different parts. 


It thus appears that an analytical expression of given form, which con- 
verges uniformly and unconditionally in different parts of the plane separated 
from one another, can represent different functions of the variable in those 
different parts; and hence the idea of monogenic functionality of a complea 
variable is not coextensive with the idea of functional dependence expressible 
through arithmetical operations, a distinction first established by Weierstrass. 

86. We have seen that an analytic function has not a definite value at 
an essential singularity and that, therefore, every essential singularity 1s 
excluded from the region of definition of the function. 

* Weierstrass, Ges. Werke, t. i, p. 221. 
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Again, it has appeared that not merely must single points be on occasion 
excluded from the region of definition but also that functions exist with 
continuous lines of essential singularities which must therefore be excluded. 
One method for the construction of such functions has just been indicated : 
but it is possible to obtain other analytical expressions for functions which 
possess what may be called a singular line. Thus let a function have a 
circle of radius c as a line of essential singularity*; let it have no other 
singularities in the plane and let its zeros be a, a, d3,..., supposed arranged 
in such order that, if p,e" = a,, then 


lPn —C) >| Pn — el, 
so that the limit of p,, when n is infinite, is ¢. 
Let c, = ce’, a point on the singular circle, corresponding to a, which is 
assumed not to lie on it. Then, proceeding as in Weierstrass’s theory in § 51, 


if 
N=e0 vA a 
G (z) = (fli | z eI, ) 
n=1 (2 — Cn 
dn—Cn 1 (a,—¢,\" if An — Cp\ 
where g,(2)=——"+ ( 2 *) ae ac ( : 2) 
C= DN eee My,—1\2-—€y 


@(z) is a uniform function, continuous everywhere in the plane except along 
the circumference of the circle which may be a line of essential singularities. 


Special simpler forms can be derived according to the character of the 
series of quantities constituted by |a,—c,. If there be a finite integer m, 


oO 
such that = [dn —C,|™ 18 a Converging series, then in g,(z) only the first 
n= 


nm — 1 terms need be retained. 


Ez. Construct the function when 
Qn 


am =(1--) 6 nad 


n 
m being a given positive integer and 7 a positive quantity. 

Again, the point c, was associated with a, so that they have the same 
argument: but this distribution of points on the circle is not necessary, and 
it can be made in any manner which satisfies the condition that in the limited 

a 
case just quoted the series  |a, —¢,|" is a converging series. 
n=1 

Singular lines of other classes, for example, sectionst in connection with functions 
defined by integrals, arise in connection with analytical functions. They are discussed 
by Painlevé, Sur les lignes singulicres des fonctions analytiques, (These, Gauthier-Villars, 
Paris, 1887). 

Ex. 1. Shew that, if the zeros of a function be the points 

, _ote-(a-d)i 

~ &+d+(b—c) 2’ 
* This investigation is due to Picard, Comptes Rendus, t. xci, (1881), pp. 690—692. 
+ Called coupwres by Hermite; see § 103. 
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where a, b, c, d are integers satisfying the condition ad—be=1, so that the function 
has a circle of radius unity for an essential singular line, then if 


the function ia (= nay } ; 


where the product extends to all positive integers subject to the foregoing condition 
ad—be=1, is a uniform function finite for all points in the plane not lying on the 
circle of radius unity. (Picard.) 


Ex, 2. Examine the character of the distribution of points z, in the plane of z which 
are given by 


1 eee 
a=(145) eV 2nmt | Cay Bh Bh asa)) 


Consider especially the neighbourhood of the circle whose centre is the origin and whose 
radius is 1, 


Shew that 
Savi 


n= 0 (%— 2) 
represents a monogenic function of z at all points within the circle; and investigate the 


possibility of an analytical continuation of this function beyond the circle. 
(Math. Trip., Part II., 1896.) 


87. In the earlier examples, instances were given of functions which 
have only isolated points for their essential singularities: and, in the later 
examples, instances have been given of functions which have lines of 
essential singularities, that is, there are continuous lines for which the 
functions do not exist. We now proceed to shew how functions can be 
constructed which do not exist in assigned continuous spaces in the plane. 
Weierstrass was the first to draw attention to lacunary functions, as they 
may be called; the following investigation in illustration of Weilerstrass’s 
theorem is due to Poincaré*. 

Take any convex curve in the plane, say C: and consider a function- 
series of the form 


where the constants A, and 6, are subject to the conditions 


v2) 
(i) The series } A, converges unconditionally : 
n=9 
(ii) Each of the points b, is either within or upon the curve C: 
(iii) When any arc whatever of C is taken, as small as we please, that 
arc contains an unlimited number of the points by. 


* Acta Soc. Fenn., t. xii, (1883), pp. 341—350; Amer. Journ. Math., t. xiv, (1892), pp. 201— 
221, 
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It will be seen that, for values of z outside C, ¢(z) is represented by a 
power-series, which cannot be continued across the curve C into the interior, 
and which therefore has the area of C for a lacunary space. 


Let S denote the sum of the converging series : |A,,|: then denoting by 
n=0 


« any assigned quantity, as small as we please, an integer p can always be 
determined so that 


Consider the function-series in the vicinity of any point c outside C. Let 
R denote the distance of c from the nearest point of the boundary* of C, so 
that £ is a finite non-vanishing quantity ; and draw a circle of radius & and 
centre c, which thus touches C externally. Thus for all the points b except 
at the point of contact, we have 


lb, —c| > BR. 
Let z be any point within the circle, so that 
jz—c|<R 

= OR, 


say, where @ is a positive quantity less than 1. Then 


le — bul > [bn — | — 2 


>R(1- 8); 
and therefore 
Pept Aid Se) 
Consequently 
3 | An |, $ _l4el J. S 


om | | <= a Tv1 ) < are AN 
n=0|2— by | n=0 (1 — @) R(a- 6)’ 
so that the function-series converges unconditionally. Also 


Si Nas 


— | “ : 
n=m 2 — op | n=m |Z = bn 


K 


= 
S - - 
R(1- 6)’ 
and therefore the function-series converges uniformly: that is, 
5 Aa 
n=04 — bn 


* This will be either the shortest normal from e to the boundary, or the distance of ¢ from 
some point of abrupt change of direction, as for instance at the angular point of a polygon; for 
brevity of description we shall assume the former to be the case. 
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converges uniformly and unconditionally within any circle concentric with 
the circle of radius R and lying within it. Accordingly, by Weierstrass’s 
investigation (§§ 82, 83), this is expressible in the form of a converging series 
P(z—c); manifestly 


oOo 2 A 
P Bm a iD — n\n 
a (2-6) aH 2 (by — yr eee): 
e€ nave 
| An (5 gym| | An mB 
(On ae Cee a [On = eet 
|A,| 0 


and therefore 


ag me A 1 io) a) 3 
x | ——* __ —c)m = ane 
Pee, n=0 (On = Bae (2 oD) | aS R — 2 | A,,| 0 
oes ane 
Re): 


that is, the series P(z—c) converges unconditionally. Let C,, denote 


= A, (bz —c)~™—; then 
P(z-c)=—- > Om (2 —0)™. 
m=0 


The point ¢ is any arbitrarily chosen point outside the curve (; and therefore 
the function represented by ¢ (z) for points z outside the curve Cis a uniform 
analytic function. 

Any power-series representing this function can be used as an element 
for continuation outside C and away from C: we proceed to prove that ‘¢ 
cannot be continued across the boundary of C. If this were possible, it would 
arise through the construction of the domain of some point 2, where z is a 
point outside C' (say within such a circle as the above, centre c), and where 
the circle bounding the domain of z, would cut off some are from the boundary 
of C. The preceding analysis shews that, in the domain of z, the function is 
represented by a power-series 


D 
Q (Z Bat @) aes > Bm (2 — Py ies 
m= 


ie) 
where Bm = % An(ba—2)7™?: 


n=0 
it must be shewn that the series diverges for points z within C. 

In the first place, consider the series P(z—c); in order that it may 
converge, only such values of z are admissible as make the limit of 
COn(¢—¢)” zero, when m is infinite. Let a point be taken on the circum- 
ference of the circle C of radius R; then the above limit can only be zero if 


Tithe = 0, 


Ma 
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a condition that is not satisfied, as will now be proved. This circle touches 
C externally; let the point of contact be a point 0; (such a circle can always 
be constructed, by drawing the outward normal at a point b and choosing 
some point ¢ upon it). Let any arbitrary quantity e be assigned, as small 
as we please ; and let an integer p be chosen large enough to secure that 


Sp < teR, 


this being possible because S,, the remainder of the converging series = |A,|, 
can (by choice of p) be made less than any assigned quantity. Either the 
chosen number p is greater than /: or if it is less than k, then some other 
number (> p) can be chosen so that it is greater than kh: we may therefore 
assume p > k. 

Draw a circle, centre c and radius R’ greater than R&, so as to include the 
point b;, and exclude the points b),..., b, with the exception of b,. This can 
be done ; for if 

| bi, — Dy-1| > rR, | bi, _ byss| = rR, 
where A is some positive quantity as small as we please (but not absolutely 
zero), we can take 
Re = R+VB; 
and then 
lon—el< RR, for n=0,1,...,k—1 k+ 1) ..., py, 


Let ¢ denote a number sufficiently large to secure that 


S/R, 
wl) <4 


Then as 
he 
Cy — = ‘Ap (On, a G)acek 
n=0 
we have 
dhe 2 er 
n= =0 (or cz. crt m=Kk+1 (bn ia Gye n=p (bn > e)en 
and therefore 
k-1| A,R@ | 
Ri{C,— A, b, —c)-Ihl< a | 7 
| ua ( ) n=0 | (On a c)a 
pol A,h2 - S | A,R4 
n=k+1 (bn = oth n=p | (Dn a ot 


<'gldel (By 5" al (BY, § LAal 
a R’ (z) n= pol R #(z) + n= = 


ft S, 
Sdn +h§ 3 me sual, 


(9 —|Az|} + 


wal 0 
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a quantity arbitrarily assigned as small as we please. Accordingly we have 


Limit | R27 {O, — A; (b, — c)-7}| = 0, 
that is, a 
|Axl 
R d 
so that C,R% does not tend to zero when q is infinitely large, as it should if 
P(z—c) converges. Thus P(z—c) does not converge for points given by 
|Iz—cl|\=R. 

Consider now the domain of z, assumed to include points within C and 
therefore some are of C; the function is represented throughout that domain 
by Q(z—~%). On the included are of C take any one (say by) of the un- 
limited number of points 6; at b, draw an outward normal to C and choose a 
point Z on it such that the circle 


Limit |C, R2| = Limit | A, R7(b, —c)->| = 
ee q=n 


|z — 2| = |b, — 2,| 

lies wholly within the domain of z,. The function is represented by a power- 
series in z—2, throughout this circle; and as the circle lies wholly within 
the domain of z, the representation is included in Q(z— 4%). But, by the 
preceding investigation, the power-series does not converge on the circum- 
ference of the circle |z—z,|= b,— 2): contradicting the supposition that 
Q (z— 4%) converges in a domain of z, enclosing this circle. Hence the power- 
series P (z—c) cannot be continued across the boundary of C; in other words, 
the function represented by P (2 —c) and its continuations has the area of C 
for a lacunary space. 

The discussion of the significance (if any) of #(z) for points z within 
C depends on the distribution of the points b, within C, as to which no 
hypothesis has been made. 


As an example, take a convex polygon having ™,...... , 4 for its angular points; 
then any point 
HLUKES a eee +My 
TPs ey noone +l), 
Where 7;,..... , m, are positive integers or zero (simultaneous zeros being excluded), is 


either within the polygon or on its boundary: and any rational point within the polygon 
or on its boundary can be represented by 


> My-Ap 
r=1 
Pp : 
> M, 
r=1 
by proper choice of m,,...... , Mp, a choice which can be made in an infinite number 
of ways. 
WE Whip conse ) Up be given quantities, the modulus of each of which is less than unity: 
then the series 
co 
SU co eeee Up” 


0 


Et 
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converges unconditionally. Then all the assigned conditions are satisfied for the function 
Ped My TH vsveee + Mbp 


and therefore it is a function which converges uniformly and unconditionally everywhere 
outside the polygon and which has the polygonal space (including the boundary) for 
a lacunary space. 

If, in particular, p=2, we obtain a function which has the straight line 
joining a, and a, as a line of essential singularity. When we take a,=0, 
a, =1, and slightly modify the summation, we obtain the function 


Ss 3 Us Pai Ae 
, 
n=1 m=0 “ mm 
n 


which, when |w,|<1 and |u,|< 1, converges uniformly and unconditionally 
everywhere in the plane except at points between 0 and 1 on the axis of real 
quantities, this part of the axis being a line of essential singularity. 


For the general case, the following remarks may be made: 


(i) The quantities w,, uw,... need not be the same for every term; a 
numerator, quite different in form, might be chosen, such as 
(me +...+m,°)" where 24>; all that is requisite is that the 
series, made up of the numerators, should converge uncondition- 
ally. 

(11) The preceding is only a particular illustration, and is not necessarily 
the most general forin of function having the assigned lacunary 
space. 


It is evident that one mode of constructing a function, which shall have 
any assigned lacunary space, would begin by the formation of some expression 
which, by the variation of the constants it contains, can be made to represent 
indefinitely nearly any point within or on the contour of the space. Thus 
for the space between two concentric circles, of radii a and ¢ and centre the 
origin, we should take 

mt +(n — m4) b oe 2mi 
n 


b 


which, by giving m, all values from 0 to n, m, all values from 0 to n —1, and 
n all values from 1 to infinity, will represent all rational points in the space : 
and a function, having the space between the circles as lacunary, would be 
given by 


ee) n m—-1 Ny, My 9), Ms 
3s 3 Uae 
f ( Me . ? 
n=1 m,=0 m=0 ma+(n—m,)b 27 
Z- i) Gut 
1 


provided |u|<1, |u| <1, |u| <1. 
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In particular, if a=0, then the common circumference is a line of essential singularity 
for the corresponding function. It is easy to see that the function 
m n 
co 2n—-1 sa & 
> > Mm, m, 7 


7 ’ 
n=0 m=0 ee 


provided the series DS) UG 
n=1M=0 Mn mn 


converges unconditionally, is a function having the circle |z|=q@ as a line of essential 
singularity. It can be expressed as an analytic function within the circle, and as another 
analytic function without the circle. 


Other examples will be found in memoirs by Goursat*, Poincaré+, and Homeén tf. 


Hx. 1. Shew that the function 
Mm>=n0 N=02 
= > (m+nz)-2-", 
MA=—-D N=—-DH 
where 7 is a real positive quantity and the summation is for all integers m and n between 
the positive and the negative infinities, is a uniform function in all parts of the plane 
except the axis of real quantities which is a line of essential singularity. 


Ex, 2. Discuss the region in which the function 


ao © m- 2-2-2 
SasaeS ——— 
n=1 m=1 p=1 ae P ray 
i 
is definite. (Homén.) 
Ha. 3. Prove that the function 
io 2} 
DS Wg 
n=0 
exists only within a circle of radius unity and centre the origin. (Poincaré.) 
Ex. 4. An infinite number of points a, @, dg, ...... are taken on the circumference of 


a given circle, centre the origin, so that they form the aggregate of rational points on the 
circumference. Shew that the series 


Lt Cane 
n=1 ni Bn g 
can be expanded in a series of ascending powers of z which converges for points within the 
circle, but that the function cannot be continued across the circumference of the circle. 
(Stieltjes. ) 
Ex. 5. Prove that the series 


2 ere ig 
2B plug si : ay 
= (2+2-1)+ i e i ta —2m —2nz) (2m + scnel 


o ow gA 
- 7 os i fa — 2m —2nz-!1) seen : 


where the summation extends over all positive and negative integral values of m and of » 
except simultaneous zeros, converges uniformly and unconditionally for all points in 


* Comptes Rendus, t. xciv, (1882), pp. 715—718; Bulletin de Darboux, 2° Sér., t. xi, (1887), 
pp. 109—114. 

+ In the memoirs, quoted p. 157, and Comptes Rendus, t. xcvi, (1883), pp. 1134-1136. 

+ Acta Soc, Fenn., t. xii, (1883), pp. 445—464, 
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the finite part of the plane which do not lie on the axis of y; and that it has the 
value +1 or —1, according as the real part of z is positive or negative. 
(Weierstrass. ) 


Ex. 6. Prove that the region of continuity of the series 
5 1 
n=0 PACE epee 
consists of two parts, separated by the circle |z|=1 which is a line of infinities for 


the series: and that, in these two parts of the plane, it represents two different 


functions. 
wo! 


If two complex quantities and o’ be taken, such that z=e ©? and the real part of 
= is positive, and if they be associated with the elliptic function @ (w) as its half-periods, 
then for values of z, which lie within the circle | z|=1, 


: 1 _ @ o3(@) 
n=0 2*+2-"% Ir a(o) 


in the usual notation of Weierstrass’s theory of elliptic functions. 


Find the function which the series represents for values of z without the circle | z|=1. 
(Weierstrass. ) 


Ex. 7. Discuss the descriptive properties of the functions represented by the 
expressions : 


: COS ZU of ] cage 3 1 © J] fens 
@ [gem G) alte) GY Ole ay |) a ee 
for all values of the complex argument 2. (Math. Trip., Part II., 1893.) 


Ex. 8. Four circles are drawn each of radius 5 having their centres at the points 


F 
1, 7, — 1, —7 respectively ; the two parts of the plane, excluded by the four circumferences, 
are denoted the interior and the exterior parts. Shew that the function 


n=2 gin dn 1 1 1 il 
> ene = —* 
nat 2%, |((l—z)* zi (L+7z)"  (1+2)" gs el eat 
is equal to m in the interior part and is zero in the exterior part. (Appell.) 


Ex. 9. Obtain the values of the function 
sc ee) L=( = 


nt {aa"~, aa — i 


in the two parts of the area within a circle centre the origin and radius 2 which lie 
without two circles of radius unity, having their centres at the points 1 and —1 


respectively. (Appell.) 
Ea, 10. If F@Q=U,4 Vat... +U,, 
. I 1 
and i= — hy I \F) = ae bin Sr aN 
; ( ) mig re a Woe = By)? a (2 =m) a tang } ‘ 


where the regions of continuity of the functions # extend over the whole plane, then f (2) 
is a function existing everywhere except within the circles of radius unity described round 
the points a1, dy, ..... TCA: (Teixeira. ) 


Ex. 11. Let there be » circles having the origin for a common centre, and let 


Y Y a baw 
Che (Op ocreee » Cn, Cn+, be n+1 arbitrary constants; also let Diy Gps cavens , a, be any ” points 
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lying respectively on the circumferences of the first, the second,...... , the nth circles. 
Shew that the expression 

1 [27/C, . 6,-¢ _ 

oe ar a Lb eee Caria 2) ze® do 

wslO \ze™ ze — ay Ae” ih, 


has the value C,, for points z lying between the (m—1)th and the mth circles, and the 
value C,,,, for points lying without the zth circle. 


Construct a function which shall have any assigned values in the various bands into 


which the plane is divided by the circles. (Pincherle.) 


Eu, 12. Examine the nature of the functions defined by the series 


(oo) 2 __ ay2\n 

() 5 eae) 

n= 2 (2-a)*™—5 (2— a2)" 49 (z+a)’ 
. (22 Ls ar 

n=1 (2— @)*" +2 (2+a)? 


where a is a real positive constant. (Math. Trip., Part II., 1897.) 


(ii) 


88. In § 32 it was remarked that the discrimination of the various 
species of essential singularities could be effected by means of the properties 
of the function in the immediate vicinity of the point. 


Now it was proved, in § 63, that in the vicinity of an isolated essential 
singularity b the function could be represented by an expression of the form 


1 
——}4+ P(z-—b 
@ (4) +Pe-d) 
for all points in the space without a circle centre b of small radius and within 
a concentric circle of radius not large enough to include singularities at 
a finite distance from 6. Because the essential singularity at b is isolated, 
the radius of the inner circle can be diminished to be all but infinitesimal : 


: 1 : 
the series P(z—6) is then unimportant compared with ¢(—). which 
can be regarded as characteristic for the singularity of the function. 


Another method of obtaining a function, which is characteristic of the 
singularity, is provided by § 68. It was there proved that, in the vicinity of 
an essential singularity a, the function could be represented by an expression 
of the form 


(g-—a)" H (=) Q) (2 —a), 


where, within a circle of centre a and radius not sufficiently large to include 
the nearest singularity at a finite distance from a, the function Q(z—«a) 1s 
finite and has no zeros: all the zeros of the given function within this circle 
(except such as are absorbed into the essential singularity at @) are zeros of 


the factor H( J I, and the integer-index n is affected by the number of 
z2—a 


‘ 
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these zeros. When the circle is made small, the function 


(2- ay" H( : ) 


B= 


can be regarded as characteristic of the immediate vicinity of a or, more 
briefly, as characteristic of a. 


It is easily seen that the two characteristic functions are distinct. For 
if F and F, be two functions, which have essential singularities at a of the 
same kind as determined by the first characteristic, then 

F(z)-F,(2)=P (2-0) -—P,(¢-a) 
=P,(z-a), 
while if their singularities at a be of the same kind as determined by the 
second characteristic, then 


PF (2) = Q (2 a a) 

F, (2) Q: (z r? a) 
in the immediate vicinity of a, since Q, has no zeros. Two such equations 
cannot subsist simultaneously, except in one instance. 


= Q, (2-4) 


Without entering into detailed discussion, the results obtained in the 
preceding chapters are sufficient to lead to an indication of the classification 
of singularities *. 

Singularities are said to be of the first class when they are accidental ; 
and a function is said to be of the first class when all its singularities are of 


the first class. It can, by § 48, have only a finite number of such singularities, 
each singularity being isolated. 


It is for this case alone that the two characteristic functions are in 
accord. 


When a function, otherwise of the first class, fails to satisfy the last 
condition, solely owing to failure of finiteness of multiplicity at some point, 
say at z=, then that point ceases to be an accidental singularity. It has 
been called (§ 32) an essential singularity ; it belongs to the simplest kind of 
essential singularity ; and it is called a singularity of the second class. 

A function is said to be of the second class when it has some singularities 
of the second class; it may possess singularities of the first class. By an 
argument similar to that adopted in § 48, a function of the second class 
can have only a limited number of singularities of the second class, each 
singularity being isolated. 

* For a detailed discussion, reference should be made to Guichard, Théorie des points 
singuliers essentiels (Thése, Gauthier- Villars, Paris, 1883), who gives adequate references to the 
investigations of Mittag-Leffler in the introduction of the classification and to the researches of 


Cantor. See also Mittag-Leffler, Acta Math., t. iv, (1884), pp. 1—79; Cantor, Crelle, t. 1xxxiv, 
(1878), pp. 242—258, Acta Math., t. ii, (1888), pp. 311—328. 


88.] OF SINGULARITIES 167 


When a function, otherwise of the second class, fails to satisfy the last 
condition solely owing to unlimited condensation at some point, say at z=, 
of singularities of the second class, that point ceases to be a singularity 
of the second class: it is called a singularity (necessarily essential) of the 
third class. 


A function is said to be of the third class when it has some singularities 
of the third class; it may possess singularities of the first and the second 
classes. But it can have only a limited number of singularities of the third 
class, each singularity being isolated. 


Proceeding in this gradual sequence, we obtain an unlimited number of 
classes of singularities: and functions of the various classes can be constructed 
by means of the theorems which have been proved. A function of class n 
has a limited number of singularities of class m, each singularity being 
isolated, and any number of singularities of lower classes which, except in so 
far as they are absorbed in the singularities of class n, are isolated points. 


The effective limit of this sequence of classes is attained when the 
number of the class increases beyond any integer, however large. When 
once such a limit is attained, we have functions with essential singularities of 
unlimited class, each singularity being isolated; when we pass to functions 
which have their essential singularities no longer isolated but, as in previous 
class-developments, of infinite condensation, it 1s necessary to add to the 
arrangement in classes an arrangement in a wider group, say, in species*. 


Calling, then, all the preceding classes of functions functions of the first 
species, we may, after Guichard (l.c.), construct, by the theorems already 
proved, a function which has at the points a, d,,... singularities of classes 
1, 2,..., both series being continued to infinity. Such a function is called 
a function of the second species. 

By a combination of classes in species, this arrangement can be continued 
indefinitely ; each species will contain an infinitely increasing number of 
classes; and when an unlimited number of species is ultimately obtained, 
another wider group must be introduced. 

This gradual construction, relative to essential singularities, can be carried 
out without limit; the singularities are the characteristics of the functions. 


* Guichard (l.c.) uses the term genre. 


CHAPTER, VLA. 
MULTIFORM FUNCTIONS. 


89. HAVING now discussed some of the more important general properties 
of uniform functions, we proceed to discuss some of the properties of multiform 
functions. 


Deviations from uniformity in character may arise through various causes : 
the most common is the existence of those points in the z-plane, which have 
already (§ 12) been defined as branch-points. 


As an example, consider the two power-series 
w=1—427—-42?-..., vy=—(l-—42-42?-...), 


which, for points in the plane such that |z’| is less than unity, are the two 
values of (1 —2z’)!; they may be regarded as representing the two branches 
of the function w, say w, and w,, defined by the equation 


w=1-—2’ =z. 


Let z’ describe a small curve (say a circle of radius 7) round the point 
z =1, beginning on the axis of w; the point 1 is the origin for z. Then z 
is r initially, and at the end of the first description of the circle z is re". 
The branch of the function, which initially is equal to uv, changes continuously 
during the description of the circle; its initial value is 74, and its final value 
is Pe”, that is, —r-?; so that the final value of the branch is v. Similarly 
the branch of the function, which initially is equal to 2, is continuously 
changed during the description of the circle, and acquires wu as its final value. 
Thus the effect of the single circuit is to change w, into w, and w, into w,, 
that is, the effect of a circuit round the point, at which w, and w, coincide in 
value, is to interchange the values of the two branches. 


If, however, z describe a circuit which does not include the branch-point, 
w, and w, return each to its initial value. 


Instances have already occurred, e.g. integrals of uniform functions, in 
which a variation in the path of the variable has made a difference in the 
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result; but this interchange of value is distinct from any of the effects 
produced by points belonging to the families of critical points which have 
been considered. The critical point is of a new nature; it is, in fact, a 
characteristic of multiform functions at certain associated points. 


We now proceed to indicate more generally 1 the character of the relation _ 


of such points to functions affected by them. io ea 


The method of constructing a monogenic analytic function, described in 
§ 34, by forming all the continuations of a power-series, regarded as a given 
initial element of the function, leads to the aggregate of the elements of the 
function and determines its region of continuity. When “the process of con- 
tinuation has been completely carried out, two distinct cases may occur. 


In the first case, the function is such that any and every path, leading 
from one point a to another point z by the construction of a series of 
successive domains of points along the path, gives a single value at z as the 
continuation of one initial value at a When, therefore, there is only a. 
single value of the function at a, the process of continuation leads to only a 
single value of the he function ab a any other point in the plane. The function is 
uniform throughout its region ‘of con tinuity. The detailed properties of such 


functions have been considered in the pr eceding chapters. 


Int the second” case, the function is such that different paths, leading from 


same ‘afial ate Ae dh Gee are eaifercntre sets of SENS oF ‘the Peron 
associated with different sets of consecutive domains of points on paths from 
a to z, which lead to different values of the function at z; but any change 
in a path from a to z does not necessarily cause a change in the value of the 
function at z The function is multiform in its region | of continuity. The 


detailed proper ties of such functions will now be considered. 


90. In order that the process of continuation may be completely carried 


and ans to that domain ties all erties closed ae: in ie region of 
continuity. When they are effected from the domain of one point @ to that 
of another point 8, all the values at any point z in the domain of a (and not 
merely a single value at such points) must be continued: and similarly when 
they are effected, beginning in the domain of @ and returning to that domain. 
The complete region of the plane will then be obtained in which the function 
can be represented by a series of positive integral powers: and the boundary 
of that region will be indicated. 
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In the first instance, let the boundary of the region be constituted by a 
number, either finite or infinite, of 
isolated points, say L,, L,, Ls, ... 
Take any point A in the region, so 
that its distance from any of the 
points Z is not infinitesimal; and 
in the region draw a closed path 
ABC...HFA so as to enclose one 
point, say L,, but only one point, of 
the boundary and to have no point 
of the curve at a merely infinitesimal distance from Z,. Let such curves be 
drawn, beginning and ending at A, so that each of them encloses one and 
only one of the points of the boundary: and let K, be the curve which 
encloses the point L,. 

Let w, be one of the power-series defining the function in a domain with 
its centre at A: let this series be continued along each of the curves K, by 
successive domains of points along the curve returning to A. The result 
of the description of all the curves will be that the series w, cannot be 
reproduced at A for all the curves though it may be reproduced for some 
of them ; otherwise, w, would be a uniform function. Suppose that w,, ws,..., 
each in the form of a power-series, are the aggregate of new distinct values 
thus obtained at A; let the same process be effected on w,, w;,... as has 
been effected on w,, and let it further be effected on any new distinct values 
obtained at A through w,, w;, ..., and so on. When the process has 
been carried out so far that all values obtained at A, by continuing any 
series round any of the curves K back to A, are included in values already 
obtained, the aggregate of the values of the function at A is complete: they 
are the values at A of the branches of the function. 


Tig. 14, 


We shall now assume that the number of values thus obtained is finite, 
say n, so that the function has n branches at A: if their values be denoted 
by W,, Ws, ..., Wn, these n quantities are all the values of the function at A. 
Moreover, 7 is the same for all points in the plane, as may be seen by con- 
tinuing the series at A to any other point and taking account of the corollaries 
at the end of the present section. 

The boundary-points L may be of two kinds. It may (and not infre- 
quently does) happen that a point Z, is such that, whatever branch is taken 
at A as the initial value for the description of the circuit K,, that branch is 
reproduced at the end of tne circuit. Let the aggregate of such points be 
I,, I,,..... Then each of the remaining points Z is such that a description 
of the circuit round it effects a change on at least one of the branches, taken 
as an initial value for the description; let the aggregate of these points be 
B,, B,,..... They are the branch-points; their association with the definition 
in § 12 will be made later. 
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When account is taken of the continuations of the function from a point 
A to another point B, we have n values at B as the continuations of n values 
at A. The selection of the individual branch at B, which is the continuation 
of a particular branch at A, depends upon the path of z between A and B; 
it is governed by the following fundamental proposition :— 


The final value of a branch of a function for two paths of variation of the 
independent variable from one point to another will be the same, if one path 
can be deformed into the other without passing over a branch-point. 


Let the initial and the final points be a and b, and let one path of 
variation be acb. Let another path of variation be aeb, 
both paths lying in the region in which the function can 
be expressed by series of positive integral powers: the two 
paths are assumed to have no point within an infinitesimal 
distance of any of the boundary-points Z and to be taken 
so close together, that the circles of convergence of pairs of 
points (such as c, and @, c, and e,, and so on) along the two 
paths have common areas. When we begin at « with a 
branch of the function, values at c, and at e, are obtained, 


Fig. 15. 


depending upon the values of the branch and its derivatives at @ and upon 
the positions of c, and e,; hence, at any point in the area common to the 
circles of convergence of these two points, only a single value arises as 
derived through the initial value at a. Proceeding in this way, only a single 
value is obtained at any point in an area common to the circles of con- 
vergence of points in the two paths. Hence ultimately one and the same 
value will be obtained at 6 as the continuation of the value of the one branch 
at a by the two different paths of variation which have been taken so that 
no boundary-point LZ lies between them or infinitesimally near to them. 


Now consider any two paths from a to b, say acb and adb, such that 
neither of them is near a boundary-point and that the 
contour they constitute does not enclose a boundary-point. 

Then by a series of successive infinitesimal deformations we 


can change the path acb to adb; and as at b the same value d ¢ 
of w is obtained for variations of z from a to b along the 
successive deformations, it follows that the same value of w 
is obtained at b for variations of z along acb as for varia- @ 
Fig. 16. 


tions along adb. 

Next, let there be two paths acb, adb constituting a closed contour, 
enclosing one (but not more than one) of the points Z and none of the points 
B. When the original curve K which contains the point J is described, the 
initial value is restored: and hence the branches of the function obtained at 
any point of K by the two paths from any point, taken as initial point, are 
the same. By what precedes, the parts of this curve AK can be deformed 
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into the parts of acbda without affecting the branches of the function: hence 
the value obtained at b, by continuation along acb, is the same as the value 
there obtained by continuation along adb. It therefore follows that a path 
between two points a and b can be deformed over any point J without 
affecting the value of the function at 6; so that, when the preceding 
results are combined, the proposition enunciated is proved. 


By the continued application of the theorem, we are led to the following 
results :— 


Corotiary I. Whatever be the effect of the description of a circwt on the 
initial value of a function, a reversal of the circuit restores the original value 
of the function. ee 

For the circuit, when described positively and negatively, may be re- 
garded as the contour of an area of infinitesimal breadth, which encloses no 
branch-point within itself and the description of the contour of which 
therefore restores the initial value of the function. 


CoroLuaRy II. A circuit can be deformed into any other circuit without 
affecting the final value of the function, provided that no branch-point be crossed 
in the process of deformation. 


It is thus justifiable, and it is often convenient, to deform a path con- 
taining a single branch-point into a loop round the 
point. <A loop* consists of a line nearly to the point, 0 =e 
nearly the whole of avery small circle round the point, Fig. 17. 
and a line back to the initial point; see figure 17. 


Corouuary III. The value of a function is unchanged when the variable 
describes a closed circuit containing no branch-point ; it is likewise unchanged 
when the variable describes a closed circuit containing all the branch-points. 


The first part is at once proved by remarking that, without altering the 
value of the function, the circuit can be deformed into a point. 


For the second part, the simplest plan is to represent the variable on 
Neumann's sphere. The circuit is then a curve on the sphere enclosing all 
the branch-points: the effect on the value of the function is unaltered by 
any deformation of this curve which does not make it cross a branch-point. 
The curve can, without crossing a branch-point, be deformed into a point 
in that other part of the area of the sphere which contains none of the 
branch-points; and the point, which is the limit of the curve, is not a 
branch-point. At such a point, the value of the function is unaltered; and 
therefore the description of a circuit, which encloses all the branch-points, 
restores the initial value of the function. 


Corotiary IV. Jf the values of w at b for variations along two paths 


* French writers use the word lacet, German writers the word Schleife. 
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acb, adb be not the same, then a description of acbda will not restore the initial 
value of w at a. 

In particular, let the path be the loop OeceO (fig. 17), and let it change w 
at O into w’. Since the values of w at O are different and because there is 
no branch-point in Oe (or in the evanescent circuit Oe), the values of w at 
e cannot be the same: that is, the value with which the infinitesimal circle 
round a begins to be described is changed by the description of that circle. 
Hence the part of the loop that is effective for the change in the value of w is 
the small circle round the point ; and it is because the description of a small 
circle changes the value of w that the value of w is changed at O after the 
description of a loop. 

If f(z) be the value of w which is changed into f(z) by the description of 
the loop, so that f(z) and f(z) are the values at O, then the foregoing 
explanation shews that f(e) and f,(e) are the values at ¢, the branch f(e) 
being changed by the description of the circle into the branch /, (e). 

From this result the inference can be derived that the points B,, B,,... 
are branch-points as defined in § 12. Let @ be any one of the points, and 
let f(z) be the value of w which is changed into f(z) by the description of 
a very small circle round a. Then as the branch of w is monogenic, the 
difference between f(z) and f,(z) is an infinitesimal quantity of the same 
order as the length of the circumference of the circle: so that, as the circle 
is infinitesimal and ultimately evanescent, |f(z) —f, (2)| can be made as small 
as we please with decrease of |z—a| or, in the limit, the values of f(a) and 
Fi(a) at the branch-point are equal. Hence each of the points B is such 
that two or more branches of the function have the same value at the point, 
and there is interchange among these branches when the variable describes a 
small circuit round the point: which affords a definition of a branch-point, 
more complete than that given in § 12. 


Corotiary V. If a closed circuit contain several branch-points, the effect 
which it produces can be obtained by a combination of the effects produced in 
succession by a set of loops each going rownd only one of the branch-pounts. 

If the circuit contain several branch-points, say three as at a, b, c, then 
a path such as AWFD, in fig. 18, can without 
crossing any branch-point, be deformed into the 
loops AaB, BbC, CcD; and therefore the complete 
circuit AHFDA can be deformed validly into 
AaBbCcDA, and the same effect will be produced a 
by the two forms of circuit. When D is made ‘DA 
practically to coincide with A, the whole of the Fig. 18. 
second circuit is composed of the three loops. Hence the corollary. 


This corollary is of especial importance in the consideration of integrals 


of multiform functions, 
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Corottary VI. Jn a continuous part of the plane where there are no 
branch-points, each branch of a multiform function 1s uniform. 


Each branch is monogenic and, except at isolated points, continuous ; 
hence, in such regions of the plane, all the propositions which have been 
proved for monogenic analytic functions can be applied to each of the 
branches of a multiform function. 


91. If there be a branch-point within the circuit, then the value of the 
function at b consequent on variations along ach may, but will not necessamly, 
differ from its value at the same point consequent on variations along adb. 
Should the values be different, then the description of the whole curve acbda 
will lead at. a not to the initial value of w, but to a different value. 
The test as to whether such a change is effected by the description is 
immediately derivable from the foregoing proposition; and as in Corollary 
IV., § 90, it is proved that the value is or is not changed by the loop, 
according as the value of w for a point near the circle of the loop is or 
is not changed by the description of that circle. Hence it follows that, if 
there be a branch-point which affects the branch of the function, a path of 
variation of the independent variable cannot be deformed across the branch- 
point without a change in the value of w at the extremity of the path. 


And it is evident that a point can be regarded as a branch-point for a 
function only if a circwt round the point interchange some (or all) of the 
branches of the function which are equal at the point. It is not necessary that 
all the branches of the function should be thus affected by the point: it is 
sufficient that some should be interchanged*. 


Further, the change in the value of w for a single description of a circuit 
enclosing w branch-point is unique. 


For, if a circuit could change w into w’ or w”, then, beginning with w’” 
and describing it in the negative sense we should return to w and afterwards 
describing it in the positive sense with w as the initial value we should 
obtain w’. Hence the circuit, described and then reversed, does not restore 
the original value w” but gives a different branch w’; and no point on 
the circuit is a branch-point. This result is in opposition to Corollary I., 
of § 90; and therefore the hypothesis of alternative values at the end of 
the circuit is not valid, that is, the change for a single description is 
unique. 


But repetitions of the circuit may, of course, give different values at the 
end of successive descriptions. 


* In what precedes, certain points were considered which were regular singularities (see 
p. 182, note) and certain which were branch-points. Frequently points will occur which are at 
once branch-points and infinities ; proper account must of course be taken of them, 
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92. Let O be any ordinary point of the function; join it to all the 
branch-points (generally assumed finite in 
number) in succession by lines which do not 
meet each other: then each branch is uniform 
for each path of variation of the variable which 
meets none of these lines. The effects pro- 
duced by the various branch-points and their 
relations on the various branches can be indi- 
cated by describing curves, each of which 
begins at a point indefinitely near O and 
returns to another point indefinitely near it 
after passing round one of the branch-points, 
and by noting the value of each branch of the function after each of these 
curves has been described. 

The law of interchange of branches of a function after description of a 
circuit round a branch-point is as follows :— 


Fig. 19, 


All the branches of a function, which are affected by a branch-point as such, 
can either be arranged so that the order of interchange (for description of a 
path round the point) is cyclical, or be divided into sets in each of which the 
order of interchange is cyclical. 

Let w,, Ws, W3,... be the branches of a function for values of z near a 
branch-point a which are affected by the description of a small closed curve 
C round a: they are not necessarily all the branches of the function, but only 
those affected by the branch-point. 

The branch w, is changed after a description of C; let w, be the branch 
into which it is changed. Then w, cannot be unchanged by C; for a reversed 
description of C, which ought to restore w,, would otherwise leave w, un- 
changed. Hence w, is changed after a description of C; it may be changed 
either into w, or into a new branch, say w;. If into w,, then w, and w, form 
a cyclical set. 

If the change be into w,, then w, cannot remain unchanged after a 
description of C, for reasons similar to those that before applied to the 
change of w,; and it cannot be changed into w,, for then a reversed de- 
scription of C would change w, into w,;, and it ought to change w, into w. 
Hence, after a description of OC, w, is changed either into w, or into a new 
branch, say w,. If into w,, then w,, wo, w; form a cyclical set. 

If the change be into w,, then w, cannot remain unchanged after a 
description of C; and it cannot be changed into w, or w;, for by a reversal 
of the circuit that earlier branch would be changed into w, whereas it ought 
to be changed into the branch, which gave rise to it by the forward descrip- 
tion—a branch which is not w,. Hence, after a description of C, w, is 
changed either into w, or into a new branch. If into w,, then wy,, w., Ws, Ws, 
form a cyclical set, 
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If w, be changed into a new branch, we proceed as before with that new 
branch and either complete a cyclical set or add one more to the set. By 
repetition of the process, we complete a cyclical set sooner or later. 

If all the branches be included, then evidently their complete system 
taken in the order in which they come in the foregoing investigation is a 
system in which the interchange is cyclical. 

If only some of the branches be included, the remark applies to the set 
constituted by them. We then begin with one of the branches not included 
in that set and evidently not inclusible in it, and proceed as at first, until 
we complete another set which may include all the remaining branches or 
only some of them. In the latter case, we begin again with a new branch 
and repeat the process; and so on, until ultimately all the branches are 
included. The whole system is then arranged in sets, in each of which the 
order of interchange is cyclical. 


93. The analytical test of a branch-point is easily obtained by con- 
structing the general expression for the branches of a function which are 
interchanged there. 


Let z=a be a branch-point where n branches w,, w.,..., w, are cyclically 
interchanged. Since by a first description of a small curve round a, the 
branch w, changes into w,, the branch w, into w;, and so on, it follows that 
by r descriptions w, 1s changed into w,,, and by n descriptions w, reverts to 
its initial value. Similarly for each of the branches. Hence each branch 
returns to its initial value after n descriptions of a circwt round a branch- 
point where n branches of the function are interchangeable. 


Now let z—-a=Z"; 
then, when z describes circles round a, Z moves in a circular are round its 
origin. For each circumference described by z, the variable Z describes 


1 ie : ; 
—th part of its circumference; and the complete circle is described by Z 
n 


round its origin when complete circles are described by z round a. Now 
the substitution changes w, as a function of z into a function of Z, say into 
W,; and, after n complete descriptions of the z-cirele round a, w, returns 
to its imitial value. Hence, after the description of a Z-circle round its 
origin, W, returns to its initial value, that is, Z=0 ceases to be a branch- 
point for W,. Similarly for all the branches W. 

But no other condition has been associated with a as a point for the 
function w; and therefore Z=0 may be any point for the function W, that 
is, it may be an ordinary point, or a singularity. In every case, we have W 
a uniform function of Z in the immediate vicinity of the origin; and therefore 
in that vicinity it can be expressed in the form 


@ (7) + P(D), 
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with the significations of P and G@ already adopted. When Z=0 is an 
ordinary point, G is a constant or zero; when it is an accidental singularity, 
G is a polynomial function; and, when it is an essential singularity, @ is 
a transcendental function. 

The simpler cases are, of course, those in which the form of @ is poly- 
nomial or constant or zero; and then W can be put into the form 

VAT ECAY 
where P is an infinite series of positive powers and m is an integer. As this 
is the form of W in the vicinity of Z=0, it follows that the form of w in the 
vicinity of z=a is 
m i 
(z—a)" P {(z-a)"}; 


and the various n branches of the function are easily seen to be given by 
1 


substituting in the above for (¢—a)” the values 
Qirst 1 
e” (z-a)", 
where s=0,1,...,n—1. We therefore infer that the general expression for 
the n branches of a function, which are interchanged by circuits round a 
branch-point z= a, assumed not to be an essential singularity, is 
m 1 
(z—a)” P {(z—a)", 
1 
where m is an integer, and where to (z—a)" its n values are in turn assigned 


to obtain the different branches of the function. 

There may be, however, more than one cyclical set of branches. If there 
be another set of 7 branches, then it may similarly be proved that their 
general expression 1s 


(c— ay O{(e—a)", 


where m, is an integer, and Q is an integral function; the various branches 


1 
are obtained by assigning to (z— a)" its r values in turn. 
And so on, for each of the sets, the members of which are cyclically 
interchangeable at the branch-point. 
When the branch-point is at infinity, a different form is obtained. Thus 
in the case of a set of n cyclically interchangeable branches we take 
Re Uh 
so that n negative descriptions of a closed z-curve, excluding infinity and no 
other branch-point, require a single positive description of a closed curve 
round the w-origin. These n descriptions restore the value of w as a function 
of z to its initial value; and therefore the single description of the u-curve 
round the origin restores the value of U—the equivalent of w after the 
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change of the independent variable—as a function of vu. Thus w=0 ceases 
to be a branch-point for the function U; and therefore the form of U is 


G (=) +P (u), 


where the symbols have the same general signification as before. 


If, in particular, z= © be a branch-point but not an essential singularity, 
then @ is either a constant or a polynomial function ; and then U can be 
expressed in the form =4 

un P (a), 
where m is an integer. When the variable is changed from wu to z, then the 
general expression for the n branches of a function which are interchangeable 
at z=, assumed not to be an essential singularity, vs 

m 1 

a P(z ™), 

1 

where m is an integer and where to 2” its n values are assigned to obtain the 
different branches of the function. 


If, however, the branch-point z=a in the former case or z= in the 
latter be an essential singularity, the forms of the expressions in the vicinity 
of the point are 


G {(z—-a) "+ P ((2— a)", 


1 1 
and G(a)+ P(z ), 
respectively. 


Note. When a multiform function is defined, either explicitly or im- 
plicitly, it is practically always necessary to consider the relations of the 
branches of the function for z= as well as their relations for points that 
are infinities of the function. The former can be determined by either 
of the processes suggested in § 4 for dealing with z=; the latter can be 
determined as in the present section. 


Moreover, the total number of branches of the function has been assumed 
to be finite. The cases, in which the number of branches is unlimited, need 
not be discussed in general: it will be sufficient to consider them when they 
arise, as they do arise, e.g., when the function is of the form of an algebraical 
irrational with an irrational index such as "hardly a function in the 
ordinary sense—, or when the function is the logarithm of a function of z, 
or is the inverse of a periodic function. In the nature of their multiplicity 
of branching and of their sequence of interchange, they are for the most part 
distinct from the multiform functions with only a finite number of branches. 


Ex. The simplest illustrations of multiform functions are furnished by functions 
defined by algebraical equations, in particular, by algebraic irrationals. 
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The general type of the algebraical irrational is the product of a number of functions 
1 
of the form w={A (z—«) (z— dy)......(2-Gp»)}™, m and n being integers. 
This particular function has m branches ; the points @,, dg, ...... , ty, are branch-points. 


To find the law of interchange, we take ¢—a,=pe”; then when a small circle of radius p 
is described round a,, so that z returns to its initial position, the value of 6 increases by 


Tg area 
2m and the new value of w is aw, where a is the mth root of unity defined by em, Taking 
then the various branches as given by w, aw, a2w,...... , a”—1lw, we have the law of inter- 
change for description of a small curve round any one branch-point as given by this 
succession in cyclical order. The law of succession for a circuit enclosing more than 
one of the branch-points is derivable by means of Corollary V., § 90. 


To find the relation of z=a to w, we take zz’=1 and consider the new function W in 


the vicinity of the z’-origin. We have 
1 n 


W={4 (1—a,2’) (l—ayz’)...... (1—dyz’)}m 2m, 


If the variable z describe a very small circle round the origin in the negative sense, then 
nv 


z' is multiplied by e~? and so W acquires a factor em, that is, W is changed unless 
this acquired factor is unity. It can be unity only when 7/m is an integer; and therefore, 
except when z/m is an integer, z=o is a branch-point of the function. The law of 
succession is the same as that for negative description of the z’-circle, viz. w, aw, 
CD ses ; the m values form a single cycle only if m be prime to m, and a set of cycles 
if m be not prime to m. 

Thus z= is a branch-point for w=(422— 9x2 —- 93)? it is not a branch-point for 
w={(1—2)(1—#2)}-?; and z=b is a branch-point for the function defined by 

(¢—b) w=z-a, 

but z=b is not a branch-point for the function defined by (2-0)? w?=z—-a., 
Again, if p denote a particular value of 2, when z has a given value, and g similarly 
z 


denote a particular value of a 1 then w=p+gq is a six-valued function, the values 
being ; 

W= pry W= praq, w= ptag, 

W2=— Prd, UW=—praq, We= =p Fag, 
where a is a primitive cube root of unity. The branch-points are —1, 0, 1, ©; and the 
orders of change for small circuits round one (and only one) of these points are as 


follows : 


For a small circuit round —1 0 1 oe) 
w, changes to Ws Wy» Ws Wy 
Wy - Ws wy Ws Ww, 
Ws a ; Wy Ws, Ws Wy 

ae 2 és ] = Wy Ws We Ws 
Ws ” Ws; We Wy We 
We Ws u Wo uw 


12—2 
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Combinations can at once be effected ; thus, for a positive circuit enclosing both 1 and © 
but* not —1 or-0, the succession is 


Wy, Wy, U5, Wo, Wz, UG 
in cyclical order. 

94. It has already been remarked that algebraic irrationals are a special 
class of functions defined by.algebraical equations. Functions thus generally 
defined by equations, which are polynomial so far as concerns the dependent 
variable but need not be so in reference to the independent variable, are 
often called algebraical. The term, in one sense, cannot be strictly applied 
to the roots of an equation of every degree, seeing that the solution 
of equations of the fifth and higher degrees can be effected only by 
transcendental functions; but what is implied is that a finite number of 
determinations of the dependent variable is given by the equation. 


The equation is polynomial in relation to the dependent variable w, that 
is, it will be taken to be of finite degree » in w. The coefficients of the 
different powers will be supposed to be uniform functions of z: were they 
multiform (with a limited number of values for each value of z) in any given 
equation, the equation could be transformed into another, the coefficients of 
which are uniform functions. And the equation is supposed to be irreducible, 
that is, if the equation be taken in the form 


Tw, Z) = 0, 
the left-hand member f(w, z) cannot be resolved into factors of a form and 
character as regards w and z similar to f itself. 


The existence of equal roots of the equation for general values of z 
requires that 


Jv J (wu, 2) and ues 


shall have a common factor, which will be uniform owing to the form of 
J (w,2). This form of factor is excluded by the irreducibility of the equation ; 
so that f=0, as an equation in w, has not equal roots for general values 
of z. But though the two equations are not both satisfied in virtue of a 
simpler equation, they are two equations determining values of w and z; 
and their form is such that they will give equal values of w for special 
values of z. 


Since the equation is of degree n, it may be taken to be 
V w" + w' FB, (2) + wr, (z) +... + WE (2) + Fa (z) = 0, 
where the functions F,, F,,... are uniform. If all their singularities be 


* Such a circuit, if drawn on the Neumann’s sphere, may be regarded as excluding —1 and 0, 
or taking account of the other portion of the surface of the sphere, it may be regarded as a 
negative circuit including ~1 and 0, the cyclical interchange for which is easily proved to be 
W 1, Wy, We, Wo, Wy, We as in the text. 

+ Such a function is called bien défini by Liouville. 
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accidental, they are rational meromorphic functions of z (unless z= is the 
only singularity, in which case they are holomorphic); and the equation can 
then be replaced by one which is equivalent and has all its coefficients 
holomorphic, the coefficient of w” being the least common multiple of all the 
denominators of the meromorphic functions in the first form. This form 
cannot however be deduced, if any of the singularities be essential. 


The equation, as an equation in w, has n roots, all functions of z; let 
these be denoted by w,, w2,..., Wn, which are the n branches of the function w, 
When the geometrical interpretation is associated with the analytical relation, 
there are n-points in the w-plane, say a, ...,%,, Which correspond with a point 
in the z-plane, say with a,; and in general these n points are distinct. As 
z varies so as to move in its own plane from a, then each of the w-points 
moves in their common plane; and thus there are n w-paths corresponding 
to a given z-path. These n curves may or may not meet one another. 


If they do not, there are n distinct w-paths, leading from m, ..., &, to 
B,, ..., Bn, respectively corresponding to the single z-path leading from a 
to b. 

If two or more of the w-paths do meet one another, and if the describing 
w-points coincide at their point of intersection, then at such a point of 
intersection in the w-plane, the associated branches w are equal; and 
therefore the point in the z-plane is a point that gives equal values for w. 
It is one of the roots of the equation obtained by the elimination of w 
between 


J (w, 2)=0, TO, 


the analytical test as to whether the point is a branch-point will be 
considered later. The march of the concurrent w-branches from such a 
point of intersection of two w-paths depends upon their relations in its 
immediate vicinity. 

When no such point lies on a z-path from a to b, no two of the w-points 
coincide during the description of their paths. By § 90, the z-path can be 
deformed (provided that, in the deformation, it does not cross a branch-point) 
without causing any two of the w-points to coincide. Further, if z describe 
a closed curve which includes none of the branch-points, then each of the 
w-branches describes a closed curve and no two of the tracing points ever 
coincide. 

Note. The limitation for a branch-point, that the tracing w-points 
coincide at the point of intersection of the w-curves, is of essential im- 
portance. 

What is required to establish a point in the z-plane as a branch-point, 
is not a mere geometrical intersection of a couple of completed w-paths 
but the coincidence of the w-points as those paths are traced, together with 
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interchange of the branches for a small circuit round the point. Thus let there 
be such a geometrical intersection of two w-curves, without coincidence of the 
tracing points. There are two points in the z-plane corresponding to the 
geometrical intersection; one belongs to the intersection as a point of the 
w-path which first passed through it, and the other to the intersection as a 
point of the w-path which was the second to pass through it. The two 
branches of w for the respective values of z are undoubtedly equal; but the 
equality would not be for the same value of z And unless the equality 
of branches subsists for the same value of z, the point is not a branch- 
point. 


A simple example will serve to illustrate these remarks. Let w be defined by the 


equation 
f= (w? — 22) -2=0, 


so that the branches w, and w, are given by 


cw,=c2t2(2+0)!, cwy=cz—2 (2+ oe) ; 
it is easy to prove that the equation resulting from the elimination of w between f=0 and 
Of ys 
atm 18 


a (ga C2) =O; 
and that only the two points z= +7¢ are branch-points. 
The values of z which make w, equal to the value of w, for z=a (supposed not equal to 
either 0, c? or —c?2) are given by 
cepa(2+ y= ca—a(ar+ oh, 
which evidently has not z=a for a root. Rationalising the equation so far as concerns z 


and removing the factor z—a, as it has just been seen not to furnish a root, we find that z 
is determined by 


B+ 2a +20? +a3 + 2ac? —2ac (a? +0)! =0, 
the three roots of which are distinct from a, the assumed point, and from +c7, the branch- 
point. Each of these three values of z will make w, equal to the value of w, for z=a: we 
have geometrical intersection without coincidence of the tracing points. 

95. When the characteristics of a function are required, the most im- 
portant class are its infinities: these must therefore now be investigated. 
It is preferable to obtain the infinities of the function rather than the 
singularities alone, in the vicinity of which each branch of the function 
is uniform*: for the former will include these singularities as well as 
those branch-points which, giving infinite values, lead to regular singularities 
when the variables are transformed as in § 93. The theorem which determ- 
ines them is :— 

The infinities of a function determined by an algebraical equation are the 
singularities of the coefficients of the equation. 

Let the equation be 


w+ uw F, (2) + ww", (2) +... + WE ps (2) + Fn (2) = 0, 


* These singularities will, for the sake of brevity, be called regular. 
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and let w’ be any branch of the function; then, if the equation which 
determines the remaining branches be 


wr + wr Gr, (Z) + WG (2) +... +WEn_o (2) + Gn (2) =0, 
we have F,, (2) = — w’Gr— (2), 
Fra (2) = — W Gna (2) + Gra), 
F,-2(2) =— W Gn—s (2) + Gn. (2), 


F(z) =—w" i Gy (2). 


Now suppose that a@ is an infinity of w’; then, unless it be a zero of order 
at least equal to that of G,_, (2), a is an infinity of F(z). If, however, it be 
a zero of Gn_,(z) of sufficient order, then from the second equation it is an 
infinity of F,_,(z) unless it is a zero of order at least equal to that of 
Gn—2(z); and so on. The infinity must be an infinity of some coefficient not 
earlier than F’;(z) in the equation, or it must be a zero of all the functions 
G which are later than G;_,(z). If it be a zero of all the functions G,, so 
that we may not, without knowing the order, assert that it is of rank at 
least equal to its order as an infinity of w’, still from the last equation it 
follows that a must be an infinity of F\(z). Hence any infinity of w is an 
imfinty of at least one of the coefficients of the equation. 


Conversely, from the same equations it follows that a singularity of one 
of the coefficients is an infinity either of w’ or of at least one of the co- 
efficients G. Similarly the last alternative leads to an inference that the 
infinity is either an infinity of another branch w” or of the coefficients of the 
(theoretical) equation which survives when the two branches have been 
removed. Proceeding in this way, we ultimately find that the infinity either 
is an infinity of one of the branches or is an infinity of the coefficient in the 
last equation, that is, of the last of the branches. Hence any singularity 
of a coefficient 1s an infinity of at least one of the branches of the function. 

It thus appears that all the infinities of the function are included among, 
and include, all the singularities of the coefficients; but the order of the 
infinity for a branch does not necessarily make that point a regular 
singularity nor, if it be made a regular singularity, is the order necessarily 
the same as for the coefficient. 


The following method is effective for the determination of the order of the 


infinity of the branch. 
Let a be an accidental singularity of one or more of the /’ functions, 
say of order m; for the function #’;; and assume that, in the vicinity of a, 


we have 
F(z) = (2 — a)-™ [; + d; (2 —a) + 6; (2-0)? + ...]}. 
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Then the equation which determines the first term of the expansion of w in 
a series in the vicinity of a is 
w + ¢, (2 —a)-™ w" +o (¢-—a) mw +... 
+ Cn (2 — a1 4+ Cy (2-4) = 0. 

Mark in a plane, referred to two rectangular axes, points 1; 05 «7—J; 
—m; n— 2, — M3... 0, — Mn; let these 
be Ay, A,,..., An» respectively. Any line 
through A; has its equation of the form 


yt+m =r {e—-(n—1)}, 


that is, 

y —Aw=—2A(N— 1) — M. 
If then w=(z—a)*f(z), where f(z) is 
finite when z=a, the intercept of the Fig. 20. 
foregoing line on the negative side of the axis of y is equal to the order of 
the infinity in the term 


wf, (2). 

This being so, we take a line through A, coinciding in direction with the 
negative part of the axis of y, and we turn it about A, in a trigonometrically 
positive direction until it first meets one of the other points, say A,_,; then 
we turn it about A,_, until it meets one of the other points, say A,_s,; and 
so on until it passes through A,. There will thus be a line from A, to 
A,, generally consisting of a number of parts; and none of the points A 
will be outside it. 

The perpendicular from the origin on the line through A»_, and A,_, is 
evidently greater than the perpendicular on any parallel line through a 
point A, that is, on any line through a point A with the same value 
of X}; and, as this perpendicular is 


{A (n — 2) + mj} (1 + ?)-3, 
it follows the order of the infinite terms in the equation, when the particular 


substitution is made for w, is greater for terms corresponding to points lying 
on the line than it is for any other terms. 

If f(z)=@ when z=a, then the terms of lowest order after the substitu- 
tion of (—a)*f (z) for w are 

(Zz = Cy; tas (Guone” a one ar On-20" |, 

as many terms occurring in the bracket as there are points A on the line 
joining A,_, to Ay; Since the equation determining w must be satisfied, 
terms of all orders must disappear, and therefore 


Gung’ te ieee, 


expansions of s— 7 branches w. 
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Similarly for each part of the line: for the first part, there are r branches 
with an associated value of X; for the second, s—7r branches with another 
associated value ; for the third, t —s branches with a third associated value ; 
and so on. 


The order of the infinity for the branches is measured by the tangent 
of the angle which the corresponding part of the broken line makes with the 
axis of «; thus for the line joining A,_, to A,_, the order of the infinity for 
the s—7 branches is 

Mn—r — Mn—s 
sr? 


where mn_, and mn_s are the orders of the accidental singularities of Fy_, (2) 


and f,=5 (2). 


If any part of the broken line should have its inclination to the axis of 
x greater than 47 so that the tangent is negative and equal to — yw then, the 
form of the corresponding set of branches w is (z—a)*g (z) for all of them, 
that is, the point is not an infinity for those branches. But when the 
inclination of a part of the line to the axis is < 47, so that the tangent is 
positive and equal to A, then the form of the corresponding set of branches 
w is (g—a)~f(z) for all of them, that is, the point is an infinity of order 
for those branches. 


In passing from A, to A,, there may be parts of the broken line which 
have the tangential coordinate negative, implying therefore that a is not an 
infinity of the corresponding set or sets of branches w. But as the revolving 
line has to change its direction from A,y’ to some direction through <A, 
there must evidently be some part or parts of the broken line which have 
their tangential coordinate positive, implying therefore that a is an infinity 
of the corresponding set or sets of branches. 


Moreover, the point a is, by hypothesis, an accidental singularity of at 
least one of the coefficients, and it has been supposed to be an essential 
singularity of none of them; hence the points A), A,,..., An are all in the 
finite part of the plane. And as no two of their abscisse are equal, no line 
joining two of them can be parallel to the axis of y, that is, the inclination 
of the broken line is never 4a and therefore the tangential coordinate is 
finite, that is, the order of the infinity for the branches is finite for any 
accidental singularity of the coefficients. 


If the singularity at a be essential for some of the coefficients, the 
corresponding result can be inferred by passing to the limit which is 
obtained by making the corresponding value or values of m infinite. In 
that case the corresponding points A move to infinity and then parts of the 
broken line pass through A, (which is always on the axis of «) parallel to 
the axis of y, that is, the tangential coordinate is infinite and the order of 
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the infinity at a for the corresponding branches is also infinite. The point is 
then an essential singularity (and it may be also a branch-point). 


It has been assumed implicitly that the singularity is at a finite point in 
the z-plane; if, however, it be at «2, we can, by using the transformation 
zz’=1 and discussing as above the function in vicinity of the origin, obtain 
the relation of the singularity to the various branches. We thus have the 
further proposition : 

The order of the infinity of a branch of an algebrarcal function at a 


singularity of a coefficient of the equation, which determines the function, is 
finite or infinite according as the singularity 1s accidental or essential. 


If the coefficients F; of the equation be holomorphic functions, then 
z= is their only singularity and it is consequently the only infinity for 
branches of the function. If some of or all the coefficients F; be mero- 
morphic functions, the singularities of the coefficients are the zeros of 
the denominators and, possibly, z= 0; and, if the functions be rational, 
all such singularities are accidental. In that case, the equation can be 
modified to 

hy (2) w™ + hy (2) w+ hy (2) w+... = 0, 
where hf, (z) is the least common multiple of all the denominators of the 
functions F;. The preceding results therefore lead to the more limited 
theorem : 


When a function w rs determined by an algebraical equation the coefficients 
of which are holomorphic functions of z, then each of the zeros of the coefficient 
of the highest power of w is an infinity of some of (and it may be of all) the 
branches of the function w, each such infinity being of finite order. The point 
z= may also be an infinity of the function w; the order of that infinity ts 
finite or infinite according as z= % is an accidental or an essential singularity 
of any of the coefficients. 


It will be noticed that no precise determination of the forms of the 
branches w at an infinity has been made. The determination has, however, 
only been deferred: the infinities of the branches for a singularity of the 
coefficients are usually associated with a branch-point of the function, and 
therefore the relations of the branches at such a point will be of a general 
character independent of the fact that the point is an infinity. 


If, however, in any case a singularity of a coefficient should prove to be, 
not a branch-point of w but only a regular singularity, then in the vicinity of 
that point the branch of w is a uniform function. A necessary (but not suffi- 
cient) condition for uniformity is that (my_,—mp—s) +(s — 7) be an integer. 


Note. The preceding method can be applied to determine the leading 
terms of the branches in the vicinity of a point a which is an ordinary point 
for each of the coefficients F. 
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96. There remains therefore the consideration of the branch-points of a 
function determined by an algebraical equation. 

The characteristic property of a branch-point is the equality of branches 
of the function for the associated value of the variable, coupled with the 
interchange of some of (or all) the equal branches after description by the 
variable of a small contour enclosing the point. 

So far as concerns the first part, the general indication of the form of the 
value has already (§ 93) been given. The points, for which values of w 
determined as a function of z by the equation 


Sw (w, z)=0 
are equal, are determined by the solution of this equation treated simul- 
taneously with 

af (w, 2) _ 9. 


ow 


and when a point z is thus determined, ‘the ‘corresponding values of w, which 
are equal there, are obtained by substituting that value of z and taking M, 


the greatest common measure of f and - . The factors of M then lead to 


the value or the values of w at the point; the index m of a linear factor 
gives at the point the multiplicity of the value which it determines, and 
shews that m+ 1 values of w have a common value there, though they are 
distinct at infinitesimal distances from the point. Values of w, determined 
by f=0 but not occurring in a factor of M, are isolated values ; each of them 
determines a branch that is uniform at the point. 


Let z=a, w=a be a value of z and a value of w thus obtained; and 
suppose “that m is the number of values of w that are equal to one another. 
The point z=a is not a branch-point unless some interchange among the 
m values of w is effected by a small circuit round a; and it is therefore 
necessary to investigate the values of the branches* in the vicinity of z 


Let w=a+w',z=a+2'; then we have 
f(atw, at+2/)=0, 
that is, on the supposition that f(w, z) has been freed from fractions, 
FG, 0) + 2 PAs w" = 0, 
r, 8 


so that, since a is a value of w corresponding to the value a of z, we have 
w’ and 2 connected by the relation 


TTA, 2" w" = 0. 
Vite 3 


* The following investigations are founded on the researches of Puiseux on algebraic 
functions ; they are contained in two memoirs, Liouville, 1" Sér., t. xv, (1850), pp. 365—480, ib., 
t. xvi, (1851), pp. 228—240. See also the chapters on algebraic functions, pp. 19—76, in the 
second edition of Briot and Bouquet’s Théorie des fonctions elliptiques. 
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When 2 is 0, the zero value of w’ must occur m times, since a 1s a root 
m times repeated; hence there are terms in the foregoing equation inde- 
pendent of 2’, and the term of lowest index among them is w’”. Also when 
w’'=0, 2’=0 is a possible root; hence there must be a term or terms 
independent of w’ in the equation. 

First, suppose that the lowest power of z among the terms independent 
of w' is the first. The equation has the form 


Az’ + higher powers of 2’ 
+ Bu’ + higher powers of w’ 


+ terms involving 2’ and w’ = 0, 


where A is the value of wee for w30,2=0, Let Z=C* Ww. —00. the 
last form changes to 
(A + Bo”) 6" + terms with €”*1 as a factor =0; 


and therefore A + Bu + terms involving €= 0. 
Hence in the immediate vicinity of z =a, that is, of €=0, we have 
A + By = 0, 


Neither A nor B is zero, so that all the m values of v are finite. Let them 
be v,..., Um, So arranged that their arguments increase by 27/m through 
the succession. The corresponding values of w’ are 


Wy = UpS 
i 
J 
=v,2"™, 
for r=1,..., m. Now a z-circuit round a, that is, a 2’-circuit round its 
origin, increases the argument of 2’ by 27; hence after such a circuit, we 
1 Qi 1 
have the new value of w,’ as v,2’"e™ , that is, 1t 18 U,4, 2" which is the value 
+1 
of w',4;. Hence the set of values w’,, w’,,..., Wm form a complete set of 


interchangeable values in their cyclical succession ; all the m values, which 
are equal at a, form a single cycle and the point is a branch-point. 


Next, suppose that the lowest power of 2’ among the terms independent 


. 1 . 2 
of w’ is 2’, where] >1. The equation now has the form 


O=Az" + higher powers of 2’ 


+ Bw’ + higher powers of w’ 


t-1 m-1 
+ SS Ape uw + 2550,2 0, 


r=1 s=1 
where in the last summation r and s are not zero and in every term either 
(i), 7 is equal to or greater than / or (ii), s is equal to or greater than m 
or (ili), both (i) and (ii) are satisfied. As only terms of the lowest orders 
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need be retained for the present purpose, which is the derivation of the first 
term of w’ in its expansion in powers of 2’, we may use the foregoing equation 


in the form 
l-1 m- 


Ayes S A, wh" + Bu™ =0 


fr=1 s=1 


To obtain this frst term we proceed in a manner similar to that in § 95*. 
Points A),..., Am are taken in a plane 
referred to rectangular axes having as co- 
ordinates 0,1;...; 8,7; ...; m, 0 respectively. 
A line is taken through A,, and is made to 
turn round 4,, from the position A,,O until 
it first meets one of the other points; then 
round the last point which lies in this 
direction, say round A,, until it first meets 
another; and so on. 

Any line through A; (the point s;, 7;) is Fig. 21. 
of the form 


Yy¥— T= — (a — 8). 


The intercept on the axis of z’-indices is As;+7;, that is, the order of the 


term involving A, for a substitution w! oz’, The perpendicular from the 


origin for a line through A; and 4; is less tah for any parallel line through 
other points with the same melanin ; and, as this perpendicular is 

(As; + 74) (1 + A2)78, 
it follows that, for the particular substitution w’ oc 2”, the terms corresponding 
to the points lying on the line with coordinate > are the terms of lowest 
order, and consequently they are the terms which give the initial terms for 
the associated set of quantities w’. 

Evidently, from the indices retained in the equation, the quantities » 
for the various pieces of the broken line from A,» to A, are positive and 
finite. 

Consider the first piece, from A,, to A; say; then taking the value of X for 
that piece as w,, so that we write v,z™ as the first term of w’, we have as the 
set of terms involving the lowest indices 

Bu'™ a Sp Ave. w® i Bony Zi’, 
s; being the smallest value of s retained ; and then 
Mply = Shy + 7 = Sip, + 7; 
r vj 


so that = = : 
ans om 8; 


* Reference in this connection may be made to Chrystal’s Algebra, ch. xxx., with great 
advantage, as well as the authorities quoted on p. 187, note. 
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Let Pig be the equivalent oe of , as the fraction in its lowest terms; and 


write 2 =€% Then w’= oe = 0,0; all the terms except the above group 
are of order > mp, and therefore the equation leads after division by ¢”?v* to 
Buyr-* FSS A ps8 + A,.., =(, 

an equation which determines m — s; values for v,, and therefore the initial 
terms of m —s; of the w-branches. 

Consider now the second piece, from A; to A; say; then taking the value 
of X for that piece as pu., so that we write v,2'"* as the first term of w’, we 
have as the set of terms involving the lowest indices for this value of pu, 


Tathen 


A,.2 "w fy! + DEA yg w" "+ Aye, 
where gs; is the smallest value of s retained. Then 
Sjflg + 1; = Sly + 7 = Siflg + 75. 
Proceeding exactly as before, we find 
V Arg ves + ZEAp vs + Ap, =0 
as the equation determining s;—s; values for v,, and therefore the initial 
terms of s;—s; of the w-branches. 

And so on, until all the pieces of the line are used; the initial terms of _ 
all the w-branches are thus far determined in groups connected with the 
various pieces of the line A,,A;A;...4). By means of these initial terms, 
the m-branches can be arranged for their interchanges, by the description of 
a small circuit round the branch-point, according to the following theorem :— 

Each group can be resolved into systems, the members of each of which are 
cyclically interchangeable. 


It will be sufficient to prove this theorem for a single group, say the 
group determined by the first piece of broken line: the argument is 
general. 


3 ie : rc rj 
Since is the equivalent of and of —#4 
n 


—S — 


and since s;<s, we have 
=) 
m—s=kq, m — 8; = kyq, kj >k; 
and then the equation which determines », is 
Boa x SA gt ia Se Ane = 0, 
ad 
that is, an equation of degree 4; in v,% as its variable. Let U be any root of 
1 


it; then the corresponding values of v, are the values of U% Suppose these 


g values to be arranged so that the arguments increase by one, which is 
q 
possible, because p is prime to g. Then the q values of w’, being the values 
of 1421, are 
p p » 
W24, Vp? 4, Vyg2'4, woe 
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A 2 
where v,, is that value of U4 which has = * for its argument. <A circuit 


round the z’-origin evidently increases the argument of any one of these 
w'-values by 27 p/gq, that is, it changes it into the value next in the succession; 
and so the set of q values is a system the members of which are cyclically 
interchangeable. 

This holds for each value of U derived from the above equation ; so that 
the whole set of m —s; branches are resolved into k; systems, each containing 
g members with the assigned properties. 

It is assumed that the above equation of order 4; in v,7 has its roots unequal. 
If, however, it should have equal roots, it must be discussed ab initio by a 
method similar to that for the general equation; as the order k; (being a 
factor of m—s;) is less than m, the discussion will be shorter and simpler, 
and will ultimately depend on equations with unequal roots as in the case 
above supposed. 

It may happen that some of the quantities w are integers, so that the 
corresponding integers q are unity: a number of the branches would then be 
uniform at the point. 

It thus appears that z=a is a branch-point and that, under the present 
circumstances, the m branches of the function can be arranged in systems, 
the members of each one of which are cyclically interchangeable. 

Lastly, it has been tacitly assumed in what precedes that the common 
value of w for the branch-point is finite. If it be infinite, this infinite value 
can, by § 95, arise only out of singularities of the coefficients of the equation : 
and there is therefore a reversion to the discussion of §§ 95,96. The dis- 
tribution of the various branches into cyclical systems can be carried out 
exactly as above. . 

Another method of proceeding for these infinities would be to take 
ww’ =1,z=c+z’; but this method has no substantial advantage over the 
earlier one and, indeed, it is easy to see that there is no substantial 
difference between them. 

Note. In the first case considered, a single transformation of the variables 
represented by 2° =", w'=vf, was sufficient to discriminate among the m 
branches. 

In the second case, the number of different directions in the broken line 
of fig. 21 is finite (€ m); to each such direction there corresponds a trans- 
formation of the variables which leads to a discrimination among one of the 
groups out of the m branches, and therefore the whole number of trans- 
formations needed to discriminate among the m branches is finite. 

If the m branches are infinite at the point, the corresponding analysis 
shews that the whole number of transformations needed to discriminate among 
those m branches is finite. 
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Moreover m is finite, being <n; hence the various branches of the 
function w are discriminated, at a branch-point, by a finite number of trans- 
formations. 

Ex. 1. As an example, consider the function determined by the equation 

82u8 + (1—z) (8w+1)=0. 
The equation determining the values of z which give equal roots for w is 
8z (4-1)? =4 (2-1)3, 

so that the values are z=1 (repeated) and z=—1. 

When z=1, then w=0, occurring thrice; and if z=1+72, then 

8w?=2', 

that is, w =42?. 
The three values are branches of one system in cyclical order for a circuit round z=1. 


When z= —1, the equation for w is 


4w3—3w—1=0, 
that is, (w—1) (2w+1)?=0, 
so that w=1, or w= —4, occurring twice. 

For the former of these we easily find that, for z=—1+2, the value of w is 
1422 +... , an isolated branch as is to be expected, for the value 1 is not 
repeated. 

For the latter we take w= —4+w’, and find 

WH Bed Heveeery 
so that the two branches are 
w= bog Gi ee ; 
UN $ =< a Zt celateisiaae ) 
and they are cyclically interchangeable for a small circuit round z= —1. 


These are the finite values of w at branch-points. For the infinities of w, which may 
arise In connection with the singularities of the coefficients, we take the zeros of the 
coefficient of the highest power of w in the integral equation, viz., z=0, which is thus the 
only infinity of w. To find its order we take w=z-"f(z)=ye"+ 1.00 , where y is a 
constant and f(z) is finite for z=0; and then we have 


Pt vee 892-4 cee tL 
Thus 1-3n=—n7, 

provided both of them be negative ; the equality gives n=} and satisfies the condition. 
And 8y’=—3y. Of these values one is zero, and gives a branch of the function without 
an infinity ; the other two are +3 —3 and they give the initial term of the two 
branches of w, which have an infinity of order —} at the origin and are cyclically 
interchangeable for a small circuit round it. The three values of w for infinitesimal 
values of z are 


_ 3 al ] 7 3 aE 4 , 275 ° ec oo 

Ww, = Jat +e - 38 fa an ead Ja® 799° ottes deka 
$. pl. 4% vfSae eee ee a ee 
= — gas zg? —— z+- t2* — DP were 
0, NEC a6 tg Je git i944 NE 729 


; 8 Ht 8 
1) — — g fictional 
3 Bi fail 729 
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The first two of these form the system for the branch-point at the origin, which is neither 
an infinity nor a critical point for the third branch of the function. 


Ea. 2. Obtain the branch-points of the functions which are defined by the following 
equations, and determine the cyclical systems at the branch-points : 
(i) w—w+z=0; 
(ii) w—3w?+2=0; 
(iii) w—3w+422 (2—-2)=0; 
(iv) w—32w+3=0; 


44 ‘ 
(v) w-—(1-2)wt-3 2 (1-2)!=0. Briot and Bouquet. 
5S 4 


Also discuss the branches, in the vicinity of z=0 and of z=, of the functions defined 
by the following equations : 
(vi) aw’ +bw'z+cwts + dw + ewd +fP+gu8+huti+ke=0 ; 


(vil) w'Z?+ wr +2" =0, 


97. Having shewn how to discriminate at any point among the various 
branches of the algebraic function defined by the equation 


where the quantities h,(z), h,(z), h.(z),... are holomorphic functions, we 
proceed to indicate the character of the various branches near the point. After 


the preceding discussions, it will be sufficient to consider only finite values 
of z; the consideration of infinite values can be obtained through the zero 


ge : : 
values of 2’, where — is substituted for z. It is only for zeros of h,(z) that 
z 
an infinite value (or several infinite values) of w can arise: they can be 
. ; ies F ; 
discussed through the zero values of w’, where WS substituted for w. 


Accordingly, let a denote a finite value of z, and let « denote a value of 
w for z=a, where a may be a (finite) simple root or multiple root of 
f(a,a)=0. Take w=a+y, 2=4+4, so as to consider some vicinity of the 
point a and the character of w in that vicinity ; and let 
fw, 2)=flaty,a+0)= Ply), 
where F' is a polynomial in y of degree not greater than n, and the coefficients 
are holomorphic functions of « which are polynomials when all the coefficients 
hy, hy, ... are polynomials. We have F'(0,0)=0, so that there is no term 
free from # and y in F(y,«). Also #'(y,0) does not vanish for all values of 
y; for that would imply that some integral power of « is a factor of F'(y, x) 
and therefore that some integral power of z—a is a factor of /(w, 2), which 
is not the case. Hence there is at least one term in the polynomial f(y, ), 
which has a constant for its coefficient, and there may be more than one 
such term; let the term of lowest order in y be By™, and let the aggregate 
of such terms be denoted by F,(y). Denoting the rest by F, (y, 7), where 


F. 13 
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F, is a polynomial in y that has holomorphic functions of « for its coefficients, 


we have 5 
Fiy,«e)=Fi(y)-Fily, 2); 


clearly F,(y, «) vanishes when #=0 for all values of y, in any vicinity of 
y=0. Hence* we can choose a region in the vicinity of y=0, #=0, 
such that 

[Fol > Fil; 
but as F, vanishes when y= 0, there may be some limit of |y| other than 
zero, at and below which the inequality does not hold. Accordingly, assume 
as the range for the inequality 


lol<lyl<p, — lal<r. 
For such values we have, on taking logarithmic derivatives of the equation 


F=7,(1-), 


the relation 
1 a 1 a eo ere 
Foy Ff, oy OW, NF 


Since J, is a polynomial in y that is diveible by y', we have 


lor, m 
ae eS GG 
E; oy y (y), 
where G is a converging series of integral powers. Similarly 
Win ee 
FX = > Gis ima 
0 w=0 


where the quantities G,,, are converging series of integral powers of a, each 

oe) A 

of them vanishing with # As the series } ——\ 

a=1 AF, 

may gather together the various terms that involve the same power of y; 
and we then have 


converges uniformly, we 


where each of the coefficients G, 18 @ converging power-series in a which 
vanishes with w Thus 


lok m Oe 
et a er ee Y (; = SS p UV 
Foy mm AC ats ee Net 


where the only term on the right-hand side in y+ is ue 
: 7] 


What follows is a special case of an important theorem, due to Weierstrass, Ges, Werke, 
t. ii, p. 135. 
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Now let 7,,..., 7; denote the zeros of Fy, «), for values of y such that 
ly|<p and for a parametric value « of « such that |«|<r: it might be that 
there are no such zeros (though this will be seen not to be the case): repeated 
zeros are given by repetition in the quantities 7. Then 


LoM(y«) £1 
Poy =1y—™ 
is finite for all values of y within the range, and therefore it can be expanded 
in a converging series of positive powers, so that 
10F(y,«)_ & 


Cy ee YO 


+ P(y). 


Now choose values of y, still such that |y| <p, and also such that they give 
moduli greater than the greatest of the quantities |7,|; the fractions on the 
right-hand side can be expanded in descending powers of y, and we have 


1 oF (y, K) = § a ee ee 
ams = Plate ye ed 
where Sa =m" + ye +... + yi. 
The parametric value « in this expansion can be replaced by #; and thus 
; lor 
comparing the two expansions for Fay , we have 


7 
s=™m, S, = ¢G_p. 


The first of these results shews that there are m roots of #/ within the 
range. The second of them expresses the sums of the positive powers of 
My ++. M1 aS converging series of positive powers of # which vanish with a; 
hence the symmetric integral functions of 7, ..., m are regular functions of 
in the vicinity of e=0 and vanish with w Let 


g (y, %) = (y¥ — m1) (Y — M2) «-- (Y — M0) 
Se Oy Ye g elas gt, 


where g; are regular functions of w and vanish with #. 


A further comparison of the expansions shews that 


P(y) =G(y)— = (q+) Guny" v 
q=0 


where I'(y, #) is a regular function of y and 2, given by 


DT (y,#) = i "G(y) dy — = Gqsry™. 
—~ 0 q=9 
13—2 


196 AN ALGEBRAIC FUNCTION [97. 


Hence 


1 Oita 

= p> ae ae Pe ar an r > x ? 
Foy way-m oy (y) 
and therefore 

F=Ug (y,2) 8%, 
where U is a quantity independent of y. Now when « is zero, U is B; hence 
generally 
U = B(14 positive powers of #) 
= Be, 
where & is a regular function of # vanishing with # Writing G (y, ~) for 
T (y, z) + &, where G@ (0, 0) = 0, we have 
f= bg (y; x) all oi 


with the defined significance of g (y, x) and G (y, @). 


Vv 


Our immediate purpose is with such values of y, being functions of 2, 
as make #F’ vanish in the region considered. Clearly the exponential term 
does not vanish ; and therefore we have the values of y given by 


g (y, £) = y™ + y+ Gey? +... + 9m=9, VY 


where 91, Jo, +++) Jm are regular functions of w that vanish with a. 

Case 1. The simple case arises when m= 1; the root a is then a simple 
root of f(a, a) = 0, and we have 

y+n=9, 
that is, 
w-a=y=—g9=Q (2-4), 

or in the vicinity of the point a, the branch associated with the simple root 
of f(a, a) =0 is a regular function of z— a, 

The same result holds for each simple root a of the equation f(a, a) = 0. 

Case 2. Let m>1, so that the root a is a multiple root of f(a, a) =0, 
and z=a may be (and generally is) a branch-point. The equation 

g (y, wv) == ihe a Pe iia a OR ha eo Ga= Q 


determines m branches. By § 96 these branches can be arranged in groups, 


pP 

each group corresponding to a particular order |y|% |a|% for sufficiently small 
values of |y| and |#|, and the order being determined by a portion of a broken 
line in a Puiseux diagram. 

Thus for the first portion of the line, take #=¢%, y=vt?; then the 
equation becomes of the form 

ym DK, + egum—8 + cP (v, f) = 0, 

where P(v, €) is a regular function of its arguments. When €=0, we have 


v8 + DK," + xs =0, 
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rejecting the zero values of v. If 1= %, be a simple root of this equation, 
then in the earlier equation we write v=v,+wu; and it then follows, by 
Case 1 above, that 

u=Rh(%), 


where # is a regular function of € that vanishes when £=0. Accordingly 
for every simple root of the equation in v when £ is zero, we have 


2R0— hie wa — Chey FR (ey, 
shewing that the corresponding branch of the algebraic function is a uniform 
1 


function of (¢— a). When q is 1, the branch is a regular function of z—a. 
When q > 1, there is a system of roots of the same form. 


It may happen that v, is a multiple root* of 
Ue + dK,ve7 + Ks, = 0. 


This equation is of degree s, being less than m, the degree of the original 
equation. To it we apply, for the multiple root, the preceding process: and 
so gradually reach the stage in which each of the branches is discriminated 
and analytically expressed. 


Similarly for the remaining portions of the broken line in the Puiseux 
diagram of § 96. 

It therefore follows that all the branches (if the branches be more than 
one) of the function, defined b by the equation f(w, z)=0 and acquiring the 
value a when z=a, where f(a, a) =0, can be oe in the analytical 


form 


2—a= $4, w—a= OP S(o), 


where S(f) isa regular function of its argument which does not vanish when 
¢=0, and where p, q are positive integers not necessarily the same for all 
the branches. (As already remarked, we have assumed a and a@ to be finite. 
It is easy to see that for an infinite value of w when z=a, we have a branch 
of the form 
z-a=€%, BT ed ad MAR, 

where p’ is a finite integer; and similarly for infinite values of z.) Conse- 
quently the function defined by the equation f(w, z) = 0, which is polynomial 
in w and uniform in z, has m branches at any point a, each ce the branches 


being expressible as a uniform analytic function of (2 — ayy. If f(w, 2) 1s 
polynomial in z as well as in w, the non-regular points of the branches are 
poles and branch-points: no point in the plane is an essential singularity for 


any branch. 


* Such is the case for the equation 


— 15 wz — 2wz + 15 wz? + 6w2? +22 - 2=0. 
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Note. If, be a multiple root of its equation, the form 

e-a=f4 w—a= bP 8(e), 
is still valid: but p and q are then not necessarily prime to each other. (The 
equation represented by 

E— OG", 1 0 = cs 

n=2 

is an example.) The condition is that, if the indices in the expression for 
w—a have a common factor f, then fis not a factor of q. 


98. ‘There is one case of considerable importance which, though limited 
in character, is made the basis of Clebsch and Gordan’s investigations* in the 
theory of Abelian functions—the results being, of course, restricted by the 
initial limitations. It is assumed that all the branch-points are simple, that 
is, are such that only one pair of branches of w are interchanged by a circuit 
of the variable round the point; and it is assumed that the equation f=0 is 
polynomial not merely in w but also in z The equation f=0 can then be 
regarded as the generalised form of the equation of a curve of the nth order, 
the generalisation consisting in replacing the usual coordinates by complex 
variables; and it is further assumed, in order to simplify the analysis, that all 
the multiple points on the curve are (real or imaginary) double-points. But, 
even with the limitations, the results are of great value in themselves; and 
the theory of birational transformation (§§ 245—252) brings them within the 
range of unrestricted generality. It is therefore desirable to establish the 
results that belong to the present section of the subject. 


We assume, therefore, that the branch-points are such that only one 
pair of branches of w are interchanged by a small closed circuit round any 
one of the points. The branch-points are among the values of z determined 
by the equations 

Tw, 2) =O; ori ee) = (), 
ow 

When f=0 has the most general form consistent with the assigned 
limitations, f(w, 2) is of the nth degree in z; the values of z are determined 
by the eliminant of the two equations which is of degree n(n —1), and there 
are, therefore, n(n — 1) values of z which must be examined. 
af (w, 2) 

os 


First, suppose that does not vanish for a value of z, thus 


obtained, and the corresponding value of w; then we have the first case 
in the preceding investigation. And, on the hypothesis adopted in the 
present instance, m=2; so that each such point z ws a branch-point. 


* Clebsch und Gordan, T'heorie der Abel’schen Functionen, (Leipzig, Teubner, 1866). It will 
be proved hereafter (§ 252) that any algebraical equation can be transformed birationally into an 
equation of the kind indicated. The actual transformations, however, tend to become extremely 
complicated ; and, in particular instances, detailed results would be obtained more simply by 
proceeding directly from the original equation. 
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Of (w, 2) 
0z 


Next, suppose that vanishes for some of the n(n —1) values of z; 


the value of m is still 2, owing to the hypothesis. The case will now be still 


. . . 2 
further limited by assuming that oe does not vanish for the value of z 


and the corresponding value of w; and thus in the vicinity of z=a, w=a we 
have an equation 


0 = Az? + 2Bz'w' + Cw? + terms of the third degree + ...... , 


Oy cog: of 
022’ czow’ Ow? 


If B 2 AG, this eaten leads to the solution 


for 4=a, w=a. 


where A, B, CO are the values 


Wy 
Cw if Bz’ © uniform function of 2’. 


The point z=a, w=a is not a branch-point; the values of w, equal at the 
point, are functionally distinct. Moreover, such a point z occurs doubly in 
the ehminant; so that, if there be 6 such points, they account for 28 in 
the eliminant of degree n(m—1); and therefore, on their score, the number 
n(m—1) must be diminished by 26. The case is, reverting to the genera- 
lisation of the geometry, that of a double point where the tangents are 


not coincident. 


If, however, B?= AC, the equation leads to the solution 
Ow! + Be’ = Le* + Mz? + Ne tee 


The point z=a, w=a is a point where the two values of z interchange. 
Now such a point z occurs triply in the eliminant; so that, if there be « 
such points, they account for 3« of the degree of the equation. Each of 
them provides only one branch-point, and the aggregate therefore provides « 
branch-points ; hence, in counting the branch-points of this type as derived 
through the eliminant, its degree must be diminished by 2«. The case is, 
reverting to the generalisation of the geometry, that of a double point (real 
or imaginary) where the tangents are coincident. 

It is assumed that all the n(mn—1) points z are accounted for under 
the three classes considered. Hence the number of branch-points of the 
equation 1s 
OQ, =n (n — 1) — 26 — 2k, 
where n is the degree of the equation, 6 is the number of double points 
(in the generalised geometrical sense) at which tangents to the curve do not 
coincide, and « is the number of double points at which tangents to the 
curve do coincide. 

And at each of these branch-points, Q in number, two branches of the 
function are equal and, for a small circuit round it, interchange. 
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99. The following theorem is a combined converse of many of the 
theorems which have been proved: 


A function w, which has n (and only n) values for each value of z, and 
which has a finite number of infinities and of branch-points in any part of the 


plane, is a root of an equation in w of degree n, the coefficients of which are 
uniform functions of z im that part of the plane. 


We shall first prove that every integral symmetric function of the n 
values is a uniform function in the part of the plane under consideration. 


% . . 
Let S; denote > w;*, where k is a positive integer. At an ordinary point 
i=1 
of the plane, S, is evidently a one-valued function and that value is finite ; 
S;, is continuous; and therefore the function S; is uniform in the immediate 


vicinity of an ordinary point of the plane. 


For a point a, which is a branch-point of the function w, we know that 
the branches can be arranged in cyclical systems. Let w,,..., w, be such a 
system, Then these branches interchange in cyclical order for a description 
of a small circuit round a; and, if z—a= Z*, it is known (§ 93) that, in the 
vicinity of Z=0, a branch w is a uniform function of Z, say 


io = a 7) +P (2), 


Therefore wk = Ch, (7) + P;,(Z), 
in the vicinity of Z=0; say 


W, =A, +S a, By, m2 Biten = > Cy, BP A Let 

m=1 m=1 
Now the other branches of the function, which are equal at a, are derivable 
from any one of them by taking the successive values which that one 
acquires as the variable describes successive circuits round ¢ A circuit 
of w round a changes the argument of z—a by 27, and Re gives Z 
reproduced but multiplied by a factor which is a primitive wth root of unity, 
say by a factor a; a second circuit will reproduce Z with a factor a; and so 
ov. Hence 


wt = Ay + DS Biante Z™ atte > pate 


m=1 m=1 


Ce ew ee a ee ee NY eer ec CI 


Wear = = Ay ey > By mam Z-m 4 > Or, iw arm 7m. 


m=1 m=1 


CPC C eee He aE eee eee Ee eases fg CHOSE E RED OSE neneseeDetee 
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and therefore 


rT 
> w= Ag+ & BynZ-™ (1 + arm + am, f gm tm) 
m=1 


P= 1 


+> CunZ™ (La + 02 4... + mum), 


m=1 
Now, since @ is a primitive wth root of unity, 
1+ a8+ a®% +... + 8-0 


is zero for all integral values of s which are not integral multiples of pw, and it 
is « for those values of s which are integral values of ~; hence 


, 3 ws =A, + Byp 2" + By ul ™ + By yp +... 
+ OZ" + Op, + Ch yp 2 +... 
=A, + Bis (2—a)7 + Bi, (2 — a)? + Bis (2-ay +... 
+ 0%. (4-4) + C%4.(2-—a)? + 04,5 (2-ayP+.... 


. . . be . . 
Hence the point z=a may be a singularity of ¥ w,* but it is not a branch- 
v=1 


point of the function; and therefore in the immediate vicinity of z=a the 
ne . . 
quantity > w," is a uniform function. 
r=1 


The point a is an essential singularity of this uniform function, if the 
order of the infinity of w at a be infinite: it is an accidental singularity, if 
that order be finite. 

This result is evidently valid for all the cyclical systems at a, as well as 
for the individual branches which may happen to be one-valued at a. Hence 
S,, being the sum of sums of the form S wk each of which is a uniform 

ral 
function of z in the vicinity of a, is itself a uniform function of z in that 
vicinity. Also a is an essential singularity of S,,if the order of the infinity at 
z=a for any one of the branches of w be infinite; and it is an accidental 
singularity of S,, if the order of the infinity at z=a for all the branches of w 
be finite. Lastly, it is an ordinary point of S,, if there be no branch of w_ for 
which it is an infinity. Similarly for each of the branch-points. 

Again, let ¢ be a regular singularity of any one (or more) of the branches 
of w; then ¢ is a regular singularity of every power of each of those branches, 
the singularities being simultaneously accidental or simultaneously essential. 
Hence ¢ is a singularity of S,: and therefore in the vicinity of c, S, is a 
uniform function, having c for an accidental singularity if it be so for each of 
the branches w affected by it, and having c for an essential singularity if it 
be so for any one of the branches w. 


It thus appears that in the part of the plane under consideration the 
function S, is one-valued; and it is continuous and finite, except at certain 
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isolated points each of which is a singularity. It is therefore a uniform 
function in that part of the plane; and the singularity of the function at any 
point is essential, if the order of the infinity for any one of the branches w at 
that point be infinite, but it is accidental, if the order of the infinity for all 
the branches w there be finite. And the number of these singularities is 
finite, being not greater than the combined number of the infinities of the 
function w, whether regular singularities or branch-points. 


Since the sums of the kth powers for all positive values of the integer & 
are uniform functions, and since any integral symmetric function of the n 
values is a rational integral function of the sums of the powers, it follows 
that any integral symmetric function of the n values is a uniform function 
of z in the part of the plane under consideration; and every infinity 
of a branch w leads to a singularity of the symmetric function, which is 
essential or accidental according as the orders of infinity of the various 
branches are not all finite or are all finite. 


Since w has n (and only n) values w,, ..., W, for each value of z, the 
equation which determines w is 


(w — W,) (Ww —W,) ... (W — Wy) = 9. 


The coefficients of the various powers of w are symmetric functions of the 
branches w,,..., W,; and therefore they are uniform functions of z in the 
part of the plane under consideration. They possess a finite number of 
singularities, which are accidental or essential according to the character of 
the infinities of the branches at the same points. 


Corotiary. Lf all the infinities of the branches in the finite part of the 
whole plane be of finite order, then the finite singularities of all the coefficients 
of the powers of w in the equation satisfied by w are all accidental ; and the 
coefficients themselves then take the form of a quotient of an integral uniform 
function (which may be either transcendental or merely polynomial, in the 
sense of § 47) by another function of a similar character. 


If z= be an essential singularity for at least one of the coefficients, 
through being an infinity of unlimited order for a branch of w, then one 
or both of the functions in the quotient-form of one at least of the coefficients 
must be transcendental. 

If z= be an accidental singularity or an ordinary point for all the 
coefficients, through being either an infinity of finite order or an ordinary 
point for the branches of w, then all the functions which occur in all the 
coefficients are rational expressions. When the equation is multiplied 
throughout by the least common multiple of the denominators of the 
coefficients, 1t takes the form 


why (Zz) + wth, (Z) +... + Whar (2) + hn (2) = 0, 
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where the functions h)(z), h,(2), ..., dn (z) are rational integral functions 
Ot 72: 


A knowledge of the number of infinities of w gives an upper limit of the 
degree of the equation in z in the last form. Thus, let a; be a regular 
singularity of the function; and let a;, 8;, yi,... be the orders of the infinities 
of the branches at a;; then 


Wy Wy... Wy (2 — a)*, 
where \; denotes a; + 8; + yi+..., is finite (but not zero) for z= aj. 
Let ¢; be a branch-point, which is an infinity ; and let ~ branches w form a 
system for c;, such that w(z— ae is finite (but not zero) at the point; then 
WW... Wy, (2 — 04)% 
is finite (but not zero) at the point, and therefore also 


Wy 2. Wy (2 — G4) TOIT VET... 
is finite, where 6;, $;, Wy, ... are numbers belonging to the various systems ; 
or, if e; denote 6;+ d;+ Wit ..., then 
W,... W, (2 — Gj) 
is finite for z=c;. Similarly for other symmetric functions of w. 
Hence, if a, a,... be the regular singularities with numbers )j, A», .. 


defined as above, and if ¢, ¢,... be the branch-points, that are also infinities, 
with numbers ¢,, &,... defined as above, then the product 


CW — AD) woinv ee (w —w,) I (2 — a;)% I (2 — ¢,)% 
i=1 i=1 


is finite at all the points a; and at all the points c;. The points a and the 
points ¢ are the only points in the finite part of the plane that can make the 
product infinite: hence it is finite everywhere in the finite part of the plane, 
and it is therefore an integral function of 2. 


Lastly, let p be the number for z= 2 corresponding to ),; fur a; or to ¢; 
for c;, so that for the coefficient of any power of w in (w— w,)...(w— Wn) the 
greatest difference in degree between the numerator and the denominator is 
p in favour of the excess of the former. 

Then the preceding product is of order 

(Oar DA; + De; 
which is therefere the order of the equation in z when it is expressed in a 


holomorphic form. 


CHAPTER IX. 


Periods OF DEFINITE INTEGRALS, AND PERIODIC FUNCTIONS IN GENERAL. 


100. InsTaNcEs have already occurred in which the value of a function 
of z is not dependent solely upon the value of z but depends also on the 
course of variation by which z obtains that value; for example, integrals of 
uniform functions, and multiform functions. And it may be expected that, 
a fortiori, the value of an integral connected with a multiform function will 
depend upon the course of variation of the variable z. Now as integrals 
which arise in this way through multiform functions and, generally, integrals 
connected with differential equations are a fruitful source of new functions, 
it is desirable that the effects on the value of an integral caused by variations 
of a z-path be assigned so that, within the limits of algebraic possibility, the 
expression of the integral may be made completely determinate. 

There are two methods which, more easily than others, secure this result ; 
one of them is substantially due to Cauchy, the other to Riemann. 


The consideration of Riemann’s method, both for multiform functions and 
for integrals of such functions, will be undertaken later, in Chapters XV., 
XVI. Cauchy’s method has already been used in preceding sections relating 
to uniform functions, and it can be extended to multiform functions. Its 
characteristic feature is the isolation of critical points whether regular 


singularities or branch-points, by means of small curves each containing one 
and only one critical point. 


Over the rest of the plane the variable z ranges freely and, under certain 
conditions, any path of variation of z from one point to another can, as will 
be proved immediately, be deformed without causing any change in the 
value of the integral, provided that the path does not meet any of the small 
curves in the course of the deformation. Further, from a knowledge of the 
relation of any point thus isolated to the function, it is possible to calculate 
the change caused by a deformation of the z-path over such a point; and 
thus, for defined deformations, the value of the integral can be assigned 
precisely. 
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The properties proved in Chapter IT. are useful in the consideration of 
the integrals of uniform functions; it is now necessary to establish the 
propositions which give the effects of deformation of path on the integrals 
of multiform functions. The most important of these propositions is the 
following :— 


b 
ih w be a multiform function, the value of | wdz, taken between two 
a 


ordinary points, is unaltered for a deformation of the path, provided that the 
imitial branch of w be the same and that no branch-point or infinity be crossed 
im the deformation. Loar aa 

Consider two paths acb, adb, (fig. 16, p. 171), satisfying the conditions 
specified in the proposition. Then in the area between them the branch w 
has no infinity and no point of discontinuity; and there is no branch-point 
in that area. Hence, by § 90, Corollary VI., the branch w is a uniform 
monogenic function for that area; it is continuous and finite everywhere 
within it and, by the same Corollary, we may treat w as a uniform, mono- 
genic, finite and continuous function. Hence, by § 17, we have 


(c) | : “mith i “wde ay 


the first integral being taken along acb and the second along bda; and 
therefore 


(c) [wae =—(d) [wae = (a) [ wis, 


shewing that the values of the integral along the two paths are the same 
under the specified conditions. 

It is evident that, if some critical point be crossed in the deformation, 
the branch w cannot be declared uniform and finite in the area and the 
theorem of § 17 cannot then be applied. 


Corottary I. The integral round a closed curve containing no critical 
pont ws zero. 


Corotuary II. A curve round a branch-point, containing no other 
critical point of the function, can be deformed into a loop 
without altering the value of fwdz; for the deformation a 
satisfies the condition of the proposition. Hence, when ve P 
the value of the integral for the loop is known, the 
value of the integral is known for the curve. 
CoroLuary III. From the proposition it is possible 
to infer conditions, under which the integral fwdz round 
the whole of any curve remains unchanged, when the whole Ba 


curve is deformed, without leaving an infinitesimal arc Fig. 22. 
common as in Corollary LI. 
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Let CDC’, ABA’ be the curves: join two consecutive points AA’ to two 
consecutive points CO’. Then if the area CABA’C’DC 
enclose no critical point of the function w, the value of 
Jwdz along CDC’ is by the proposition the same as its 
value along CABA’C’. The latter is made up of the 
value along CA, the value along ABA’, and the value 
along A’C’, say 

A Ones 
I wdz + ip wdz + , w dz, Fig. 23. 
where w’ is the changed value of w consequent on the description of a simple 
curve reducible to B (§ 90, Cor. IT.). 


Now since w is finite everywhere, the difference between the values of w 
at A and at A’ consequent on the description of ABA’ is finite: hence as 
A’A is infinitesimal the value of fwdz necessary to complete the value for 
the whole curve B is infinitesimal and therefore the complete value can be 


taken as the foregoing integral | wdz. Similarly for the complete value 
B 


along the curve D: and therefore the difference of the integrals round B and 


round DP is 
A C’ 
| wdz + | w dz, 
0 A! 


A 
say | (w — w’) dz. 
C 


In general this integral is not zero, so that the values of the integral 
round B and round PD are not equal to one another: and therefore the curve 
D cannot be deformed into the curve B without affecting the value of fwdz 
round the whole curve, even when the deformation does not cause the curve 
to pass over a critical point of the function. 

But in special cases it may vanish. The most important and, as a 
matter of fact, the one of most frequent occurrence is that in which the 
description of the curve B restores at A’ the initial value of w at A. It 
easily follows, by the use of § 90, Cor. IL, that the description of D (as- 
suming that the area between B and D includes no critical point) restores 
at C’ the initial value of w at C. In such a case, w=w’ for corresponding 
points on AC and A’C’, and the integral, which expresses the difference, 
is zero: the value of the integral for the curve B is then the same as that 
for D. Hence we have the proposition :— 

If a curve be such that the description of it by the independent variable 
restores the initial value of a multiform function w, then the value of fwdz 
taken round the curve ws unaltered when the curve is deformed into any other 
curve, provided that no branch-point or point of discontinuity of w is crossed 
in the course of deformation. 
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This is the generalisation of the proposition of § 19 which has thus far 
been used only for uniform functions. 


Note. Two particular cases, which are very simple, may be mentioned 
here: special examples will be given immediately. 


The first is that in which the curve B, and therefore also D, encloses 
no branch-point or infinity; the initial value of w is restored after a 
description of either curve, and it is easy to see (by reducing B to a 
point, as may be done) that the value of the integral is zero. 


The second is that in which the curve encloses more than one branch- 
point, the enclosed branch-points being such that a circuit of all the loops, 
into which (by Corollary V., § 90) the curve can be deformed, restores the 
initial branch of w. This case is of especial importance when w is two-valued : 
the curves then enclose an even number of branch-points. 


101. It is important to know the value of the integral of a multiform 
function round a small curve enclosing a branch-point. 


Let c be a point at which m branches of an algebraic function are equal 
and interchange in a single cycle; and let c, if an infinity, be of only finite 
order, say k/m. Then in the vicinity of c, any of the branches w can be 
expressed in the form 


where & is a finite integer. 


The value of fwdz taken round a small! curve enclosing ¢ is the sum of 
the integrals 


Ge (2 —c)™ dz, 


the value of which, taken once round the curve and beginning at a point %, is 


s 
m. ene 
Ys (4, ats oy [a’ = Ll) 
m+8s 
where a is a primitive mth root of unity, provided m+s is not zero, 
If then s+m be positive, the value is zero in the limit when the curve 
is infinitesimal: if m+s be negative, the value is % in the limit. 


But, if m+ be zero, the value is 27s. 
Hence we have the proposition: If, in the weity of w branch-point c, 
where m branches w are equal to one another and interchange cyclically, the 


expression of one of the branches be 
k k-1 


Ik (2 = c) ™ + Ip (2 - c) ™ =[araneris 
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then fwdz, taken once round a small curve enclosing c, is zero, if k<m; ts 
infimte, if k>m; and is 2rig,, of k=m. 

It is easy to see that, if the integral be taken m times round the small 
curve enclosing ¢, then the value of the integral is 2mzrig,, when k is greater 
than m, so that the integral vanishes unless there be a term involving (2—c)* 
in the expansion of a brauch w in the vicinity of the point. The reason that 


the integral, which can furnish an infinite value for a single circuit, ceases to 
» 
do so for m circuits, is that the quantity (z,-c) ™, which becomes indefi- 


nitely great in the limit, is multiplied for a single circuit by a*—1, for a 
second circuit by a4 — a, and so on, and for the mth circuit by a” — a"), 
the sum of all of which coefficients is zero. 


Ex. The integral {{(z—a) (¢—6)... (2-f yr? dz taken round an indefinitely small curve 
enclosing a is zero, provided no one of the quantities },..., fis equal to a. 


102. Some illustrations have already been given in Chapter IT., but 
they relate solely to definite, not to indefinite, integrals of uniform 
functions. The whole theory will not be considered at this stage; we shall 
merely give some additional illustrations, which will shew how the method 
can be applied to indefinite integrals of uniform functions and to integrals 
of multiform functions, and which will also form a simple and convenient 
introduction to the theory of periodic functions of a single variable. 


We shall first consider indefinite integrals of uniform functions. 
Ex. 1. Consider the integral i = , and denote* it by f(z). 


The function to be integrated is uniform, and it has an accidental singularity of the first 
order at the origin, which is its only singularity. The value of {z~'dz taken positively 
along a small curve round the origin, say round a circle with the origin as centre, is 277 ; 
but the value of the integral is zero when taken along any closed curve which does not 
include the origin. 

Taking z=1 as the lower limit of the integral, and any point z as the upper limit, we 
consider the possible paths from 1 to z Any path from 1 to 2 can be deformed, without 
crossing the origin, into a path which circumscribes the origin positively some number of 
times, say m,, and negatively some number of times, say mg, all in any order, and then leads 
in a straight line from 1 to z. For this path the value of the integral is equal to 


. 2 dz 
(2zrz) m+(—2mi) my + | — F 
1 
So 
that is, to 2mmi | oe 
1 ~ 


where m is an integer, and in the last integral the variation of z is along a straight 
line from 1 to z Let the last integral be denoted by wu; then 


ff (@Q=uUt 2mm, 


* See Chrystal, ii, pp. 238—-297, for the elementary properties of the function and its inverse, 
when the variable is complex. 
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and therefore, inverting the function and denoting f~! by , we have 
z= (u+2mr?). 


Hence the general integral is a function of z with an infinite number of values; and z is a 
periodic function of the integral, the period being 2zi. 
a 


Ex. 2. Consider the function | 7 a ; and again denote it by f(z). 


The one-valued function to be integrated has two accidental singularities +7, each of 
the first order. The value of the integral taken positively along a small curve round 7 is 
m, and along a small curve round —7 is — 1. 


We take the origin @ as the lower limit and any point z as the upper limit. Any path 
from O to z can be deformed, without crossing either of the singularities and therefore 
without changing the value of the integral, into 


(i) any numbers of positive (m,, m ) and of negative (mm,', m,’) circuits round 7 and 
round —2, and 


(ii) a straight line from 0 to z. 


Then we have 


2 dz 
f@=mr +m (—7) +m, (—7) +m {-(—7)}+ laze 
ot te 
Dipkes ad LE 
Pigsae lees 
=n +U, 


where 7 is an integer and the integral on the right-hand side is taken along a straight line 
from O to z. 


Inverting the function and denoting f—! by ¢, we have 
z= (u+nr). 


The integral, as before, is a function of z with an infinite number of values; and z is a 
periodic function of the integral, the period being 7. 


103. Before passing to the integrals of multiform functions, 1b is con- 
venient to consider the method in which Hermite* discusses the multiplicity 
in value of a definite integral of a uniform function. 


: : il? dZ 
Taking a simple case, let (Zz) = a 


and introduce a new variable ¢ such that Z= zt; then 


1 2dt 
$=) ta 


When the path of ¢ is assigned, the integral is definite, finite and unique in 
value for all points of the plane except for those for which 1 + zt =0; and, 
according to the path of variation of ¢ from 0 to 1, there will be a z-curve 
which is a curve of discontinuity for the subject of integration. Suppose the 
path of ¢ to be the straight line from 0 to 1; then the curve of discontinuity 


* Orelle, t. xci, (1881), pp. 62—77; Cowrs a la Faculté des Sciences, Aime éd, (1891), 
pp. 76—79, 154—164, and elsewhere. 


Fr. 14 
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is the axis of « between —1 and —o. In this curve let any point — & be 
taken. where €>1; and consider a point z,=— &+7e and a point z,=— & —1e, 
respectively on the positive and the negative sides of the axis of «, both 
being ultimately taken as infinitesimally near the point — & Then 


$()-$@)=| Ge vad ht Sau a 
=| aces #> |, Gapecae 


= 2 ce aad : 
( 


i 


Let ¢ become infinitesimal; then, when t is infinite, we have 


tan = = 4dr, 


for € is positive; and, when ¢ is unity, we have 


tan— eas =—dr 
: 2 


for is >1. Hence p (2) — p (2) = 270. 


The part of the axis of « from —1 to —» is therefore a line of discon- 
tinuity in value of ¢(z), such that there is a sudden change in passing from 
one edge of it to the other. If the plane be cut along this line so that 
it cannot be crossed by the variable which may not pass out of the plane, 
then the integral is everywhere finite and uniform in the modified surface. 
If the plane be not cut along the line, it is evident that a single passage 
across the line from one edge to the other makes a difference of 277 in the 
value, and consequently any number of passages across will give rise to the 
multiplicity in value of the integral. 


Such a line is called a section* by Hermite, after Riemann who, in a 
different manner, introduces these lines of singularity into his method of 
representing the variable on surfaces f. 


When we take the general integral of a uniform function of Z and make 
the substitution Z = zt, the integral that arises for consideration is of the form 


4 F(t, 2) 


: @) za to (ai (t, z) c 


We shall suppose that the path of variation of t is the axis of real quantities : 
and the subject of integration will be taken to be a general function of t and 
z, without special regard to its derivation from a uniform function of Z. 


* Coupure; see Crelle, t. xci, p. 62. + See Chapter XV. 
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It is easy, after the special example, to see that ® is a continuous function 
of z in any space that does not include a z-point which, for values of ¢ included 
within the range of integration, would satisfy the equation 


GG, 20. 


But in the vicinity of a z-point, say €, corresponding to the value ¢=6@ in 
the range of integration, there will be discontinuity in the subject of 
integration and also, as will now be proved, in the value of the integral. 


Let Z be the point § and draw the curve through Z corresponding to 
t=real constant; let V, be a point on the positive side and NV, 
a point on the negative side of this curve positively described, 
both points being on the normal at 7; and let ZN,=ZN,=€¢, Ni 
supposed small. Then for V, we have 


a, = &—e' sine, YW=n +€' cosy, 
so that % = C+ (cosy +7 sin Wp), 


Fig. 24. 


where w is the inclination of the tangent to the axis of real quantities. But, 
if do be an arc of the curve at Z, 


.dn at 
2 ° (cos p + isin Wp) = ea Ce Pi di 
for variations along the tangent at Z, that 1s, 
4 
do 7A af (0, ¢) 
AP (cos p+ isin) =-———— 
we G8, 8) 
Thus, since = may be taken as finite on the supposition that Z is an 
ordinary point of the curve, we have 
ee 
a4=C—‘'e Q? 
0 0-7 
where ene, P=~QGs, C), Q=5¢&(, 6). 
med 
Similarly Zy = E+E Q: 
re “) ay 
Hence ®@ (2,) = ik aay ae 
' Ie 
Pa tie FOOL 
=| wha 
to a7 mks ee 
GU O-i | AG Ol G 
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with a similar expression for ® (z,); and therefore 


dt. 


i PEO EGG NF - GOO SRL 9 
P(z,) -P(z,)=21] e 
(a) — ® (%) if GP (Et, oeEE G (t, of 


The subject of integration is infinitesimal, except in the immediate vicinity 
of t=86; and there 


Gt, t)=(¢-8) : Fi, t)= Hg f), 
Zl 1-0 FPG =e lFO, O} 


powers of small quantities other than those retained being negligible. Let 
the limiting values of ¢, that need be retained, be denoted by 0+» and 
6—; then, after reduction, we have 


Oty BO, ed 
@ (2) — @ (4) = 23 | ‘ ‘oY a 


a) ? 
6 {G (A, €)} 


in the limit when ¢ is made infinitesimal. 


Hence a line of discontinuity of the subject of integration is a section 
for the integral; and the preceding expression is the magnitude, by 
numerical multiples of which the values of the integral differ*. 


Ea. 1. Consider the integral 


We have F'(6, ¢) Seta | 1 


To CG 800 = Be 
Te) a igi a 


so that m is the period for the above integral. 
Ex, 2. Shew that the sections for the integral 
oo t“ sin z 
> 5 Ut, 
0 ee 2 COS Z- + 22 
* The memoir and the Cours d’Analyse of Hermite should be consulted for further develop- 
ments; and, in reference to the integral treated above, Jordan, Cours @ Analyse, t. ii, pp. 
293—296, may be consulted with advantage. See also, generally, for functions defined by 


definite integrals, Goursat, Acta Math., t. ii, (1883), pp. 1—70, and ib., t. v, (1884), pp. 97— 


120; and Pochhammer, Math. Ann., t. xxxy, (1890), pp. 470—494, 495—526. Goursat also 
discusses double integrals. 
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where «@ is positive and less than 1, are the straight lines «=(2k+1) m, where & assumes all 
integral values ; and that the period of the integral at any section at a distance n from the 
axis of real quantities is 27 cosh (an). (Hermite. ) 


Ex. 3. Prove that the function defined by 


YA C4, let 
14+ 0 +t pte 
has a logarithmic singularity at w=1 and no other finite singularity. If the plane be 
divided by a cut extending along the positive part of the real axis extending from 1 to ©, 
shew that in the divided plane the function defined by the above series and its con- 
tinuations is one-valued, and that, at corresponding points on opposite sides of the cut, its 
values differ by 277 log x. (Math. Trip., Part IL, 1899.) 


Ex. 4. Shew that the inteeral 


| Wea (Vaan 1 ou) du, 
0 


where the real parts of 6 and y--8 are positive, has the part of the axis of real quantities 
between 1 and +o for a section. 
Shew also that the integral 


p(a=] uta —u)Y¥-8-1 (1 — eu) * du, 
0 


where the real parts of 8 and 1 —a are positive, has the part of the axis of real quantities 
between 0 and 1 for a section: but that, in order to render ¢ (z) a uniform function of z, 
it is necessary to prevent the variable from crossing, not merely the section, but also the 
part of the axis of real quantities between 1 and +o. (Goursat.) 


(The latter line is called a section of the second kind.) 

Ea. 5. Discuss generally the effect of changing the path of ¢ on a section of the 
integral ; and, in particular, obtain the section for | : a when, after the substitution 
Z=2t, the path of ¢ is made a semi-circle on the line joining O and 1 as diameter. 


Note. It is manifestly impossible to discuss all the important bearings of theorems 
and principles, which arise from time to time in our subject ; we can do no more than 
mention the subject of those definite integrals involving complex variables, which first 
occur as solutions of the better-known linear difterential equations of the second order. 

Thus for the definite integral connected with the hypergeometric series, memoirs by 
Jacobi* and Goursat+ should be consulted; for the definite integral connected with 
Bessel’s functions, memoirs by Hankel} and Weber$ should be consulted ; and Heine’s 
Handbuch der Kugelfunctionen for the definite integrals connected with Legendre’s 


functions. 
104. We shall now consider integrals of multiform functions. 


Ex. 1. To find the integral of a multiform function round one loop; and round a 


number of loops. 


Let the function be w={(zZ— a) (Z-- dg) ...(2— M)} m 


* Crelle, t. lvi, (1859), pp. 149—165; the memoir was not published until after his death. 

+ Sur Véquation différentielle linéaire qui admet pour intégrale la série hypergéométrique, 
(Thése, Gauthier-Villars, Paris, 1881). 

+ Math. Ann., t. i, (1869), pp. 467—501. 

§ Math. Ann., t. xxxvii, (1890), pp. 404—416. 
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where m may be a negative or a positive integer, and the quantities a are unequal to one 
another ; and let the loop be from the origin round the point a,. Then, if Z be the value 
of the integral with an assigned initial branch w, we have 


5 0 
r={' ude | unde | awdz, 
0 e a 
Qt 


where ais e™ and the middle integral is taken round the circle at a, of infinitesimal radius. 
But, since the limit of (z—a,) w when z=4q, is zero, the middle integral vanishes by § 101 ; 
and therefore 


I,,=(1- a)? wdz, 


where the integral may, if convenient, be considered as taken along the straight line from 
O to ay. 


“Ay 


(1) 


Next, consider a circuit for an integral of w which (fig. 25) encloses two branch-points, 
say a, and a,, but no others; the circuit in (1) can be deformed into that in (2) or into 
that in (3) as well as into other forms. Hence the integral round all the three circuits 
must be the same. Beginning with the same branch as in the first case, we have 


1-a) |“ wd 
( -a)[* wd, 


as the integral after the first loop in (2). And the branch with which the second loop 
begins is aw, so that the integral described as in the second loop is 


1 ”* aavdl 
( -«) f° awdz ; 


and therefore, for the circuit as in (2), the integral is 
ay > 
T=(1-«) { wdz+a(1—a) | wdz. 
0 Jo 


Proceeding similarly with the integral for the circuit in (3), we find that its expression is 


Ay ay 
I[=(1—a) wdz+a(1—a) wdz, 
0 0 
and these two values must be equal. 
But the integrals denoted by the same symbols are not the same in the two cases ; the 


: a , Sas ’ ° 7 
function | wdz is different in the second value of / from that in the first, for the deforma- 
0 


tion of path necessary to change from the one to the other passes over the branch-point ay. 
In fact, the equality of the two values of J really determines the value of the integral for 
the loop Oa, in (3). 


And, in general, equations thus obtained by varied deformations do not give relations 
among loop-integrals but define the values of those loop-integrals for the deformed paths. 


104.] OF PERIODICITY OF INTEGRALS 215 


We therefore take that deformation of the circuit into loops which gives the simplest 
path. Usually the path is changed into a group of loops round the branch-points as they 
occur, taken in order in a trigonometrically positive direction. 


The value of the integral round a circuit, equivalent to any number of loops, is obvious. 


Ex, 2. To find the value of jwdz, taken round a simple curve which includes all the 
branch-points of w and all the infinities. 


If z= be a branch-point or an infinity, then all the branch-points and all the 
infinities of w lie on what is usually regarded as the exterior of the curve, or the curve 
may in one sense be said to exclude all these points. The integral round the curve is then 
the integral of a function round a curve, such that over the area included by it the 
function is uniform, finite and continuous ; hence the integral is zero. 

If z= be neither a branch-point nor an infinity, the curve can be deformed until it is 
a circle, centre the origin and of very great radius. If then the limit of zw, when | z| is 
infinitely great, be zero, the value of the integral again is zero, by IT., § 24. 

Another method of considering the integral, is to use Neumann’s sphere for the 
representation of the variable. Any simple closed curve divides the area of the sphere 
into two parts; when the curve is defined as above, one of those parts is such that the 
function is ‘uniform, finite and continuous throughout, and therefore its integral round the 
curve, regarded as the boundary of that part, is zero. (See Corollary IIL., § 90.) 


Ex. 3. To find the general value of fa-2)73 dz The function to be integrated is 
two-valued : the two values interchange round each of the branch-points +1, which are 
the only branch-points of the function. 


Let / be the value of the integral for a loop from the origin round +1, beginning with 
the branch which has the value +1 at the origin; and let 7’ be the corresponding value 
for the loop from the origin round — 1, beginning with the same branch. Then, by Ex. 1, 


1 
I=2{ (1-2)? dz, 1 
0 0 
=p 


the last equality being easily obtained by changing variables. 


-1l 1 
(l—2)"? dz 


Now consider the integral when taken round a circle, centre the origin and of indefinitely 
great radius 2; then by § 24, IL. if the limit of zw for z=o be &, the value of fwdz round 


} a..0 : 1 
this circle is 277k. In the present case w=(1—2)~? so that the limit of zw is +33 hence 
fa—2)74 dz=2r, 


the integral being taken round the circle. But since a description of the circle restores the 
initial value, it can be deformed into the two loops from O rola 
to A and from 0 to A’. The value round the first is 7; and : 
the branch with which the second begins to be described has 
the value — 1 at the origin, so that the consequent value round Fig. 26. 
the second is — J’; hence 


A O A 


[=f = r*, 
and therefore Via UE 


verifying the ordinary result that 


1 1 
| (1-2) *dz=$n, 


0 
when the integral is taken along a straight line. 


* It is interesting to obtain this equation when 0’ is taken as the initial point, instead of O. 
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To find the general value of wu for any path of variation between O and z, we proceed as 


follows. Let Q be any circuit which restores the initial branch of (1—2)74. Then by 
§ 100, Corollary II., @ may be composed of 
(i) aset of double circuits round +1, say m’, 
(ii) a set of double circuits round —1, say m”, 
and (ili) a set of circuits round +1 and —1 ; 
and these may come in any order and each may be described in either direction. Now for 
a double circuit positively described, the value of the integral for the first description is J 
and for the second description, which begins with the branch —(1—2)~#, it is —I; hence 
for the double circuit it is zero when positively described, and therefore it is zero also when 
negatively described. Hence each of the m/’ double circuits yields zero as its nett contribu- 
tion to the integral. 
Similarly, each of the m” double circuits round —1 yields zero as its nett contribution 
to the integral. 
For a circuit round +1 and —1 described positively, the value of the integral has just 
been proved to be 7—J’, and therefore when described negatively it is J’'—JZ. Hence, if 
there be , positive descriptions and 2, negative descriptions, the nett contribution of all 


these circuits to the value of the integral is (n,-—7,) (Z—J’), that is, 2nm7 where n is an 
integer. 

Hence the complete value for the circuit & is Qnr. 

Now any path from 0 to z can be resolved into a circuit Q, which restores the initial 
branch of (1—2®)~*, chosen to have the value 
+1 at the origin, and either (i) a straight 
line Oz ; 

or (ii) the path OACz, viz., a loop round 
+1 and the line 02 ; 


or (11) the path OA'Cz, viz., a loop round 
—1 and the line Oz, 


Let wu denote the value for the line 0z, so that 


w= |e) hae 
0 


Hence, for case (1), the general value of the integral is 
Qn +U. 


For the path OAOz, the value is 7 for the loop OAC, and is (—w) for the line (2, the 
negative sign occurring because, after the loop, the branch of the function for integra- 


é : r eee’ ; : Renae 
tion along the line is —(1—z*)~*; this value is /—w, that is, it is *—w. Hence, for case 
(ii), the value of the integral is 

ann + 7 —U. 


For the path OA’Cz, the value is similarly found to be ——w ; and therefore, for case (iii), 
the value of the integral is 
Qa = 3 — U. 


If f(z) denote the general value of the integral, we have either 
J (2) =2nr+u, 
or f(@=Qm41)r-4, 


where m and m are any integers, so that f(z) is a function with two infinite series of values. 
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Lastly, if z=¢ (@) be the inverse of f(z)=6, then the relation between w and z given by 


a 1 
u=}| (1—2) 2 dz 
can be represented in the form ; 


 (u)=z=¢ (nr +u) 
and b (u)=2z=h Qmr+nr—-Uu)J)’ 
both equations being necessary for the full representation. Evidently z is a simply-periodic 
function of w, the period being 2m; and from the definition it is easily seen to be an odd 
function. 

Let y=(1 —P= x (wv), so that y is an even function of w; from the consideration of the 
various paths from O to 2, it is easy to prove that 

x (uv) =x (2n3 +4) 
=-—y(2mr+n—Uu)J - 

ix. 4. To find the general value of /{(1—2) (1- k?2)}~* dz. Tt will be convenient 

to regard this integral as a special case of 


Z=f{(z- a) (2—b) (2-0) (2-d)}? dz= fwdz. 


The two-valued function to be integrated has a, 6, ¢, d (but not co) as the complete 
system of branch-points ; and the two values interchange at each of them. We proceed as 
in the last example, omitting mere re-statements of reasons there given that are applicable 
also to the present example. 


Y 


Any circuit Q, which restores an initial branch of w, can be made up of 
(i) sets of double circuits round each of the branch-points, 
and (ii) sets of circuits round any two of the branch-points. 


The value of {wdz for a loop from the origin to a branch-point / (where =a, b, ¢, or d) is 


k 
2 i wde ; 
0 


and this may be denoted by X, where K=4, B, C, or D. 

The value of the integral for a double circuit round a branch-point is zero. Hence the 
amount contributed to the value of the integral by all the sets in (i) as this part of 
Q is zero. 

The value of the integral for a circuit round @ and 6 taken positively is d—B ; for one 
round 6 and ¢ is B—C; for one round cand d is C—P; for one round a and ¢ is A-O, 
which is the sum of 4 — B and B—C; and similarly for circuits round @ and d, and round 
b and d. There are therefore three distinct values, say d—-B, b—C, C—D, the values 
for circuits round a and 6, b and ¢, ¢ and d respectively ; the values for circuits round any 
other pair can be expressed linearly in terms of these values. Suppose then that the part 
of Q represented by (ii), when thus resolved, is the nett equivalent of the description of i’ 
circuits round @ and 8, of 7’ circuits round 6 and ¢, and of /’ circuits round ¢ and d. Then 
the value of the integral contributed by this part of Q is 


m' (A— B)+n' (B-C)+U (C— D), 
which is therefore the whole value of the integral for Q. 


But the values of A, B, C, D are not independent*, Let a circle with centre the origin 
and very great radius be drawn; then since the limit of zw for |z|= is zero and since 


* For a purely analytical proof of the following relation, see Greenhill’s Elliptic Functions, 
Chapter IT. 
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z= is not a branch-point, the value of {wdz round this circle is zero (Ex. 2). The circle 
can be deformed into four loops round a, b, c, d respectively in order ; and therefore the 
value of the integral is A—B+C-— D, that is, 


A-—B+C-D=0. 
Hence the value of the integral for the circuit Q is 
m(A-—B)+n(B-C), 
where m and n denote m’/—U' and n’ respectively. 
Now any path from the origin to z can be resolved into Q, together with either 
(i) a straight line from 0 to z, 
or (ii) aloop round a and then a straight line to z, 


It might appear that another resolution would be given by a combination of Q with, say, a 
loop round 6 and then a straight line to z; but it is resoluble into the second of the above 
combinations. For at C, after the description of the loop B, introduce a double description 
of the loop A, which adds nothing to the value of the integral and does not in the end 
affect the branch of w at C; then the new path can be regarded as made up of (a) the 
circuit constituted by the loop round band the first loop round a, (8) the second loop round 
a, which begins with the initial branch of w, followed by a straight path toz Of these 
(a) can be absorbed into Q, and (8) is the same as (il); hence the path is not essentially 
new. Similarly for the other points. 


Let w denote the value of the integral with a straight path from O to z; then the 
whole value of the integral for the combination of Q with (i) is of the form 


m(A-—B)+n(B-C)+u. 


For the combination of Q with (ii), the value of the integral for the part (ii) of 
the path is A, for the loop round a, +(—w), for the straight path which, owing to the 
description of the loop round a, begins with —w; hence the whole value of the integral is 
of the form 

m(A—B)+n(B—O)+ A —u*, 


Hence, if f(z) denote the general value of the integral, it has two systems of values, each 
containing a doubly-infinite number of terms; and, if z=q@(w) denote the inverse of 
u=f(z), we have 

b (u)= {m(A- B)+n(B-C)+ut 


=o {m(A—B)+n(B-C)+A-u, 
where m and 7 are any integers. Evidently z is a doubly-periodic function of uw, with 
periods A—B and B-C. 
Ex. 5. The case of the foregoing integral which most frequently occurs is the elliptic 
integral in the form used by Legendre and Jacobi, viz. : 
' 9.0\\-4 
u=f{(L—2*) (1—222)} 4 dz=|[wdz, 


where & is real. The branch-points of the function to be integrated are 1, -1, : 


ie 
* The value for a loop round b and then a straight line to z, just considered, is B— u 
= -(A-B)+A-u, 


being the value in the text with m changed to m—1, 
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1 5 3 an 
and —-;, and the values of the integral for the corresponding loops from the origin are 


k 
1 
2 | wdz, 
0 


33] 1 
2 | wds= -2{ waz, 
0 0 


1 


k 
2 | waz, 
0 


ee 1 


k k 
and @ i wde= —2 i waz, 
0 0 


Now the values for the loops are connected by the equation 
A-—B+C-D=0, 


and so it will be convenient that, as all the points lie on the axis of real variables, we 
arrange the order of the loops so that this relation is identically satisfied. Otherwise, 
the relation will, after Ex. 1, be a definition of the paths of integration chosen for the 
loops. 


Among the methods of arrangement, which secure the identical satisfaction of the 


—— Fie. 28, 


relation, the two in the figure are the simplest, the curved lines being taken straight in 
the limit ; for, by the first arrangement when / < 1, we have 


; 1 -; =i 
{2/ -2f +2/ -2{ \ onde =0, 
0 0 0 0 


and, by the second when £ >1, we have 


1 1 
1 ik =i 12 
{2f -2{ +2] -2{ | wile=0, 
0 0 0 0 


both of which are identically satisfied. We may therefore take either of them ; let the 
former be adopted. 


The periods are A—B, B-—C, (and C—D, which is equal to B—A), and any linear 
combination of these is a period: we shall take A—Z, and B—D. The latter, B—D, 


is equal to ; 
‘i 2 
2 | woz — 2 j waz, 
0 0 


which, being denoted by 4K, gives 
dz 


1 
4K = | a 7 
o {(1 — 2?) (1 — h2*)}? 


as one period. The former, 4 —#, is equal to 


1 
k 1 

2 i wdz—2 i wdz, 
0 0 


L 


ik 
which is 2 | waz ; 
1 
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this, being denoted by 27K’, gives 


1 
2K! =2 | en eee? 
1 (1-2) - Rey} 


; i 1 dz 
SOY 55 
0 {(1—2?)(1— k22'2)\2 


where k’?4+-42=1, and the relation between the variables of the integrals is h?z?+4?7?=1. 
1 


i ; 
Hence the periods of the integral are 44 and 27K’. Moreover, A is 2 | ‘de, which is 
0 


1 

; 1 

2 wdz+ 2 wde=2K4+2K". 

0 1 

Hence the general value of (| Maat key? de is 
0 
ut+4mK +2nck’, 

or 2K +21K' —u+4mK+2nik’, 
that is, 2K -—ut4mkK + 2nik’, 


where w is the integral taken from 0 to z along an assigned path, often taken to be 
a straight line; so that there are two systems of values for the integral, each containing 
a doubly-infinite number of terms. 


If z be denoted by ¢(w)—evidently, from the integral definition, an odd function 
of u—, then 


b (w= (ut4mK + 2nih’) 
= (2h —ut+4mK +2n0k’), 
so that z is a doubly-periodic function of w, the periods being 4A and 27h’, 
Now consider the function z,=(1—2)?.. A z-path round does not affect z, by way of 
change, provided the curve does not include the point 1; hence, if z,=y (w), we have 
x (Ww) =x (w+ 2K + 27K"). 
But a z-path round the point 1 does change z, into —z, ; so that 
x (uw) = —x (wt+24K). 
Hence x (w), which is an even function, has two periods, viz, 44 and 24+ 27h’, whence 
x (U)=x (ut 4mK +2nKk + 2nih"). 
Similarly, taking z,=(1— ejay (uw), it is easy to see that 
¥ (w= (W428), 
— (w= (Ut 2h 421K") = (w+27K"), 
so that W (w), which is an even function, has two periods, viz., 24 and 47K’; whence 
W (w= (w+ 2mK +4nih’). 
The functions ¢ (7), x (w), W (w) are of course sn wv, enw, dn wu respectively. 
Ex. 6. If in a single infinite sheet, representing the values of z, three cuts be made 


along the real axis joining respectively (- ©, -3) + (— 1D); G pees ) , Shew that the 
integral (in the notation of elliptic functions, 0<h<1, (2-1=+7/1-2) 
= i 2 K-E-kKx? 


0 (l= 2%) (1 A2a2y}h 
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becomes a one-valued function of z And shew that z is a uniform function of w for the 
values of «w which arise. 


If the cut joining (—1, 1) do not lie along the real axis, describe the values of z as a 
function of ~. (Math. Trip., Part II., 1894.) 


Ex. 7. To find the general value of the integral* 


Ihe {4 (2—@) (2— @) (@- e,)) *de= wW. 


The function to be integrated has ¢, @, e3, and for its branch-points ; and for 
paths round each of them the two branches interchange. 


A circuit 9, which restores the initial branch of the function to be integrated, can 
be resolved into :— 


(i) Sets of double circuits round each of the branch-points alone: as before, the 
value of the integral for each of these double circuits is zero. 


(ii) Sets of circuits, each enclosing two of the branch-points: it is convenient to 
retain circuits including © and ¢,, © and e, » and es, the other three 
combinations being reducible to these. 


The values of the integral for these three retained are respectively 


H,=2] (4-4) @-2)e-4)) Sde=20y, 


2) 


By=2] (4-4) 4) 6) de=Be, Y 


ey 


H,=2 | {4 (2—e,) (eg) (2—¢3)} *dz=2es, 


e3 
and therefore the value of the integral for the circuit Q is of the form 
m Ey +n'b,+UEs. 


But £,, /,, #, are not linearly independent. The integral of the function round any 
curve in the finite part of the plane, which does not 
include ¢,, ¢, or ¢, within its boundary, is zero, by Ex. 2 ; 
and this curve can be deformed to the shape in the figure, 
until it becomes infinitely large, without changing the 
value of the integral. 


Since the limit of zw for = is zero, the value of 
the integral from «’ to « is zero, by § 24, II.; and if the 
description begin with a branch w, the branch at « is —w. 
The rest of the integral consists of the sum of the values 


round the loops, which is 


eZ 


Fig. 29. 


— B+ hy Ky, 
because a path round a loop changes the branch of w and the last branch after describing the 
loop round e, is +w at oo’, the proper value (§ 90, IIL). Hence, as the whole integral 
is zero, we have 
— + E,— E3=0, 
v v (ea 

or say Hi=H,+ £3. 

* The choice of » for the upper limit is made on a ground which will subsequently be 
considered, viz., that, when the integral is zero, z is infinite. 
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Thus the value of the integral for any circuit 2, which restores the initial branch of w, can 
be expressed in any of the equivalent forms m#,+7£,, m'H,+n'E,, m’H,+n"E,, where 
the m’s and n’s are integers. 

Now any path from o to z can be resolved into a circuit , which restores at 0 the 
initial branch of w, combined with either 

(i) astraight path from o to z 

or (ii) a loop between o and e,, together with a straight path from o to z. 
(The apparently distinct alternatives, of a loop between and e,, together with a straight 
path from o to z, and of a similar path round ¢,, are inclusible in the second alternative 
above; the reasons are similar to those in Ex. 5.) 


If u denote ie {4 (2—e,) (2—-@y) (2—e,)}~3 dz when the sie is taken in a straight 


line, then the value of the integral for part (i) of a path is u; ; and the value of the 
integral for part (ii) of a path is #,—, the initial branch in each case for these parts being 
the initial branch of w for the whole path. Hence the most general value of the integral 


for any path is 
2meo,+2nw,+U, 


or 2M, + 2nrw,+2w, —U, 
the two being evidently included in the form 
2Mo, + 2nws + wu. 


If, then, we denote by z = @(u) the relation which is inverse to 


=| 4 @-4) 4) en} de 


we have @ (u)=@ (2me,+2no, +4). 
In the same way as in the preceding example, it follows that 
Q' (u)=Q' (2ma,+2no,+u)= —@' (2ma,+2nw;— w), 
where 0’ (w) is — {4 (2—e,) (2-9) (eg MF 


The foregoing simple examples are sufficient illustrations of the multi- 
plicity of value of an integral of a uniform function or of a multiform 
function, when branch-points or discontinuities occur in the part of the plane 
in which the path of integration les, They also shew one of the modes in 
which singly-periodic and doubly-periodic functions arise, the periodicity 
consisting in the addition of arithmetical multiples of constant quantities 
to the argument. And it is to be noted that, as only a single value of z 
is used in the integration, so only a single value of z occurs in the 
inversion ; that is, the functions just obtained are uniform functions of their 
variables. To the properties of such periodic functions we shall return in the 
succeeding chapters. 


105. We proceed to the theory of uniform periodic functions, some 
special examples of which have just been considered; and limitation will 
be made here to periodicity of the linear additive type, which is only a very 
special form of periodicity. 
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A function f(z) is said to be periodic when there is a quantity w such 
that the equation 
f(e+ 0) =f(@) 


is an identity for all values of z Then f(z+nw)=/(z), where n is any 
integer positive or negative; and it is assumed that w is the smallest 
quantity for which the equation holds, that is, that no submultiple of @ will 
satisfy the equation. The quantity o is called a period of the function. 


A function is said to be simply-periodic when there is only a single 
period: to be doubly-periodic when there are two periods; and so on, the 
periodicity being for the present limited to additive modification of the 
argument. Moreover, we exclude the possibility of periods that can be 
made less than any finite quantity, however small. If such infinitesimal 
periods were admissible for a uniform function, then within a finite region 
(however small) round any point the function would acquire the same value 
an unlimited number of times. Then the uniform function would either be 
constant everywhere within that finite region and so would be constant 
everywhere: or it would possess an unlimited number of maxima and minima 
within that region: or an unlimited number of infinities within the region. 
In the second case, its derivative would possess an unlimited number of zeros 
in the region, which is any small region round any point: as at the end of 
§ 37, the point would be an essential singularity. Similarly, in the third case, 
the point would be an essential singularity. Each of the alternatives, conse- 
quent upon the possession of an infinitesimal period, is to be excluded: hence 
we also exclude the possibility of infinitesimal periods. 


It is convenient to have a graphical representation of the periodicity of a 
function. 


(3) For simply-periodic functions, we 
take a series of points O, A,, Aa,..., 
ede, representing 0, @, 20,>.-; 
—w, —2,...; and through these points 
we draw a series of parallel lines, dividing 
the plane into bands. Let P be any 
point z in the band between the lines 
through O and through A,; through P 
draw a line parallel to OA, and measure 
Oli, = eee PEP P=... ; 
each equal to OA,; then all the points 
Peta, bay 2 5;.... are represented 
by z+ nq for positive and negative integral values of n. But f(z+ nw) =f (2); 
and therefore the value of the function at a point P,, in any of the bands is 
the same as the value at P. Moreover to a point in any of the bands there 
corresponds a point in any other of the bands; and therefore, owing to the 


Fig. 30. 
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periodic resumption of the value at the points corresponding to each point P, 
it is sufficient to consider the variation of the function for points within one 
band, say the band between the lines through O and through A,. A point P 
within the band is sometimes called dreducible, the corresponding points P 
in the other bands reducible. 

If it were convenient, the boundary lines of the bands could be taken 
through points other than A,, A,,...; for example, through points (m+ 4) 
for positive and negative integral values of m. Moreover, they need not be 
straight lines. The essential feature of the graphic representation is the 
division of the plane into bands. 


(ii) For doubly-periodic functions a similar method is adopted. Let 
and w’ be the two periods of such a 
function f(z), so that 


SEt+o=fe@=fEteo); 
then = f(z+no+4+ n'a’) = f(z), 
where n and n’ are any integers positive 
or negative. 


For graphic purposes, we take points 
OAS As, sng Aa ay eos TOpresenting 
0, w, 2w,..., —@, —2o,...; and we take 
anotner series O..Dbi, Hy ic, Ba. Baga 
representing 0, ', 2’,..., -—w’, —20’,...; 
through the points A we draw lines 
parallel to the line of points B, and 
through the points B we draw lines 
parallel to the line of points A. The intersection of the lines through A, 
and B, is evidently the point nw + n’w’, that is, the angular points of the 
parallelograms into which the plane is divided represent the points nw + n'a’ 
for the values of n and 7’. 


Let P be any point z in the parallelogram 0A,C,B,; on lines through P, 
parallel to the sides of the parallelogram, take points Q,, Qs, .-., Qa, Qs, ... 


such that PQ,= Q,Q,=...=, and points R,, R,,..., R4, R_.,... such that 
PR, = kh, R,=...=o'; and through these new points draw lines parallel to 


the sides of the parallelogram. Then the variables of the points in which 
these lines intersect are all represented by z+ mw + mq’ for positive and nega- 
tive integral values of m and m’; and the point represented by z+ mo + ma’ 
is situated in the parallelogram, the angular points of which are mw + mq’, 
(m +1) @+m'o', mw + (m' +1)’, and (m+ 1) +(m' +1) o’, exactly as P 
is situated in OA,C,B,. But 
S(é+mo + mo’) = f (2), 

and therefore the value of the function at such a point is the same as the 
value at P. Since the parallelograms are all equal and similarly situated, 
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to any point in any of them there corresponds a point in 0A,C,B,; and the 
value of the function at the two points is the same. Hence it is sufficient to 
consider the variation of the function for points within one parallelogram, say, 
that which has 0, #, w+’, w’ for its angular points. A point P within 
this parallelogram is sometimes called irreducible, the corresponding points 
within the other parallelograms reducible to P; the whole aggregate of the 
points thus reducible to any one are called homologous points. And the 
parallelogram to which the reduction is made is called the parallelogram of 
periods. 


As in the case of simply-periodic functions, it may prove convenient to 
choose the position of the fundamental parallelogram so that the origin is 
not on its boundary ; thus it might be the parallelogram the middle points of 
whose sides are + $a, + $0’. 


Ex. Shew how to reduce a given point numerically ; for instance, find the irreducible 
point homologous to 730 +4827 for periods 1+ 92, 3 +22. 


106. In the preceding representation it has been assumed that the line 
of points A is different in direction from the line of points B. If o=u+w 
and wo’ =u’ +1’, this assumption implies that v’/w’ is unequal to v/u, and 
therefore that the real part of w’/iw does not vanish. The justification of 
this assumption is established by the proposition, due to Jacobi* :— 


The ratio of the periods of a uniform doubly-periodic function cannot be 
real. 


Let f(z) be a function, having » and o’ as its periods. If the ratio w/o 
be real, it must be either commensurable or incommensurable. 

If it be commensurable, let’ it be equal to n’/n, where n and m’ are 
integers, neither of which is unity owing to the definition of the periods o 
and a’. 

Let n’/n be developed as a continued fraction, and let m’‘/m be the last 
convergent before n’/n, where m and m’ are integers. ‘Then 


nm 1 


nm mm mn’ 


that 1s, mn ~mn=1, 
7) 3) 
so that mo ~ mo’ =—(m'n ~ mn’) = ae 
n 
pape / 
Therefore S (a =f (e+ m'o ~ mao’), 


since m and m’ are integers ; so that 
@ 
fe=s(e+2), 


* Ges. Werke, t. ii, pp. 25, 26. 
F 15 
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contravening the definition of # as a period, viz., that no submultiple of @ is a 
period. Hence the ratio of the periods is not a commensurable real quantity. 


If it be incommensurable, we express o'/@ as a continued fraction. Let 
plq and p'/q' be two consecutive convergents: their values are separated by 
the value of w’/@, so that we may write 


/ 


@ =P4n(E-2), 
o ea | 


where Loh 0; 
Now pq ~ p'¢=1, so that 
wo p. € 
ee he 
Ce ee 


where e¢ is real and |e| <1; hence 


qo’ — po =a 
i] Phe 


Therefore I (2 =f (2 + qo’ — po), 


since p and q are integers; so that, 
, € 
fe=f(et 5 a). 


Now since o’/@ is incommensurable, the continued fraction is unending. We 
therefore can take an advanced convergent, so that q’ 1s very large; and we 


Ritey oe 
choose it so that |—, @) is less than any assigned positive quantity, however 
q =. 


small. But “0 is equal to gw’ — pw, where g and p are integers, and it 
q 


therefore is a period of the function f(z). Hence, on the assumption that 
w /@ 1s real and incommensurable, it follows that the function possesses an 
infinitesimal period: the possibility of which was initially excluded (§ 105). 


The ratio of the periods is thus not an incommensurable real quantity. 


We therefore infer Jacobi’s theorem that the ratio of the periods cannot 
be real. In general, the ratio is a complex quantity; 1t may, however, be a 
pure imaginary *, 


CoroLiaRry. Ifa uniform function have two periods @, and w,, such that 
a relation 
M,@, + Ms@, = 0 


exists for integral values of m, and m,, the function is only simply-periodie. 
And such a relation cannot exist between two periods of a simply-periodic 


* Tt was proved, in Ex, 5and Ex, 7 of § 104, that certain uniform functions are doubly-periodie. 
A direct proof, that the ratio of the distinct periods of the functions there obtained is not a real 
quantity, is given by Balk, Acta Math., t. vii, (1885), pp. 197—200, and by Pringsheim, Math. 
Ann., t. xxvii, (1886), pp. 151—157. 
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function, if m, and m, be real and incommensurable‘ for then the function 
would have an infinitesimal period. 
Similarly, if a uniform function have three periods @,, @,, @;, connected 


by two relations 
M,@, + MyW, + M0, = 0, 


M4@, + Ng@, + N30, = 0, 
where the coefficients m and n are integers, then the function is only simply- 
periodic. 
107. The two following propositions, also due to Jacobi*, are important 
in the theory of uniform periodic functions of a single variable :— 


Lf a uniform function have three periods @,, @, @;, such that a relation 


MW, + My@, + M33 = O 
ws satisfied for integral values of m, Ms, Ms, then the function is only a doubly- 
periodic function. a 
What has to be proved, in order to establish this proposition, is that two 
periods exist of which @,, @,, @; are integral multiple combinations. 
Evidently we may assume that m,, m., m; have no common factor: let f 
be the common factor (if any) of m, and m;, which is prime to m,. Then 


since 
m, Me Ms 
igi ean 
and the right-hand side is an integral combination of periods, it follows that 
We: : 
—; @, 18 & period. 


ye 


Ws 


My, . ; eth s rales ; 
Now —is a fraction in its lowest terms. Change it into a continued 


iy 


fraction and let be the last convergent before the proper value; then 


Le ey yi 
Sem cc Te AIC 
1 
so that i se ee 


m, 
yi 
or w,/f is a period, = a,’ say. 


Let m,/f=m,.', m/f=m,, so that mo,’ + m,/@, + m;'o; = 0. Change 


: : ; ; my ; ; 
But @, is a period and — @, is a period; therefore ¢ - @, — pa, 1s a period, 


: ; ; eas 
my /ms into a continued fraction, taking — to be the last convergent before the 
s 


proper value, so that - 
MN, it 
Sy) ae sae ir mene 
Mz, § SM 


* Ges. Werke, t. ii, pp. 27—32. 
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Then 7, + s@;, being an integral combination of periods, is a period. But 
+ Wy = Wy (SM — 1M; ) 
=— Tram; — 8 (me, + Mo) 
=— mM,8o, — Mm; (rw, + Sas) ; 
also + @; = @; (sm. — rm,) 
= smo, +7 (ma, + ma.) 
= Mo, + Mz (ra, + 8s) ; 
and o, = fo. 
Hence two periods , and rw, +s; exist of which ,, @,, @, are integral 


multiple combinations ; and therefore all the periods are equivalent to w, and 
7@,+ So 3, that is, the function is only doubly-periodic. 


CoroLnary. If a function have four periods @,, a, 3, @, connected by 


two relations 
Y 94@, + Me@y + M30, + Myo, = O, 


NO, + MM. + NzW, + No, = O, 
where the coefficients m and n are integers, the function is only doubly- 


periodic. 


108. Jf a uniform function of one variable have three periods ,, @:, @3, 
then a relation of the form } 
M,@, + My@. + M,@, = 0 

must be satisfied for some integral values of m,, mz, Ms. 

Let o, = 4, + 18,, for r=1, 2,3; in consequence of § 106, we shall assume 
that no one of the ratios of @,, @,, @; in pairs is real, for, otherwise, either 
the three periods reduce to two immediately, or the function has an infini- 
tesimal period, Then, determining two quantities X and « by the equations 

a;=Am + pa, B;=AB, + HB», 
so that » and pw are real quantities and neither zero nor infinity, we have 
@; = X@, + H@2, 
for real values of X and p. 
; he : 
Then, first, if either X or ~ be commensurable, the other is also commen- 
surable, Let X=a/b, where a and b are integers; then 
buw, = ba; — bro, 
= ba, — aa, 
so that bu, is a period. Now, if bw be not commensurable, change it into a 


.) ] a eV ah oi € ’ r f , ry cf y at A A ~ 
continued fraction, and let p/q, p’/q’ be two consecutive convergents, so that 
as in § 106, 


) 
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where 1 >a#>-—1, Then f oo+ ri is a period, and so is w,; hence 


p | 
— @, + — }—po 
a(F eye me 


is a period, that is, re is a period. We may take q’ indefinitely large, and 


then the function has an infinitesimal quantity for a period, which has been 
excluded by our initial argument. Hence bu (and therefore ~) cannot be 
incommensurable, if 4 be commensurable; and thus X and yw are simul- 
taneously commensurable or simultaneously incommensurable. 


If > and pu be simultaneously commensurable, let \ = - f= 5 , 80 that 
a c 
O3; = i @, ae d Ms, 


and therefore bdo, = ada, + bea,, 
a relation of the kind required. 


If X and w be simultaneously incommensurable, express \ as a continued 
fraction ; then by taking any convergent 7/s, we have 


gl 
Seas 
xL 
where 1 >x#>-—1, so that SXN—Tr=-—; 
s 


by taking the convergent sufficiently advanced the right-hand side can be 
made infinitesimal. 
Let 7, be the nearest integer to the value of sy, so that, if 
Su —7r, =A, 


we have A numerically not greater than }. Then 


x 
S@3 — TO, — 7,0, =— @, + Aa, 
s 


and the quantity 5 can be made so small as to be negligible. Hence 
integers 7, 7,, 5 can be chosen so as to give a new period @,’(= Aa,), such 
that |@2’| < 4| es]. 
We now take @,, @,’, #;: they will be connected by a relation of the form 
oO; = No, ar Mw»; 
and X’ and pw’ must be incommensurable: for otherwise the substitution for 


ow, of its value just obtained would lead to a relation among @,, @,, @; that 
would imply commensurability of \ and of yw. 


Proceeding just as before, we may similarly obtain a new period @,” such 
that |w,”|<4|,|; and so on in succession. Hence we shall obtain, after n 
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: 1 ; 
such processes, a period w,” such that |,')| < gn lel; so that by making n 


sufficiently large we shall ultimately obtain a period less than any assigned 
quantity. Such a period is infinitesimal; and infinitesimal periods were 
initially excluded (§ 105) for reasons there given. Thus > and pw cannot 
be simultaneously incommensurable. 


Hence the only tenable result is that X% and p are simultaneously 
commensurable ; and then there is a period-equation of the form 


M,@, + MW, + M0, = 0, 
where 7m,, m., Mm; are integers, 


The foregoing proof is substantially due to Jacobi (Lc.). The result can 
be obtained from geometrical considerations by shewing that the infinite 
number of points, at which the function resumes its value, along a line 
through z parallel to the @;-line will, unless the condition be satisfied, reduce 
to an infinite number of points in the @,, @, parallelogram which will form 
either a continuous line or a continuous area, in either of which cases the 
function would be a constant; or there will be an unlimited number 
condensed in any region round z, however small, thus making the point 
an essential singularity, which is impossible for every point z. But, if the 
condition be satisfied, then the points along the line through z reduce to only 
a finite number of points. 


CoroLiary I. Uniform functions of a single variable cannot have three 
independent periods; in other words, triply-periodic uniform functions of a 
single variable do not exist*; and, a fortiori, uniform functions: of a single 
variable with a number of independent periods greater than two do not exist. 


But functions involving more than one variable can have more than two 
periods, e.g., Abelian transcendents; and a function of one variable, having 
more than two periods, is not uniform. 


CoroLiary II, All the periods of a uniform periodic function of a 
single variable reduce either to integral multiples of one period or to linear 
combinations of integral multiples of two periods whose ratio is not a real 
quantity. 


109. It is desirable to have the parallelogram, in which a doubly- 
periodic function is considered, as small as possible. If in the parallelogram 
(supposed, for convenience, to have the origin for an angular point) there be 
a point w”, such that 

J (2+ 0”) = f(z) 


for all values of z, then the parallelogram can be replaced by another. 


* This theorem is also due to Jacobi, (l.c¢., p. 227, note). 
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It is evident that ” is a period of the function; hence (§ 108) we must 
have é 
wo” =w + po’; 


and both » and y, which are commensurable quantities, are less than unity 
since the point is within the parallelogram. Moreover, + @’—”, which 
is equal to (1—A) w+ (1— p)’, is another point within the parallelogram ; 
and 


Se +ot+o'—o")=f(2), 
since @, w’, w” are periods. Thus there cannot be only one such point unless 
A=t=yp. 


But the number of such points within the parallelogram must be finite. 
If there were an infinite number, they would form a continuous line or a 
continuous area where the uniform function had an unvarying value, and 
the function would have a constant value everywhere; or they would 
condense within any region (however small) round any point, and so would 
make the point an essential singularity, a result to be excluded as in § 37. 


To construct a new parallelogram when all the points are known, we first 
choose the series of points parallel to the w-line through the origin O, and of 
that series we choose the point nearest O, say A,. We similarly choose the 
point, nearest the origin, of the series of points parallel to the @-line and 
nearest to it after the series that includes A,, say B,: we take OA,, OB, as 
adjacent sides of the parallelogram, and these lines as the vectorial repre- 
sentations of the periods. No point lies within this parallelogram where the 
function has the same value as at 0; hence the angular points of the original 
parallelograms coincide with angular points of the new parallelograms. 


When a parallelogram has thus been obtained, containing no internal 
point Q such that the function can satisfy the equation 


fe+ =f) 


for all values of z, it is called a fundamental, or a primitive, parallelogram. 
The parallelogram of reference in subsequent investigations will be assumed 
to be of a fundamental character. 


But a fundamental parallelogram is not unique. 


Let w and o’ be the periods for a given fundamental parallelogram, so 
that every other period w” is of the form Aw +o’, where X and pw are 
integers. Take any four integers a, b, c,d such that ad — be = +1, as may 
be done in an infinite variety of ways; and adopt two new periods @, and @,, 
such that 

wo; = do + ba’, w,=co + da’, 
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Then the parallelogram with , and @. for adjacent sides is fundamental. 
For we have 
+ o= dw, —ba,, + w =—ca,+ day, 


and therefore any period w” 
=o + po’ 
= (Ad — yc) o, + (— AD + wa) @,, Save as to signs of A and pm. 


The coefficients of w, and @, are integers, that is, the point w” lies outside 
the new parallelogram of reference ; there is therefore no point in it such that 


fE+ 0" )=f(), 


and hence the parallelogram is fundamental. 


Corotiary. The aggregate of the angular points in one division of the 
plane into fundamental parallelograms coincides with their aggregate im 
any other division into fundamental parallelograms ; and all fundamental 
parallelograms for a given function are of the same area. 


The method suggested above for the construction of a fundamental parallelogram is 
geometrical, and it assumes a knowledge of all the points ” within a given parallelogram 
for which the equation f (z+”)=/(z) is satisfied. 


Such a point , within the @,, , parallelogram is given by 


where mm, i”, ms, are integers. We may assume that no two of these three integers 
have a common factor; were it otherwise, say for m, and m,., then, as in § 107, a 
submultiple of , would be a period—a result which may be considered as excluded. 
Evidently all the points in the parallelogram are the reduced points homologous with 


Gagne AO ay ala aee , (m,—1) 3; when these are obtained, the geometrical construction is 
possible. 


The following is a simple and practicable analytical method for the construction. 


Change m,/m, and m,/m; into continued fractions; and let p/qg and 7/s be the 
last convergents before the respective proper values, so that 


m, ~p € my 7 ee 


Mm, G¢ gm,’ M, 8 sin,’ 
where « and e’ are each of them +1. Let 
m. m rN 
¢ 2_94f s—=¢ = 
Ms Ms Me Ms 
where A and p are taken to be less than m,, but they do not vanish because g and s are 
less than m;. Then 


1 
Loge Rites Oea aa (Ho, +€a), 803 —1@— Pa, = ms (he tng) 


the left-hand sides are periods, say @, and Q, respectively, and since p+e is not > m, and 


A+e' is not > mz, the points Q, and Q, determine a parallelogram smaller than the initial 
parallelogram. 
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Thus €01 + po,=MQ,, hoy +€'@,=MQ,, 
are equations defining new periods Q,, Q,. Moreover 
tna fae ot ae OE eet a 
so that, multiplying the right-hand sides together and likewise the left-hand sides, we 
at once see that Aw—ee’ is divisible by m, if it be not zero: let 
Ap — ee =™M,A. 


Then, as A and yp are less than m,, they are greater than A; and they are prime to it, 
because ee’ is +1. Hence we have 


Ao, =pQ,— <2, Aos=AQ, — €Q2. 
Since A and pw are both greater than A, let 
A= A+N, B= Atp, 
where ’ and p’ are < A. Then A’p’—ee’ is divisible by A if it be not ZeYO, Say 
Np’ — ee =AA' ; 


, 


then 0’ and yp’ are > A’ and are prime to it. And now 
A (oy = p22) = p'Q, — €'D,, A (2 —AyQ))=N'Q, — €Q); 
thus, if @,;—p,2,=Q3, e,—d,Q,=Q,, which are periods, we have 
AQ, =p/Q, = €'Q,, AQ,=NO, — €Qy. 
With ©, and Q, we can construct a parallelogram smaller than that constructed 
with Q, and 2,. We now have 
AO, =€0,4+ p'Q,, A'0,=N'Q5 + €'Q4, 
that is, equations of the same form as before. We proceed thus in successive stages : 
each quantity A thus obtained is distinctly less than the preceding A, and so finally we 
shall reach a stage when the succeeding A would be unity, that is, the solution of the pair 
of equations then leads to periods that determine a fundamental parallelogram. It 
is not difficult to prove that ,, ), , are combinations of integral multiples of these 
periods. : 
If one of the quantities, such as )’‘p'—ee', be zero, then N’=p’=1, e=e=+1; and 
then , and Q, are identical. If e=e’=+1, then AQ,=0,—Q,, and the fundamental 
parallelogram is determined by 


' 1 ; 1 
O43! = 2) +5 (Q2— 24), Q4'=2,—— (Q, — 4). 
A A 
If «=e =-—l, then AQX,=2,4+Q,, so that, as A is not unity in this case, the fundamental 
parallelogram is determined by Q, and Q,. 
Ex. Jf a function be periodic in @,, @,, and also in , where 
290,=170,+1le., 
periods for a fundamental parallelogram are 
2, =50, +30, — 805, 24 =30, + 2a. —5eo,, 
and the values of @,, @), 3; in terms of Q,' and Q,' are 
o,= 2, +30), @,=9Q,/ — 2.0)’, @, = 40, +O)’. 
Further discussion relating to the transformation of periods and of fundamental 


parallelograms will be found in Briot and Bouquet’s Théorie des fonctions elliptiques, 
pp. 234, 235, 268—272. 
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110. It has been proved that uniform periodic functions of a single 
variable cannot have more than two periods, independent in the sense that 
their ratio is not a real quantity. If then a function exist, which has two 
periods with a real incommensurable ratio or has more than two independent 
periods, either it is not uniform or it is a function (whether uniform or 
multiform) of more variables than one. 


When restriction is made to uniform functions, the only alternative is 
that the function should depend on more than one variable. 

In the case when three periods @,, 2, @; (each of the form «+ 78) were 
assigned, it was proved that the necessary condition for the existence of a 
uniform function of a single variable is that finite integers m,, m,, ms, can 
be found such that 

; My, + Mr, + Ma, =O, 
mB, + m,8,+ m,8, = 0; 
and that, if these conditions be not satisfied, then finite integers m,, m,, m, 
can be found such that both Xma and Ym become infinitesimally small. 

This theorem is purely algebraical, and is only a special case of a more 
general theorem as follows: 

Let O11, U2, +++) Ayrti, An, Ao, «++, Artis +++3 An, Apa, +20, Ap pty be r sets of 
real quantities such that a relation of the form 

Ny Ogy F My Agg Fv eo bt Np iy Np pty =O 
ws not satisfied among any one set. Then Jumte integers m, ..., Mp4, can be 
determined: such that each of the sums 

My Ag, + Mods +... + Mp 41 As vty 
(for s=1, 2,..., r) can be made less than any assigned quantity, however 
small. And, a fortiori, if fewer than r sets, each containing r + 1 quantities 
be given, the r+ 1 integers can be determined so as to lead to the result 


enunciated ; all that is necessary for the purpose being an arbitrary assign- 
ment of sets of real quantities necessary to make the number of sets equal to 
r. But the result is not true if more than r sets be given. 


We shall not give a proof of this general theorem* ; it would follow the 
lines of the proof in the limited case, as given in § 108. But the theorem 
can be used to indicate how the value of an integral with more than 
two periods is affected by the periodicity. 

Let J be the value of the integral taken along some assigned path from 
an initial point z to a final point z; and let the periods be @, @s, ..., @,, 
(where 7 > 2), so that the general value is 


I+ mo, + M0. + ... + M,,, 


* A proof will be found in Clebsch and Gordan’s Theorie der Abel’schen Functionen, § 38 
See also Baker’s Abelian Functions, chapters ix, xix, where full references will be found, 
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where m,, m.,..., m, are integers. Now if o,=4,+78,, for s=1, 2,...,7, 
when it is divided into its real and its imaginary parts, then finite integers 
M,, Nz, ..., M, can be determined such that 


Ny, + NA, +... + 1,4, 
1,8; + NB. +... + 2,8, 
can be made infinitesimal, that is, less than any assigned quantity, however 


: 
is infinitesimal. But the addition of > n,@, still 
s=1 


tie 

Y Ns 
s=1 
gives a value of the integral; hence the value can be modified by infinitesimal 
quantities, and the modification can be repeated indefinitely. The modifica- 
tions of the value correspond to modifications of the path from z, to z; and 
hence the integral, regarded as depending on a single variable, can be made, 
by modifications of the path of the variable, to assume any value. The 
integral, in fact, has not a definite value dependent solely upon the final 
value of the variable; to make the value definite, the path by which the 
variable passes from the lower to the upper limit must be specified. 


small; and then 


It will subsequently (§ 239) be shewn how this limitation is avoided by 
making the integral, regarded as a function, depend upon a proper number 
of independent variables—the number being greater than unity. 


z 
, (nv integral), taken along an assigned path, 


Ex. 1. If Vy be the value of | ; 
o(1—2)? 
and if 


then the general value of the integral is 


2p 
nu a 
(-1)4V)+P I {1-(-1)4+ = me ” ‘| 
1 


= 
F n 
where g is any integer and m, any positive or negative integer such that = m,=0. 
p=1 


(Math. Trip., Part IL, 1889.) 


Ex, 2. Wf, in an integration in regard to the complex variable z, (abs...) denote 
a contour enclosing the “critical” points a,, b,,...; and, for two points, (a; b,) denote 
the triple contour (a,6,) (@,)~! (bs) 4, prove that in the integrals 


n= ge-l(zg—1)9-1(z—a4)" “1 daz, n=| ge-1(2—1)a-te—ayr! dz, 
(vw; 0) 


(wv; 1) 


where p, g, ” are not rational integers, if # describe a closed curve round z=0, the z-loops 
being deformed so as not to be intersected by this 2-closed curve, the new values of 


Tir Jn we 
Wri(ptr Qin 720 , i as 
ae RET Yee (e 1_l) yy, +4 : 


YW 


and determine the similar changes in 7, 7, When # moves round z=1. 
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Deduce without direct calculation, that if p+r be a rational integer, y, is uniform in 
the neighbourhood of #=0, and, also in this neighbourhood, 


eonir “ aie 1) 


I= (a) +" y, log 4, 


¢ (#) being also uniform in this neighbourhood. 


Calculate y, and f(x) from the integrals, as ordinary power-series in x, when 
p= {="=}. (Math. Trip., Part I1., 1893.) 


Ex. 3. Prove that v= | * dl, where 
0 

— 32u+A= 

is an algebraic function satisfying the equation 
8 (v+3)3— 12 (v4 3)2— 1223 (v4+3)+2+4168=0 

and obtain the conditions necessary and sufficient to ensure that 

v=fudz 
should be an algebraic function, when w is an algebraic function satisfying an equation 


FG.) =0: 
(Liouville, Briot and Bouquet.) 


CHAPTER X. 


SIMPLY-PERIODIC AND DoupLy-PERIopIc FUNCTIONS, 


111. ONLy a few of the properties of simply-periodic functions will be 
given*, partly because some of them are connected with Fourier’s series the 
detailed discussion of which lies beyond our limits, and partly because, as 
will shortly be explained, many of them can at once be changed into 
properties of uniform non-periodic functions which have already been 
considered. 


When we use the graphical method of § 105, it is evident that we need 
consider the variation of the function within only a single band. Within 
that band any function must have at least one infinity, for, if it had not, it 
would not have an infinity anywhere in the plane and so would be a constant ; 
and it must have at least one zero, for, if it had not, its reciprocal, also a 
simply-periodic function, would not have an infinity in the band. The 
infinities may, of course, be accidental or essential: their character is repro- 
duced at the homologous points in all the bands. 


For purposes of analytical representation, it is convenient to use a 
relation 


so that, if the point Z in its plane have #& and © 
for polar coordinates, 

B) 3) 

z=-— log R+— o. 

Qi 8°’ Oe 
If we take any point A in the Z-plane and a 
corresponding point a in the z-plane, then, as Z 
describes a complete circle through A with the 
origin as centre, z moves along a line aq, where 
a, is a+. A second description of the circle 
makes z move from a, to a, where ¢,=a,+@; and so on in succession, 


* For a fuller discussion, see Chessin, Amer. Journ. Math., t. xix, (1897), pp. 217—258. 
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For various descriptions, positive and negative, the point a describes a line, 
the inclination of which to the axis of real quantities is the argument of o. 


Instead of making Z describe a circle through A, let us make it describe 
a part of the straight line from the origin through A, say from A, where 
OA = R, to C, where OC = Rk’. Then z describes a line through a perpend- 
icular to aa,, and it moves to ¢ where 


@ , 
C —a=5— (log R — log R). 


Similarly, if any point A’ on the former circumference move radially to a 
point C at a distance R’ from the Z-origin, the corresponding z-point a’ 
moves through a distance a’c’, parallel and equal to ac: and all the points ¢’ 
lie on a line parallel to aa,. Repeated description of a Z-circumference with 
the origin as centre makes z describe the whole line c¢,cy. 


If then a function be simply-periodic in , we may conveniently take 
any pomt a, and another point a4,=a+a, through a and a, draw straight 
lines perpendicular to aa,, and then consider the function within this band. 
The aggregate of points within this band is obtained by taking 


(i) all points along a straight line, perpendicular to a boundary of 
the band, as aa,; 
(1) the points along all straight lines, which are drawn through the 
points of (1) parallel to a boundary of the band. 
In (1), the value of z varies from 0 to in an expression a + 2, that is, in 
the Z-plane for a given value of R, the angle © varies from 0 to 27. 
In (21), the value of log R varies from — » to + im an expression 
@ 3) , : 
~—. log R + — a, that is, the radius R must vary from 0 to a. 
2a 2ar 
Hence the band in the z-plane and the whole of the Z-plane are made 
equivalent to one another by the transformation 


Qri 
Fi gar 


Now let 2 be any special point in the finite part of the band for a given 
simply-periodic function, and let Z, be the corresponding point in the Z-plane. 
Then for points z in the immediate vicinity of z and for points Z which 
are consequently in the immediate vicinity of Z,, we have 


Qi Qari 
Z—-h=e —e” a 
Qari Qaré e 
HG 0 { @ (2 Zo) 1} 
Qare 2riz 
= oi (2 ‘ai Zo); 


where || differs from unity only by an infinitesimal quantity. 
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If then w, a function of z, be changed into W a function of Z, the following 


relations subsist :— 


When a point z is a zero of w, the corresponding point Z is a zero 


of W. 


When a point z is an accidental singularity of w, the corresponding 
point Z, is an accidental singularity of W. 


When a point z is an essential singularity of w, the corresponding 
point Z is an essential singularity of W. 


When a point 2 is a branch-point of any order for a function w, the 
corresponding point Z, is a branch-point of the same order for W. 


And the converses of these relations also hold. 


Since the character of any finite critical point for w is thus unchanged by the 
transformation, it is often convenient to change the variable to Z so as to let 
the variable range over the whole plane, in which case the theorems already 


proved in the preceding chapters are applicable. But special account must 
be taken of the point z=. 


112. We can now apply Laurent’s theorem to deduce what is practically 
Fourier’s series, as follows. 


Let f(z) be a simply-periodic function having @ as its period, and suppose 
that in a portion of the z-plane bounded by any two parallel lines, the inclina- 
tion of which to the axis of real quantities is equal to the argument of w, the 
function is uniform and has no singularities; then, at points within that 
portion of the plane, the function can be expressed in the form of a converging 


Qrzi 
series of positive and of negative integral powers of e® . 


In figure 32, let aaa,... and cc,c,... be the two lines which bound the 
portion of the plane: the variations of the function will all take place within 
that part of the portion of the plane which lies within one of the repre- 
sentative bands, say within the band bounded by ...ac... and ...a,¢)...: that 1s, 
we may consider the function within the rectangle acc,a,a, where it has no 
singularities and is uniform. 


Now the rectangle acc,a,a in the z-plane corresponds to a portion of the 
Z-plane which, after the preceding explanation, is bounded by two circles 
Qmi Qmi_ 

e* “land Je® °|; and the 
variations of the function within the rectangle are given by the variations of 


with the origin for common centre and of radu 


a transformed function within the circular ring. The characteristics of the 
one function at points in the rectangle are the same as the characteristics of 
the other at points in the circular ring: and therefore, from the character 
of the assigned function, the transformed function has no singularities and it 
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is uniform within the circular ring. Hence, by Laurent’s Theorem (§ 28), 
the transformed function is expressible in the form 


a series which converges within the ring: and the value of the coefficient a, 


is given by 1 fF(Z) 
[Fa a, 


Imi | Zr 
taken along any circle in the ring concentric with the boundaries. 


Retransforming to the variable z, the expression for the original function 
is 
n=+o Qnariz 


FEE) Os 


N= — 0 


The series converges for points within the rectangle and therefore, as it 
is periodic, it converges within the portion of the plane assigned. And the 


value of a, 1s 
Wnriz 


il 
On = = i See dz, 


taken along a path which is the equivalent of any circle in the ring concentric 
with the boundaries, that is, along any line perpendicular to uc and a,c,, and 
therefore parallel to the lines which bound the assigned portion of the plane. 


The expression of the function can evidently be changed into the form 


mac. Line 


fai ["S ee “FeO dy 


of. =00 


where the integral is taken along the piece of a line, perpendicular to the 
boundaries and intercepted between them. 


If one of the boundaries of the portion of the plane be at infinity, (so that 
the periodic function has no singularities within one part of the plane), then 
the corresponding portion of the Z-plane is either the part within or the part 
without a circle, centre the origin, according as the one or the other of the 
boundaries is at «. In the former case, the terms with negative indices 
n are absent; in the latter, the terms with positive indices are absent. 


113. On account of the consequences of the relation subsisting between 
the variables z and Z, many of the propositions relating to general uniform 
functions, as well as of those relating to multiform functions, can be changed, 
merely by the transformation of the variables, into propositions relating to 
simply-periodic functions. One such proposition occurs in the preceding 
section ; the following are a few others, the full development being unnecess- 
ary here, in consequence of the foregoing remark. The band of reference 
for the simply-periodic functions considered will be supposed to include the 


113.] SIMPLY-PERIODIC FUNCTIONS 241 


origin: and, when any point is spoken of, it is that one of the series of 
homologous points in the plane, which lies in the band. 

We know that, if a uniform function of Z have no essential singularity, 
then it is a rational function, which is integral if Z=0 be the only accid- 
ental singularity and is meromorphic if there be accidental singularities in 
the finite part of the plane; and every such function has as many zeros as it 
has accidental singularities. 


Hence a uniform simply-periodic function with z= % as its sole essential 
singularity has as many zeros as it has infinities in each band of the plane ; 
the number of points at which it assumes a given value is equal to the number 


of its zeros; if this common number be finite, and if the period be w, the 
Qriz 

function is a rational function of e° , which is integral if all the singularities 

be at an infinite distance and is meromorphic if some (or all) of them be in a 

finite part of the plane. (But any number of zeros and any number of 

infinities may be absorbed in the essential singularity at z=.) 

The simplest function of Z, thus restricted to have the same number of 
zeros as of infinities, is one which has a single zero and a single infinity in 
the finite part of the plane; the possession of a single zero and a single 
infinity will therefore characterise the most elementary simply-periodic 
function. Now, bearing in mind the relation 


Qriz 

y Ae alee 
the simplest z-point to choose for a zero is the origin, so that Z7=1; and then 
the simplest z-point to choose for an infinity at a finite distance is $@, (being 
half the period), so that Z=—1. ‘The expression of the function in the 
Z-plane with 1 for a zero and — 1 for an accidental singularity is 
Z—1 
Z+1’ 
and therefore assuming as the most elementary simply-periodic function that 
which in the plane has a series of zeros and a series of accidental singularities 
all of the first order, the points of the one being midway between those of the 


A 


other, its expression is 


Wiz 

e® —1] 
a 2amiz : 

e® +1 


Qriz 
; Te : sey - Reo wis 
which is a constant multiple of tan——. Since e® is a rational fractional 
@ 


function of tan pet part of the foregoing theorem can be re-stated as follows :— 
If the period of the function be @, the function rs a rational function of 
Tz 
tan —. 
@ 


Pr. 16 


242 SIMPLY-PERIODIC [113. 


Moreover, in the general theory of uniform functions, it was found con- 
venient to have a simple element for the construction of products, there 
(§ 53) called a primary factor: it was of the type 

1 
Z—a «(G,) 


Z-C 


? 


) could be a constant; and it had only one infinity 


where the function (¢ ( : 
Z—c 


and one zero. 
TZ 


Hence for simply-periodic functions we may regard tan — as a typical 


@ 

primary factor when the number of irreducible zeros and the (equal) number 
of irreducible accidental singularities are finite. If these numbers should 
tend to an infinite limit, then an exponential factor might have to be 


associated with tan oe and the function in that case might have essential 
@ 


singularities elsewhere than at z=a. 


Ex. Prove that a rational function of z cannot be simply-periodic. 


114. We can now prove that every wniform function, which has no 
essential singularities in the finite part of the plane and is such that all its 
accidental singularities and its zeros are arranged in groups equal and 
fiute in number at equal distances along directions parallel to a given 
direction, is a simply-periodic function, save as to a possible factor of the 
form e9®, where g(z) is a uniform function of z regular everywhere in the 
finite part of the plane. 


Let @ be the common period of the groups of zeros and of singularities : 
and let the plane be divided into bands by parallel lines, perpendicular to 
any line representing w. Let a, b,... be the zeros, a, B, ... the singularities 
in any one band. 


Take a uniform function ¢ (2), simply-periodic in @, and having a single 


: 6.9 TZ 
zero and a single singularity in the band: we might take tan — as a value 
@ 


of @(z). Then 
Pepa) 
(2) — $ (4) 


is a simply-periodic function having only a single zero, viz. =a and a single 
singularity, viz, =a; for as $(z) has only a single zero, there is only a 
single point for which $(z)=¢ (qa), and a single point for which (Zz) = > (a). 
Hence 


(f(z) — > (a)} {p (2) — $ (b)}... 


(f(z) — & (4)} [p (2) — $ (B)}... 


114] FUNCTIONS 243 


is a simply-periodic function with all the zeros and with all the infinities of 
the given function within the band. But on account of its periodicity 1t has 
all the zeros and all the infinities of the given function over the whole plane; 
hence its quotient by the given function has no zero and no singularity over 
the whole plane. Hence, by Corollary I. in § 52, this quotient is of the form 
ef, where g(z) is a uniform function of z, finite everywhere in the finite 
part of the plane: and it may be a constant. Consequently, the expression 
for the given function is known. It is thus a simply-periodic function, save 
as to the factor specified; and this factor may be a constant, in which case 
the function is actually simply-periodic. 


This method can evidently be used to construct simply-periodic functions, having 
assigned zeros and assigned singularities. Thus if a function have a+me as its zeros and 
c+m'e as its singularities, where m and m’ have all integral values from —« to +o, 


the simplest form is obtained by taking a constant multiple of 
7a 


Te 
tan — — tan — 
@ @ 


Te 7 
tan —— tan — 
@ @ 
Ea, Construct a function, simply-periodic in , having zeros given by (m+4)o and 
(m+) and singularities by (m+4)o and (m+ 32) a. 


The irreducible zeros are $@ and # ; the irreducible singularities are !o and 2. Now 


Te Te 
(ton —-—tan bn] (tan ——tan ir) 
(0) 
vA 


(0) 


a a 
Tz 12 

(ton —-—tan} r) (tan — tan in) 
@ : 0) ; 


is evidently a function, initially satisfying the required conditions. But, as tan}z is 
infinite, we divide out by it and absorb it into dA’ as a factor ; the function then takes 
the form 
Tz 
1+ tan — 
@ 
A 


5 Te 
3 — tan? — 
@ 


We shall not consider simply-periodic functions, which have essential 
singularities elsewhere than at z=; adequate investigation will be found 
in the second part of Guichard’s memoir, (l.c., p. 166). But before leaving the 
consideration of the present class of functions, one remark may be made. It 
was proved, in our earlier investigations, that uniform functions can be 
expressed as infinite series of functions of the variable and also as infinite 
products of functions of the variable. This general result is true when the 
functions in the series and in the products are simply-periodic in the same 
period. But the function, so represented, though periodic in that common 
period, may also have another period: and, in fact, many doubly-periodic 
functions of different kinds (§ 136) are often conveniently expressed as infinite 
converging series or infinite converging products of simply-periodic functions. 


16—2 
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Any detailed illustration of this remark belongs to the theory of elliptic functions: one 


simple example must suffice. 2B 
70 


w 


Let the real part of aes negative, and let g denote e ° ; then the function 
@ 


2ninz 


N=2 
O(a 0S. (aot eet. 
= ie Linz 


@ 


being an infinite converging series of powers of the simply-periodic function e ® , is finite 


everywhere in the plane. Evidently (2) is periodic in , so that 


6 (z+o)=6 (Zz). 


=O Qnim (z+ w!) 
Again, 6 (Z + a’) = Ss ( Ea] ye gr” @ wo 

n=—-0 

Wace Qninz 


I 


= (- ie ge og 


UME 00 2(m+1) ine 
= Omens {(- ust get e o } 
qd n=-@ 
Qing 
] e282 
pe 6 (2), 


the change in the summation so as to give 6(z) being permissible, because the extreme 
terms for the infinite values of m can be neglected on account of the assumption with 
regard to g. There is thus a pseudo-periodicity for @(z) in a period a’. 


WQninz 
n=0 ar 
Similarly, if 6,(2)= > ge» , 
n=—o 
we can prove that 6, (2+ @) = 68 (2), 
ine 


/ = 
sR ag » 6 (Zz). 


Then 6,(z)+6(z) is doubly-periodic in » and 2w’, though constructed only from 
functions simply-periodic in »: it is a function with an infinite number of irreducible 
accidental singularities in a band. 


115. We now pass to doubly-periodic functions of a single variable, the 
periodicity being additive. The properties, characteristic of this important 
class of functions, will be given in the form either of new theorems or 
appropriate modifications of theorems, already established; and the develop- 
ment adopted will follow, in a general manner, the theory given by Liouville*. 
It will be assumed that the functions are wniform, unless multiformity be 
explicitly stated, and that all the singularities in the finite part of the plane 
are accidental +. 


* Tn his lectures of 1847, edited by Borchardt and published in Crelle, t. Ixxxviii, (1880), 
pp. 277—310. They are the basis of the researches of Briot and Bouquet, the most com- 
plete exposition of which will be found in their Théorie des fonctions elliptiques, (2nd ed.), 
pp. 239—280, 

+ For doubly-periodic functions, which have essential singularities, reference should be made 
to Guichard’s memoir, (the introductory remarks and the third part), already quoted on p. 166, note. 
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The geometrical representation of double-periodicity, explained in § 105, 
will be used concurrently with the analysis; and the parallelogram of 
periods, to which the variable argument of the function is referred, is a 
fundamental parallelogram (§ 109) with periods* 2 and 20’. An angular 
point z for the parallelogram of reference can be chosen so that neither a 
zero nor a pole of the function lies on the perimeter; for the number 
of zeros and the number of poles in any finite area must be finite, as 
otherwise they would form a continuous line or a continuous area, or they 
would be in the vicinity of an essential singularity. This choice will, in 
general, be made; but, in particular cases, it is convenient to have the origin 
as an angular point of the parallelogram and then it not infrequently occurs 
that a zero or a pole lies on a side or at a corner. If such a point lie on a side, 
the homologous point on the opposite side is assigned to the parallelogram 
which has that opposite side as homologous; and if it be at an angular point, 
the remaining angular points are assigned to the parallelograms which have 
them as homologous corners. 


The parallelogram of reference will therefore, in general, have 2, 2 + 2a, 
2) + 20’, 2 +2@ + 20’ for its angular points; but occasionally it is desirable 
to take an equivalent parallelogram having z+ +’ as its angular points. 

When the function is denoted by ¢(z), the equations indicating the 
periodicity are 

$ (2+ 20) = $2) =$ E+ 20’). 

116. We now proceed to the fundamental propositions relating to 

doubly-periodic functions. 


I. very doubly-periodic function must have zeros and infinities within 
the fundamental 4 parallelogram. 

For the function, not being a constant, has zeros somewhere in the plane 
and it has infinities somewhere in the plane; and, being doubly-periodic, it 
experiences within the parallelogram all the variations that it can have over 
the plane. 

Corotiary. The function cannot be a rational function of z. 

A rational function of z possesses only a limited number of zeros in the 
plane. Within the fundamental parallelogram, a doubly-periodic function 
possesses zeros: and therefore the number of zeros which it possesses in the 
plane is unlimited. The two functions therefore cannot be equivalent. 

An analytical form for @(z) can be obtained which will put its singu- 
larities in evidence. Let a be such a pole, of multiplicity n; then we know 
that, as the function is uniform, coefficients A can be determined so that the 


function 
A; Ayes wale. ue 


ae —@ (2a) (z= Ot a (z—a) Zo 


* The factor 2 is introduced merely for the sake of convenience. 
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is finite in the vicinity of @; but the remaining poles of ¢ (z) are singularities 
of this modified function. Proceeding similarly with the other singularities 
b, c, ..., which are finite in number and each of which is finite in degree, we 
have coefficients A, B, C, ... determined so that 


d(z)- & {5 = 


n=a, b,.. (v=1 (z = Ky 


is finite in the vicinity of every pole of $(z) within the parallelogram and 
therefore is finite everywhere within the parallelogram. Let its value be 
x (2); then for points lying within the parallelogram, the function ¢(z) is 
expressed in the form 


A, A, A, 


4 NZ aT aaa ee Se 
B, tay Bm 
+76 @— bp eo 

So Fe Boanconsnogcd oud obo odUC Ago To ndnddaduEor 
pitta eee eee 

z—-h (¢-hp (z—h) 


But though ¢(z) is periodic, y(z) is not periodic. It has the property of 
being finite everywhere within the parallelogram; if it were periodic, it 
would be finite everywhere, and therefore could have only a constant value ; 
and then ¢@(z) would be a rational meromorphic function, which is not 
periodic. The sum of the fractions in ¢(z) may be called the fractional 
part of the function: owing to the meromorphic character of the function, 
it cannot be evanescent. 


The analytical expression can be put in the form 
(zg- a)y"(z—by™...(2-h)* F (2), 


where /(z) 1s finite everywhere within the parallelogram. If a, 8, ..., » be 
all the zeros, of degrees v, w, ..., %, within the parallelogram, then 


F(z) =(¢-—4)’ (¢-—B)... (e—n) E (2), 


where @(z) has no zero within the parallelogram; and so the function can 
be expressed in the form 


(2a) (e= By. =m) gy 
(g—a)"*(2—b)™...(2— hy? 


where (F(z) has no zero and no infinity within the parallelogram or on its 
boundary ; and ((z) is not periodic. 

The order of a doubly-periodie function is the sum of the multiplicities 
of all the poles which the function has within a fundamental parallelogram ; 
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and, the sum being n, the function is said to be of the nth order. All 
these singularities are, as already assumed, accidental; it is convenient 
to speak of any particular singularity as simple, double, ... according to its 
multiplicity. 


If two doubly-periodic functions w and v be such that an equation 
Au+ Bu+C=0 


is satisfied for constant values of A, B, C, the functions are said to be 
equivalent to cae another. Equivalent functions evidently have the same 
accidental singularities in the same multiplicity. 


Il. The integral of a doubly-periodic function round the boundary of a 
fundamental parallelogram is zero. 


Let ABCD be a fundamental parallelogram, the boundary of it being 
taken so as to pass through no pole of the 
function. Let A be z, B be z+20, and* . a 
D be 4 +2’; then any point in AB is 


D Cc 
(eee am) 
Z + 2ot, J /p eA 
where ¢ is a real quantity lying between 0 and ih 
A SS B 


1; and therefore the integral along AB is 


1 Fig. 33. 
i  (% + 2et) 2odt. 
0 


Any point in BC is z+ 20 + 2o't, where ¢ is a real quantity lymg between 0 
and 1; therefore the integral along BC is 


1 
| b (4 + 20 + 20't) 20'dt 
0 


1 
2 | $ (z) + 200't) 2oo'dt, 
0 
since ¢ is periodic in 2a. 


Any point in DC is z+ 2o'+2ot, where ¢ is a real quantity lying 
between 0 and 1; therefore the integral along CD is 


0 
| (dp + 2a! + 2ot) Boodt 
1 
0 
=) p (4 + 2at) 2wdt 
1 


1 
a | f(z) + 2ot) Leilt. 
0 


* The figure implies that the argument of w’ is greater than. the argument of w, a 
hypothesis which, though unimportant for the present proposition, must be taken account of 


hereafter (e.g., § 129). 
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Similarly, the integral along DA is 
1 
ae | (zy 200't) 2eo'dt. 
0 
Hence the complete value of the integral, taken round the parallelogram, is 


1 
= [@ (4 + 2at) 2wdt +| (4 + 20't) 2w'dt 
0 0 


1 1 
-{ f (Z + 2t) 2wdt -|  (% + 20't) 2a'dt, 
0 0 


which is manifestly zero, since each of the integrals is the integral of 
a continuous function. 


Corotiary. Let W(z) be any uniform function of z, not necessarily 
doubly-periodic, but without singularities on the boundary. Then the 
integral fyr(z)dz taken round the parallelogram of periods is easily seen 
to be 


1 Bl 
| Wr (2 + 2at) 2adt + W (4 + 20 + 20't) 2a'dt 
Jo Jo 


= eh (2 + 2’ + 2ot) 2adt — ['v (2 + 2@’t) 2w'dt ; 
or, if we write  (€+ 20) — W (OF) =v (8), 
W (F + 20°) — (5) = Wr (2), 
then ly (Z)dz= Fyn (4 + 20't) 20'dt — ip Wry (2) + 2ot) 2wdt, 


where on the left-hand side the integral is taken positively round the 
boundary of the parallelogram and on the right-hand side the variable ¢ 
in the integrals is real. 


The result may also be written in the form 


ly (2) dz = [v (z) dz — [. vr, (2) dz, 


the integrals on the right-hand side being taken along the straight lines 4D 
and AB respectively. 


Kvidently the foregoing main proposition is established, when yy, (¢) and 


vv.(€) vanish for all values of €. 


Il. Lf a doubly-periodic function (2) have infinities ay, ay, ... within 
the parallelogram, and if A,, Ay, ... be the coefficients of (2 —a,)+, (2 — bay Re 
respectively in the fractional part of $(z) when it is expanded in the parallelo- 
gram, then 

A,+A,+...=0. 
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As the function $(z) is uniform, the integral [d (z) dz is, by § 19, IL, the 
sum of the integrals round a number of curves each including one and only 
one of the infinities within that parallelogram. 


Taking the expression for $(z) on p. 246, the integral Aj, [(z— a)-™ dz 
round the curve enclosing @ is 0, if m be not unity, and is 277A,, if m be 
unity; the integral K,, f(¢ —«)-" dz round that curve is 0 for all values of m 
and for all points « other than a; and the integral fy (z)dz round the curve 
is zero, since y (z) is uniform and finite everywhere in the vicinity of a. Hence 
the integral of ¢(z) round a curve enclosing a, alone of all the infinities is 
QA. 

Similarly the integral round a curve enclosing a, alone is 27riA,; and so 
on, for each of the curves in succession. 


Hence the value of the integral round the parallelogram is 
2ridA. 


But by the preceding proposition, the value of {¢(z)dz round the parallelo- 


gram is zero; and therefore 
Ay As. = 0: 


This result can be expressed in the form that the swm of the residues* of a 


doubly-periodic function relative to a fundamental parallelogram of periods 
as Zero. 

CoroLiary 1. A doubly-periodic function of the first order does not 
ewist. — 

Let such a function have a for its single simple infinity. Then an 
expression for the function within the parallelogram is 


ay (2), 


z—a 
where y (z) is everywhere finite in the parallelogram. By the above propo- 
sition, A vanishes; and so the function has no infinity in the parallelogram. 
It therefore has no infinity anywhere in the plane, and so is merely a 
constant: that is, qua function of a variable, it does not exist. 

CoroLiAry 2. Doubly-periodic functions of the second order are of two 
classes. 

As the function is of the second order, the sum of the degrees of the 
infinities is two. There may thus be cither a single infinity of the second 
degree or two simple infinities. 

In the former case, the analytical expression of the function is 


A 9 


o(Zy= ay @ ay +x (2), 


ee 


* See p. 44. 
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where a is the infinity of the second degree and y(z) is holomorphic within 
the parallelogram. But, by the preceding proposition, A,;=0; hence the 
analytical expression for a doubly-periodic function with a single irreducible 
infinity @ of the second degree is 
2 
(Zz =e a) a x (2) 

within the parallelogram. Such functions of the second order, which have 
only a single irreducible infinity, may be called the first class. 


In the latter case, the analytical expression of the function is 


C, 
(= 4+ 


Z—-C, Z-Cy 


+ x (2), 


where c, and c, are the two simple infinities and y(z) 1s finite within the 
parallelogram. ‘Then 

C,+ (,=0; 
so that, if C,=—C,=C, the analytical expression for a doubly-periodic 
function with two simple irreducible infinities a, and a, is 


a(t eno 


Z-M 2-M 
within the parallelogram. Such functions of the second order, which have 
two irreducible infinities, may be called the second class. 

CoROLLARY 3. If within any parallelogram of periods a function is 
only of the second order, the parallelogram is fundamental. 

CoROLLARY 4. A similar division of doubly-periodic functions of any 
order into classes can be effected according to the variety in the constitution of 
the order, the number of classes being the number of partitions of the order. 


The simplest class of functions of the nth order is that in which the 
functions have only a single irreducible infinity of the nth degree. Evi- 
dently the analytical expression of the function within the parallelogram is 


Cy a Gs; + Gn Z 
@- a)? (z = a) Eee (z—a)” +X) 


where x (z) is holomorphic within the parallelogram. Some of the coefficients 
G may vanish; but all may not vanish, for the function would then be finite 
everywhere in the parallelogram. 
It will however be seen, from the next succeeding propositions, that the 
division into classes is of most importance for functions of the second order. 
IV. Two functions, which are doubly-periodic in the same periods*, and 
which have the same zeros and the same infinities each in the same degrees 


respectively, are in a constant ratio. 


* Such functions will be called homoperiodic. 
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Let @ and y be the functions, having the same periods; and let a of 
degree v, 8 of degree w,... be all the irreducible zeros of ¢ and wv; and a of 
degree n, b of degree m,... be all the irreducible infinities of ¢ and of w. 
Then a function G(z), without zeros or infinities within the parallelogram, 
exists such that 


$0)= Ga 6@; 


and another function H(z), without zeros or infinities within the parallelo- 
gram, exists such that 


C= ae pe 
VA es ei ean H(z). 


$(2)_ G(2) 
ye) He)’ 


Now the function on the right-hand side has no zeros in the parallelogram, 


Hence 


for G has no zeros and H has no infinities; and it has no infinities in the 
parallelogram, for G has no infinities and H has no zeros: hence it has 
neither zeros nor infinities in the parallelogram. Since it is equal to the 
function on the left-hand side, which is a doubly-periodic function, it has no 
zeros and no infinities in the whole plane; it is therefore a constant, say 
ac) -Chus* 
$ (2) = Av (2). 

V. Two functions of the second order, doubly-periodic in the same periods 

and having the same infinities, wre equivalent to one another. 


If one of the functions be of the first class in the second order, it has one 
irreducible double infinity, say at a; so that we have 


¢ 
f (2) = (pany x (2); 


where y(z) is finite everywhere within the parallelogram. Then the other 
function also has z =a for its sole irreducible infinity and that infinity is of 
the second degree ; therefore we have 


VO= Gate 
where y, (2) is finite everywhere within the parallelogram. Hence 
Hd (z) — Gp (2) = Hy (2) — Gx (4). 
Now x and x, are finite everywhere within the parallelogram, and therefore 


so is Hy —Gy,. But Hy — Gy, being equal to the doubly-periodic function 
H — Gry, is therefore doubly-periodic; as it has no infinities within the 


* This proposition is the modified form of the proposition of § 52, when the generalising 
exponential factor has been determined so as to admit of the periodicity. 


‘ 


252 IRREDUCIBLE ZEROS _ [116. 


parallelogram, it conse yuently can have none over the plane and therefore it 
is a constant, say J. ‘Thus 


I (2) — Grp (2) = I, 
proving that the functions ¢ and wz are equivalent. 


If on the other hand one of the functions be of the second class in the 
second order, it has two irreducible simple infinities, say at b and ¢, so that 


we have 
1 | 
$@)=0(— 5-7 


) + @(z), 


where @(z) is finite everywhere within the parallelogram. Then the other 
function also has z=b and z=c for its irreducible infinities, each of them 
being simple; therefore we have 


¥@=D(-4-> 


+ 0, (2), 


Z—C 
where 6, (2) is finite everywhere within the parallelogram. Hence 
Dd (z) — Cr (z) = DO (z) — C8, (2). 


The right-hand side, being finite everywhere in the parallelogram, and equal 
to the left-hand side which is a doubly-periodic function, is finite everywhere 
in the plane; it is therefore a constant, say B, so that 


D$ (2) — Oy (2) = B, 
proving that @ and w are equivalent to one another. 


It thus appears that in considering doubly-periodic functions of the second 
order, homoperiodic functions of the same class are equivalent to one another 
if they have the same infinities; so that, practically, it is by their infinities 
that homoperiodic functions of the second order and the same class are 
discriminated. 


Corotiary 1. Lf two equivalent functions of the second order have one 
zero the same, all their zeros wre the same. 


For in the one class the constant J, and in the other class the constant B, 
is seen to vanish on substituting for z the common zero; and then the two 
functions always vanish together. 


COROLLARY 2. Lf two functions, doubly-periodic in the same periods but 
not necessarily of the second order, have the same infinities occurring in such a 
way that the fractional parts of the two functions are the same eacept as to a 
constant factor, the functions are equivalent to one another. And if, in 
addition, they have one zero common, then all their zeros are common, so 
that the functions are then in a constant ratio. 
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CoRoLLaRY 3. If two functions of the second order, doubly-periodic in 
the same periods, have their zeros the same, and one infinity common, they are 
wm a constant ratio. 


VI. Every doubly-periodic function has as many irreducible zeros as tt 


has irreducible infinities. 


Let $(z) be such a function. Then 


p(zt+h)— $2) 
zth—z 


is a doubly-periodic function for any value of h, for the numerator is doubly- 
periodic and the denominator does not involve z; so that, in the limit when 
h=0, the function is doubly-periodic, that is, ¢’ (z) is doubly-periodic. 


Now suppose ¢(z) has irreducible zeros of degree m, at a, mz at dy, ..., 
and has irreducible infinities of degree p, at %, pf. at &,...; so that the 
number of irreducible zeros is m,+m,.+..., and the number of irreducible 
infinities is w,+ #.+..., both of these numbers being finite. It has been 
shewn that (2) can be expressed in the form 


Ee). 


where #'(z) has neither a zero nor an infinity within, or on the boundary of, 
the parallelogram of reference. 


(Z—a,)™ (2 — Aa)™... 
(2 — a) (2 — ay)... 


Since #’(z) has a value, which is finite, continuous and different from zero 
FP’) 
F(z) 


everywhere within the parallelogram or on its boundary, the function 


is not infinite within the same limits. Hence we have 


Tang ete f. Ms 


Z- 2—Ay 


Eee Bs 
Z—-, 2-A 


oe Hees, 


where g(z) has no infinities within, or on the boundary of, the parallelogram 
of reference. But, because $’(z) and ¢ (z) are doubly-periodic, their quotient 
is also doubly-periodic ; and therefore, applying Prop. IL, we have 
M, + My +... — py — flo — --- =O, 

that is, M, + Me +... = pat fot ..., 
or the number of irreducible zeros is equal to the number of irreducible 
infinities. 

CoroLuary I. The number of irreducible points for which a doubly- 
periodic function assumes a given value is equal to the number of wreducible 
zeros. 
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For if the value be A, every infinity of (2) is an infinity of the doubly- 
periodic function @(z) — A; hence the number of the irreducible zeros of the 
latter is equal to the number of its irreducible infinities, which is the same as 
the number for ¢(z) and therefore the same as the number of irreducible 
zeros of @(z). And every irreducible zero of @(z)—A is an irreducible 
point, for which ¢(z) assumes the value A, 


CoroLtiary II. A doubly-periodic function with only a single zero does 
not exist ; a doubly-periodic function of the second order has two zeros ; and, 
generally, the order of a function can be measured by its number of irreducible 
zeros. 


Note. It may here be remarked that the doubly-periodic functions 
(§ 115), that have only accidental singularities in the finite part of the 
plane, have z = 0 for an essential singularity. It is evident that for infinite 
values of z, the finite magnitude of the parallelogram of periods is not 
recognisable ; and thus for z= 2% the function can have any value, shewing 
that z= oo is an essential singularity. 


VIL. Let a, ao,... be the irreducible zeros of a function of degrees 
My, Mz,... respectively ; OG, ogee: its irreducible infinities of degrees py, fs, --- 


respectively ; and 2;, Zo, ++ . the irreducible points where tt assumes a value c, 
which is neither zero nor infinity, their degrees being M,, M,,... respectively. 
Then, gone possibly as to additive multiples of the Sacred the quantities 


My Ay , > py and >, > M Ly AYE EC ual to one another sO that 
r ? 
r=1 r=1 r=1 


y M,d,= & M,z,= > po, (mod. 2, 2w’), 
r=l1 r=1 r=1 
Let ¢(z) be the function. Then the quantities which occur are the sums 
of the zeros, the assigned values, and the infinities, the degree of each being 
taken account of when there is multiple occurrence; and by the last 
proposition these degrees satisfy the relations 


Lip = 2M, = Sie 


The function @(z)—e is doubly-periodic in 2 and 2’; its zeros are 
2, %,-.. of degrees M,, M,,... respectively; and its infinities are a, a,... of 
degrees py, fy,..., being the same as those of @(z). Hence there exists a 
function G (z), without either a zero or an infinity lying in the parallelogram 
or on its boundary, such that @(z) —¢ can be expressed in the form 


A ae) 


for all points not outside the parallelogram ; and therefore, for points in that 
region 
e(@) 5 Mr _y wm ,@@ 
b(z)—¢ geig@—=e 9 eG, Gey 
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Hence 
zp’ (z) ‘9 S Mz ais br 2G’ (2) 
OG) 6 1 -ae- 6 ee, 1G) 
M,2, Pry | 2G" (2) 
zene) Sey, eae 
ee ae ie &— &, eat 2 z— a, a G Oo 
Mey br | 2G" (2) 
Fees “Z- a G(z) ’ 
because De 2 fen. 
r=1 


Integrate both sides round the es of the fundamental parallelogram. 
Because G (z) has no zero and no infinity in the included region and does not 
vanish along the curve, the integral 


ie 2G’ (2) Ws 
G(z) 
vanishes. But the points z; and a; are enclosed in the area; and therefore 


the value of the right-hand side is 
Qart > M2, — Wart > py A, 


so that Qari (2 M2- — Spey My - (2 2p’ (2) de, 
a NEY = 
the integral being extended round the See 


Denoting the subject of integration oe by f(z), we have 


p (2) 


oy # ©) 
Fle + 20) — fle) = 20 


Psio—aee 
F (e+ 20") - fle) = 20" So 


and therefore, by the Corollary to Prop. II., the value of the foregoing 
integral is 


55 (2 £O ap oy f 2 O. 


a dz, 
4$(Z)—0° ap(z)—e 

the integrals being taken along the straight lines AD and AB respectively 

(fig. 33, p. 247). 


Let w= ¢(z) —c; then, as z describes a path, w will also describe a single 
path as it isa tenn function of z. When z moves from A to ), w moves 
from $(A)—c by some path to ¢(D)—c, that is, it returns to its initial 
position since ¢ (D) = $ (A); hence, as z describes AD, w describes a simple 
closed path, the area included by which may or may not contain zeros and 
infinities of w. Now 


dw = q' (z) dz, 
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> ©) 
A (Z)~¢ 


(S 
w’ 


taken in some direction round the corresponding closed path for w. This 
integral vanishes, if no w-zero or w-infinity be included within the area 
bounded by the path; it is + 2m/’zz, if m’ be the excess of the number of 
included zeros over the number of included infinities, the + or — sign being 
taken with a positive or a negative description; hence we have 


{ a2 
AP(Z)—¢ 


where m is some positive or negative integer and may be zero. Similarly 
B / 
Zz . 
| SOKA = Qn, 


where n is some positive or negative integer and may be zero. 


and therefore the integral dz is equal to 


dz = 2mm, 


Thus Qari (M,Z, — SpyGy) = 2o. 2mTt — 2’. 2na1, 
and therefore TMZ, — Spy = 2M — Ane 


= 0 (mod. 20, 2’). 


Finally, since {M,z, = Sp,2, whatever be the value of ¢, for the right-hand 
side is independent of ¢, we may assign to ¢ any value we please. Let the 
value zero be assigned; then }M,z, becomes Sm,a,, so that 


XM ,Ay = Vp,a, (mod, 2a, 20’). 


The combination of these results leads to the required theorem*, expressed 
by the congruences 

> Myo, = { M,z,= & ya, (mod. 2a, 20’). 

r=1 pol v=] 

Note. Any point within the parallelogram can be represented in the 
form 2 + 42m + 62’, where a and b are real positive quantities less than 
unity. Hence 

=M,2, = A,20 + B20’ + 2,2M,, 
where A and B are real positive quantities each less than }J/,, that is, less 
than the order of the function. 


In particular, for functions of the second order, we have 


d 
2+2,=A,20 + B20 + 2z,, 


* The foregoing proof is suggested by Kénigsberger, Theorie der elliptisehen Functionen, 
t. i, p. 342; 
form of the theorem is due. The theorem is substantially contained in one of Abel’s general 


theorems in the comparison of transcendents. 


other proofs are given by Briot and Bouquet and by Liouville, to whom the adopted 
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where A, and B, are positive quantities each less than 2. Similarly, if a and 
b be the zeros, 
a+b=A,2o + B,20’ + 2z,, 


where A, and B, are each less than 2; hence, if 

4+2—-a—b=m2o+m'2o’, 
then m may have any one of the three values —1, 0, 1, and so may m’, the 
simultaneous values not being necessarily the same. 

Let a and 8 be the infinities of a function of the second class; then 

a+8—a—b=n20+n'20’, 
where » and n’ may each have any one of the three values — 1, 0, 1. By 
changing the origin of the fundamental parallelogram, so as to obtain a 
different set of irreducible points, we can secure that n and m’ are zero, 
and then 

a+B=a+b. 
Thus, if n be 1 with an initial parallelogram, so that 
a+P=a+t+b + 2o, 


we should take either 8 —20= 8’, or a— 2m =a’, according to the position of 
a and @, and then have a new parallelogram such that 
a+P’=a+), or a+ B=atb. 
The case of exception is when the function is of the first class and has a 
repeated zero. 
VIII. Let (2) be a doubly-periodic function of the second order. If y 
be the one double infinity when the function is of the first class, and of a and 8 
be the two simple infinities when the function is of the second class, then in the 


former case 
$ (2) = $ (27 — 2), 
and in the latter case o(z)=¢(a+ 8 —2). 
Since the function is of the second order, so that it has two irreducible 
infinities, there are two (and only two) irreducible points in a fundamental 
parallelogram at which the function can assume any the same value: let 


them be z and 2. 


Then, for the first class of functions, we have 
+7 = 2% 
= 2y + 2mm + 2no’, 
where m and n are integers; and then, since $ (z)= (2) by definition of z 


and z’, we have 
o(z)=h (Qy —2+ 2mo + 2nw’) 


= $ (27 — 2). 
it 


258 DOURLY-PERIODIC FUNCTIONS [116. 


For the second class of functions, we have 


gre =a 
=a+P8+2mo +4 2no’; 
so that, as before, 
$(z)=$(at+8—2+2me + 2nw’) 
=¢(a+ 8-2). 


117. Among the functions which have the same periodicity as a given 
function ¢(z), the one which is most closely related to it is its derivative 
¢'(z). We proceed to find the zeros and the infinities of the derivative of a 


Function, in particular, of a function of the second order. 

Since ¢(z) is uniform, an irreducible infinity of degree n for $(z) is an 
irreducible infinity of degree n+ 1 for $’(z). Moreover ¢’ (z), being uniform, 
has no infinity which is not an infinity of @(z); thus the order of ¢’(z) is 
X(n+1), or its order is greater than that of ¢(z) by an integer which 
represents the number of distinct irreducible infinities of @(z), no account 
being taken of their degree. If, then, a function be of order m, the order of 
its derivative is not less than m+ 1 and is not greater than 2m. 


Functions of the second order either possess one double infinity, so that 
within the parallelogram they take the form 


A 
2 aaa ry a, 
and then te) = Gay + x’ (2), 


that is, the infinity of @(z) is the are infinity of $’(z) and it is of the 
third degree, so that $’(z) is of the third order; or they possess two simple 
infinities, so that within the parallelogram they take the form 


: 1 1| 
$()=0(=—- 7, | +x©, 
and then fp (z)=—C f = Se p ch ; + ye) 


that is, each of the simple infinities of a is an infinity for '(z) of the 
second degree, so that ¢’(z) is of the fourth order. 

It is of importance (as will be seen presently) to know the zeros of 
the derivative of a function of the second order, 

For a function of the first class, let y be the irreducible infinity of the 


second degree; then we have 


(= 62-2), 
and therefore f(z) =— f’ (2 — 2). 
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Now ¢’(z) is of the third order, having y for its irreducible infinity in the 
third degree: hence it has three irreducible zeros. 


In the foregoing equation, take z=y: then 
PAI (7), 
shewing that y is either a zero or an infinity. It is known to be the only 
infinity of $’ (2). 
Next, take z=y +; then 
$ (yto)=—$(y—-@) 
=— $'(y—@ + 20) 
Fo ¢ (y+ @), 
shewing that y+ o is either a zero or an infinity. It is known not to be an 
infinity ; hence it is a zero. 

Similarly y+’ and y+@+o’ are zeros. Thus three zeros are obtained, 
distinct from one another; and only three zeros are required; if they be not 
within the parallelogram, we take the irreducible points homologous with 
them. Hence: 


IX. The three zeros of the derwative of a function, doubly-periodic in 
2o and 20° and having y for its double (and only) irreducible infinity, are 
y+, y+o’, Nar @ sr wo’. 
For a function of the second class, let a and @ be the two simple 
irreducible infinities; then we have 


b(z)=$(atP—z), 
and therefore d (2)=— > (a+ - 2). 

Now ¢’(z) is of the fourth order, having a and £ as its irreducible 
infinities each in the second degree; hence it must have four irreducible 
Zeros. 

In the foregoing equation, take z=4(a+ 8); then 

$ {g (a+ B)=—$ {$4 +A)}, 
shewing that 4(a + 8) is either a zero or an infinity. It is known not to be 
an infinity; hence it is a zero. 

Next, take z=4(a+8)+o; then 

$ [¢ (a+ 8) +o} = 


$ {2 (4+8)— 9} 

$' (3 (a+ 8) — © + 20} 

$' [2 (a +8) + o}, 

shewing that 4(a+f)+ is either a zero or an infinity. As before, it is 


a Zero. 


/ 
if 


17—2 
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Similarly }(24+ 8)+o' and }(a+8)++4o’ are zeros. Four zeros are 
thus obtained, distinct from one another; and only four zeros are required. 
Hence : 


X. The four zeros of the derivative of a function, doubly-periodic in 2 
and 20’ and having «a and 8 for its simple (and only) irreducible infinities, are 


L@+B) HatA)to, HatA)+o, Jatp)toto’ 
The verification in each of these two cases of Prop. VIL, that the sum of 


the zeros of the doubly-periodic function ¢’(z) is congruent with the sum of 
its infinities, is immediate. 


Lastly, it may be noted that, ¢f 2, and z, be the two irreducible points for 
which a doubly-periodic function of the second order assumes a given value, 
then the values of its derivative for 2, and for z, are equal and opposite. For 


o(z)=o(at+B—zZ2)=> (4 +4 -— 2), 


since 2,+2,=a+ 8; and therefore 


 (Z)=-$ (at%—2), 
that is, f (4) =— #' (22), 


which proves the statement. 


118. We now come to a different class of theorems. 


XI. Any doubly-periodic function of the second order can be expressed 
rationally in terms of an assigned doubly-periodic function of the second order, 
af the periods be the same. 


The theorem will be sufficiently illustrated and the line of proof 
sufficiently indicated, if we express a function ¢(z) of the second class, with 
irreducible infinities a, a, 2 and irreducible zeros a, b such that a+B= a+b, in 
terms of a function ® of the first: class with « y as its irreducible double 


infinity. 


ra) (2 +h)—®(h’) 
D(z +h)—©® (h’)’ 
A zero of B(z+h) is neither a zero nor an 1 infinity of this function; nor 


is an infinity of ® (z+) a zero or an infinity of the function. It will have 
a and b for its irreducible zeros, if 


Consider a function 


C+ hah 
b+h+h'=2y; 


and these will be the only zeros, for ® is of the second order, It will have a 
and £ for its irreducible infinities, if 


ath=h", 
B+ht+h’=2y; 
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and these will be the only infinities, for ® is of the second order. These 
equations are satisfied by 


h” =} (2y—B+a), 
h’=4 (2y —b +a), 
=4 (27 —2-8)=4 2y—-a-B). 
Hence the assigned function, with these values of h, has the same zeros 
and the same infinities as #(z); and it is doubly-periodic in the same periods. 
The ratio of the two functions is therefore a constant, by Prop. IV., so that 
D(z+h)—D(h’ 
Be) Ben —® iy ; 


If the expression be required i in terms of (2) z alone and constants, then 
®(z+h) must be expressed in terms of ®(z) and constants which are values 
of ®(z) for special values of z. This will be effected later. 

The preceding proposition is a special case of a more general theorem 
which will be considered later; the following is another special case of that 
theorem: viz. : 

XII. A doubly-periodic function with any number of simple infinities can 


be expressed erther as a sum or as a product, of functions of the second order 
and the second class which are doubly-periodic in the same periods. 


Let a, &,..., 4, be the irreducible infinities of the function ®, and 
suppose that the fractional part of ® (z) is 
A, A, An 
se A? a iganas ae 
a> Oy 2— A, 2— An 


with the condition A,+ A,+...... +A,=0. Let $, (2) be a function, doubly- 
periodic in the same periods, with 4;, aj as its only irreducible infinities, 
supposed simple; where 7 has the values 1,...,n—1, and j=7+1. Then 
the fractional parts of the functions (2), dys (2), .-. are 


1 1 
a Ga-za) 
Z—- S-A, 


Peer and therefore the fractional part of 


A,+A, 4 Ait dat +Ans 


a ; n—1,n \4 
= * giz (Z) + G, os (2) + Ge Pn—,n (2) 
: A, A, Ajax A, als A, a) 000 Ik An 
1S = oR wari = 
2-4 2-4 Z—An—-4 Z—Ay 
a ‘AGe a 7 Ana a's A wv 


eee > 
Pj 9 hy 2—-A1 2—-An 
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since pb 0. This is the same as the fractional part of ®(z); and therefore 
i=1 


A, A,+A, A, +...+An— 
® (z) — G Piz (2) — — a ~~ hos (2) eee Goat * Pn—1,n (2) 


has no fractional part. It thus has no infinity within the parallelogram ; it 
is a doubly-periodic function and therefore has no infinity anywhere in the 
plane; and it is therefore merely a constant, say B. Hence, changing the 
constants, we have 


P (z) — B, Piz (2) = By dys (z) OCR Bn-+On-,n (2) = B, 


giving an expression for ®(z) as a linear combination of functions of the 
second order and the second class. But as the assignment of the infinities is 
arbitrary, the expression is not unique. 


For the expression in the form of a product, we may denote the n 
irreducible zeros, supposed simple, by a, ...,@,. We determine n—2 new 
irreducible quantities c, such that 


Cy = % + — My, 
Co = As + C) — Ag, 


C3 = Ag + Co — Ge, 


Cn—2 = An-1 SUF Cn—3 — In—2, 


dn = An a6 Cn—2 — An-15 


n nv 
this being possible because } 4, =X a,; and we denote by #(z; a, 8; e, f)a 


r=1 r=) 
function of z, which is doubly-periodic in the periods of the given function, 
has a and 8 for simple irreducible infinities, and has e and f for simple 
irreducible zeros. Then the function 


(Zz; 1, A; Gy, C) P(Z5 Gs, C13 Ae, 7) soe (z; On, Cn—2; On—1, An) 


has neither a zero nor an infinity at ¢,, at c,..., and at Cy_,; it has simple 
infinities at aj, @,..., %,, and simple zeros at @,, dg, ..., In, Gm. Hence it 
has the same irreducible infinities and the same irreducible zeros in the same 
degree as the given function @(z); and therefore, by Prop. IV., ®(z) is 
a mere constant multiple of the foregoing product. 


The theorem is thus completely proved. 

Other developments for functions, the infinities of which are not simple, 
are possible; but they are relatively unimportant in view of a theorem, 
Prop. XV., about to be proved, which expresses any periodic function in 
terms of a single function of the second order and its derivative. 
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XI. Lf two doubly-periodic functions have the same periods, they are 
connected by an algebraic equation. 


Let u be one of the functions, having n irreducible infinities, and v be 
the other, having m irreducible infinities. pi 

By Prop. VI., Corollary I., there are n irreducible values of z for a value 
of w; and to each irreducible value of z there is a doubly-infinite series of 
values of z over the plane. The function v has the same value for all the 
points in any one series, so that a single value of v can be associated uniquely 
with each of the irreducible values of z, that is, there are n values of v for 
each value of u. Hence, (§ 99), v is a root of an algebraic equation of the nth 
degree, the coefficients of which are functions of uw. 

Similarly w is a root of an algebraic equation of the mth degree, the 
coefficients of which are functions of »v. 

Hence, combining these results, we have an algebraic equation between 
wu and v of the nth degree in v and the mth in u, where m and n are the 
respective orders of v and wu. 


CorotiaRy I. If both the functions be even functions of 2, then n and m 
are even integers ; and the algebraic relation between w and v is of degree kn in 
v and of degree 4m wn u. 

Corotiary II. Lf a function u be doubly-periodic in w and o’, and a 
function v be doubly-periodic in Q and QO’, where 


Q=mot+no’, 0 =mo+no’, 
m, n,m’, n’ being integers, then there is an algebraic relation between wu and v. 


119. It has been proved that, if a doubly-periodic function wv be of order 
m, then its derivative du/dz is doubly-periodic in the same periods and is of 
an order , which is not less than m+ 1 and not greater than 2m. Hence, by 
Prop. XIIL., there subsists between wu and w/ an algebraic equation of order m 
in uw and of order n in w; let it be arranged in powers of wu’, so that it takes 
the form 

U,u™ + Uw +. + Uy’* + Un aw + Um=9, 

where U,, U,,..., Um, are rational integral functions of wu one at least of which 
must be of degree n. 

Because the only distinct infinities of w’ are infinities of u, it is impossible 
that wu’ should become infinite for finite values of w: hence U,=0 can have no 
finite roots for u, that is, it is a constant and so it may be taken as unity. 


And because the m values of z, for which w assumes a given value, have 
their sum constant save as to integral multiples of the periods, we have 
82, + 64, +... + b%m = 9 
corresponding to a variation du; or 
dz, dz dm 
—+——+...+—4—=0 
du du du 
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Now = is one of the values of w’ corresponding to the value of u, and so for 
1 
the others; hence 
m 1 
> aes eae 0, 
pal Uy 


that is, by the foregoing equation, 


and therefore U,,_, vanishes. Hence: 


XIV. There ts a relation, between a uniform doubly-periodic function u of 
order m and its derivative, of the form 
wm Toy +... + U, ot? + Uy = 9, 


where U,, ..., Useet Ue, are rational integral functions of u, at least one of 
which must be of degree n, the order of the derivative, and n is not less than 
m +1 and not greater than 2m. 


Further, by taking v= =, which is a function of order m because it has the 
m irreducible zeros of w for its infinities, and substituting, we have 
ym — yU yy + U0 — 2. OU yo? FU, = 0. 
The coefficients of this equation must be integral functions of v; hence the 
degree of U, in w cannot be greater than 2r. 


CoroLLtary. The foregoing equation becomes very simple in the case of 
doubly-periodic functions of the second order. 


Then m = 2. 


If the function have one infinity of the second degree, its derivative has 
that infinity in the third degree, and is of the third order, so that n=3; and 
the equation is 


du? ’ r 
(=) = ui + duu? + dvu + p, 


where X, p, v, p are constants. If @ be the infinity, so that 


A 
u= (2) =G—06y +X (2), 


: ened 1 
where x (2) is everywhere finite in the parallelogram, then 4A; and the 


du 
zeros of a are 0+0,0+0',0+@+o'; so that 


d 2 
/ 34( #) = ($2) - 6 O+0)] {6 (2)-6O40)] [$()-$(0 +0 +0"). 


dz 


This is the general differential equation of Weierstrass’s elliptic functions. 
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If the function have two simple infinities « and £, its derivative has each 
of them as an infinity of the second degree, and is of the fourth order, so that 
n=4,; and the equation is 


di o 
(=) = ¢)Ut + 4c,u? + 6c,u? + 4e,u + c,, 


where Cy, ¢,, C2, C3, Cy are constants. Moreover 
il 1 
u=o(z)=G ( 


z are), +x (2), 
where y(z) is finite everywhere in the parallelogram. Then c,=G?; and 
du 


the zeros of aE are $(a+ 8B), $(a+B)+o0, (a+ B)+o,, $(4+8)+o4+a, 


so that the equation is 
(2) =) -6 G+ Ab -$H@+A)+o}) 
X[$)- 6 M48) o'][$2)-O [Na+ 8)+otoil} 


This is the general differential equation of Jacobi's elliptic functions. 


The canonical forms of both of these equations will be obtained in 
Chapter XI, where some properties of the functions are investigated as 
special illustrations of the general theorems. 


Note. All the derivatives of a doubly-periodic function are doubly- 
periodic in the same periods, and have the same infinities as the function but 
in different degrees. In the case of a function of the second order, which 
must satisfy one or other of the two foregoing equations, it is easy to see that 
a derivative of even rank is a rational integral function of uw, and that a 
derivative of odd rank is the product of a rational integral function of w by 
the first derivative of w. 

It may be remarked that the form of these equations confirms the result 
at the end of § 117, by giving two values of w’ for one value of wu, the two 
values being equal and opposite. 

Ex.1. If w be a doubly-periodic function having a single irreducible infinity of the 
third degree so as to be expressible in the form 


MG) ; ; 
—=+ + integral function of z 
ge gt < 


within the parallelogram of periods, then the differential equation of the first order which 


determines w 1s 
u+(a+36u) u?2= Uy, 


where U, is a quartic function of w and where a is a constant which does not vanish with 6. 
(Math. Trip., Part I1., 1889.) 


Ex. 2. A doubly-periodic function uw has three irreducible poles a,, ag, a,, such that in 
the immediate vicinity of each 


As 
Ue +, (%—a,) + powers of z—as, 
Z—dsg 
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for s=1, 2, 3. Prove that 
u3+ Uu'2+ V=0, 


1 32 Ag) (Ay = As) 
3 
US (S45 a x) ues Wee 


where 


and V is a sextie polynomial in w of which the highest terms are 


1 ut 
a Ss (a - 2 
Arads {" a ee rf. 


(Math. Trip., Part IT., 1895.) 
XV. LHvery doubly-periodic function can be ea: uepr essed rationally in terms 


of a function of the second order, doubly-periodic in the same periods, and tts 
derivative. 


Let wu be a function of the second order and the second class, having the 
same two periods as v,a function of the mth order; then, by Prop. XIIL., 
there is an algebraic relation between uw and v which, being of the second 
degree in v and the mth degree in wu, may be taken in the form 


Iv? —-2Mv+ P=0, 


where the quantities L, M, P are rational integral functions of wu and at least 
one of them is of degree m. Taking 


lv-—-M=un, 
we have uw? = M?— LP, 
a rational integral function of w of degree not higher than 2m. 


Thus w cannot be infinite for any finite value of w: an infinite value of u 
makes w infinite, of finite multiplicity. To each value of w there correspond 
two values of w equal to one another but opposite in sign. 


Moreover w, being equal to Lu—M, is a uniform function of z, say F(z), 
while it is a two-valued function of vu. A value of w gives two distinct 
values of z, say 2, and z,; hence the values of w, which arise from an assigned 
value of wu, are values of w arising as uniform functions of the two distinct 
values of z Hence as the two values of w are equal in magnitude and 
opposite in sign, we have 

F'(2,)+ F (4) =0 
that is, since z,+ 2,=a+ 8 where 4 and # are the irreducible infinities of 1, 


F(a)+F(a+B—4)=0 


so that (a+ 8), (a+ B) +o, $(a+ B)+o’, and 4(a+8)+@+4+o’ are either 
zeros or infinities of w. They are known not to a infinities of w, and w is 
infinite only for infinite values of w; hence the four points are zeros of w. 


But these are all the irreducible zeros of wu’; hence the zeros of w/ are 
included among the zeros of w. 
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Now consider the function w/w’. The numerator has two values equal 
and opposite for an assigned value of w; so also has the denominator. Hence 
w/w’ is a uniform function of wu. 


This uniform function of w may become infinite for 
(i) infinities of the numerator, 
(ii) zeros of the denominator. 


But, so far as concerns (11), we know that the four irreducible zeros of the 
denominator are all simple zeros of wu’ and each of them is a zero of w; hence 
w/w’ does not become infinite for any of the points in (ii). And, so far as 
concerns (i), we know that all of them are infinities of wu. Hence w/w’, a 
uniform function of w, can become infinite only for an infinite value of u, and 
its multiplicity for such a value is finite; hence it is a rational integral 
function of u, say NV, so that 
w= Nw. 

Moreover, because w? is of degree in w not higher than 2m, and w” is of 

the fourth degree in wu, it follows that WV is of degree not higher than m — 2. 


We thus have Ilv—-M=WNv, 
_M+Nu _M WN, 
2 rae ae 


where L, M, N are rational integral functions of w; the degrees of Z and M 
are not higher than m, and that of V is not higher than m — 2. 


Note 1. The function u, which has been considered in the preceding 
proof, is of the second order and the second class. If a function w of the 
second order and the first class, having a double irreducible infinity, be 
chosen, the course of proof is similar; the function w has the three irreducible 
zeros of u’ among its zeros and the result, as before, is 


w= Nw’. 


But, now, w? is of degree in w not higher than 2m and wu? is of the third 
degree in u; hence J is of degree not higher than m-— 2, and the degree of 
w? in w cannot be higher than 2m — 1. 


Hence, if L, M, P be all of degree m, the terms of degree 2m in LP — M? 
disappear. If all of them be not of degree m, the degree of M must not be 
higher than m—1; the degree of either LZ or P must be m, but the degree 
of the other must not be greater than m—1, for otherwise the algebraic 
equation between wu and v would not be of degree m in u. 


We thus have 
[Iv-2Mv+P=0, Iv—-M=WNu, 
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where the degree of V in w is not higher than m—2. If the degree of L be 
less than m, the degree of M is not higher than m—1 and the degree of P is 
m. If the degree of Z be m, the degree of M may also be m provided that the 
degree of P be m and that the highest terms be such that the coefficient 
of uw?” in LP — M? vanishes. 


Note 2. The theorem expresses a function v rationally in terms of wu and 
w': but wu’ is an irrational function of wu, so that v is not expressed rationally 
in terms of wu alone. 


But, in Propositions XI. and XIL., it was indicated that a function such 
as v could be rationally expressed in terms of a doubly-periodie function, such 
as u. The apparent contradiction is explained by the fact that, in the earlier 
propositions, the arguments of the function w in the rational expression and 
of the function v are not the same; whereas, in the later proposition whereby 
v is expressed in general irrationally in terms of w, the arguments are the 
same. The transition from the first (which is the less useful form) to the 
second is made by expressing the functions of those different arguments in 
terms of functions of the same argument when (as will appear subsequently, 
in § 121, in proving the so-called addition-theorem) the irrational function of 
u, represented by the derivative w’, 1s introduced. 


Note 3. The theorem of this section, usually called Liouville’s theorem, 
is valid only when there are no essential singularities in the finite part of the 
plane. The limitation arises in that part of the proof, where the irreducible 
zeros and the irreducible poles are considered : it is there assumed that their 
number is finite, which cannot be the case when essential singularities exist 
in the finite part of the plane and when therefore there are irreducible 
essential singularities. Hence Liouville’s theorem is true only for those 
uniform doubly-periodic functions which have their essential singularities at 
infinity. 

In illustration of this remark, it may be noted that e””, though a uniform 
doubly-periodic function of wu, is not expressible rationally in terms of sn w 
and sn’ w. 


Ex. If f(w) be a doubly-periodic function of the third order with poles at ¢,, cy, Cs ; 
and if p(w) be a doubly-periodic function of the second order, with the same periods, and 
with poles at a, 8, its value in the neighbourhood of w=a being 


‘ r 
 (u) =~ ay (w—a)+Agq (wu —a)?+... 3 


pre ve 


MIT eas (B= Ms ae a > o (o)+ iS (a) —F(8)} BA, +3 (a) 6 (a= 


Nie 


CoroLLaARY I. Let © denote the sum of the irreducible infinities or of 
the irreducible zeros of the function u of the second order, so that 0 = 2y for 
functions of the first class, and Q=a-+ @ for functions of the second class. 
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Let w be represented by $(z) and v by W(z), when the argument must be put 
in evidence. Then 
$ (2 —z)= $ (2); 


— $6 (0 —2)= ¢ (2), 


why hi TGs; oe ce ee M ath 


Hence vb (Z) +. (O— 2) = 2 — = 2R, 


= SIS 


$2) -¥(O=2)=2F 6 (2) = 284) 


First, if  (z) = (QO —2z), then S=0 and y(z)=R: that is, a function  (z), 
which satisfies the equation 


vv (Z)=~(Q—2), 


can be expressed as a rational meromorphic function of (2) of the second 
order, doubly-periodic in the same periods and having the sum of its irreducible 
ifinties congruent with ©. 


Second, if  (z)=— w(Q—z), then R=0 and  (z) = S¢'(z); that is, a 


function  (z), which satisfies the equation 


¥ v(@)=—p(Q— 2), 
can be expressed as a rational meromorphic function of (z), multiplied by 
f(z), where ¢ (z) is doubly-periodic in the same periods, is of the second order, 
and has the sum of its irreducible infinities congruent with Q. 


Third, if y(z) have no infinities except those of u, it cannot become 
infinite for finite values of w; hence =0 has no roots, that is, Z is a constant 
which may be taken to be unity. Then W(z) a function of order m can be 
expressed in the form 

M+ N¢' (2), 
where, if the function ¢(z) be of the second class, the degree of M is not 
higher than m; but, if it be of the first class, the degree of M is not higher 
than m—1; and in each case the degree of NV is not higher than m — 2. 


It will be found in practice, with functions of the first class, that these 
upper limits for degrees can be considerably reduced by counting the degrees 
of the infinities in 

M+N¢'(z). 
Thus, if the degree of M in uw be w and of WN be AX, the highest degree of an 
infinity is either 2u or 2X +3; so that, if the order of w(z) be m, we should 
have 
m=2e or m=2rX4+3, 


according as m is even or odd. 
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When functions of the second class are used to represent a function y (2), 
which has two infinities a and 8 each of degree n, then it is easy to see that 
M is of degree n and WV of degree n —2; and so for other cases. 


Corotiary II. Any doubly-periodic function can be expressed rationally 
in terms of any other function u of any order n, doubly-periodic in the same 
pertods, and of its derivative; and this rational expression can always be taken 
in the form 


GO 4 Ue + Up ee Ee, 
where Uy, ..., Un» are rational meromorphic functions of u. 


Coronuary III. Lf $ be a doubly-periodic function, then > (u +) can be 
expressed in the form 


A + By’ (uw) + Cy’ (v) + Dy’ (u) v'(v) 
E ; 


where is a doubly-periodic function in the same periods and of the second 
order : each of the functions A, D, E is a symmetric function of (uw) and (v), 
and B is the same function of W(v) and W(u) as C is of wu) and (ev). 


The degrees of A and # are not greater than m in W(w) and than m 
in ¥(v), where m is the order of @; the degree of D is not greater than 
m—2 in >W(u) and than m—2 in W(v); the degree of B is not greater 
than m—2 in (uw) and than m in w(v), and the degree of C is not 
greater than m—2 in W(v) and than m in  (w). 


CHAPTER XI. 


DovusLy-PER1ODIC FUNCTIONS OF THE SECOND ORDER. 


THE present chapter will be devoted, in illustration of the preceding 
theorems, to the establishment of some of the fundamental formule relating 
to doubly-periodic functions of the second order which, as has already (in 
§ 119, Cor. to Prop. XIV.) been indicated, are substantially elliptic functions : 
but for any development of their properties, recourse must be had to treatises 
on elliptic functions. 

It may be remarked that, in dealing with doubly-periodic functions, we 
may restrict ourselves to a discussion of even functions and of odd functions. 
For, if $(z) be any function, then ${¢(z)+ ¢(—Z)} is an even function, and 
3 {p(z)—¢(—2)} is an odd function, both of them being doubly-periodic in 
the periods of @(z); and the new functions would, in general, be of order 
double that of ¢(z). We shall practically limit the discussion to even 
functions and odd functions of the second order. 


infinities, and a and b as its irreducible zeros*. 
Then we have $(z)=¢(a+ 8-2), 

which always holds; and $(—z)=— ¢(2), 

which holds because ¢ (z) is an odd function. Hence 


(a+ 6+z2)=¢(- 2) 
Sar f (2), 
so that a + 8 is not a period; and 
p(atB+at+B+z)=—$(4+f +2) 
= $ (2), 


* To fix the ideas, it will be convenient to compare it with sn z, for which 2w=4K, 2w’=2iK’, 
a=tk’, B=ik’+2K, a=0, and b=2K. 
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whence 2(a+) isa period. Since a+ is not a period, we take a+ B=a, 
or =o’, or 2w+0’; the first two alternatives merely interchange » and o’, 
so that we have either 

Cpa, 
or a+ B=ot+o. 
And we know that, in general, 

at+b=a+P. 

First, for the zeros: we have 
$ (0) =—$¢(— 9) =— $ (0), 


so that $(0) is either zero or infinite. The choice is at our disposal; for 


a satisfies all the equations which have been satisfied by ¢(z) and an 
infinity of either is a zero of the other. We therefore take 
p (0) =0, 
so that we have a=0, 
| b=o or o+o. 


Next, for the infinities: we have 
$ (2) =— > (—2) 
and therefore g(—a)=—g¢(a)=oa. 
The only infinities of ¢ are a and £8, so that either 
—a=4, 
or —a=f. 
The latter cannot hold, because it would give a+ 8=0 whereas a+ B=o@ 


or =@+a’; hence 
? 
2a=0, 


which must be associated with a+ 8=o or witha+B=o+t+o’. 

Hence a, being a point inside the fundamental parallelogram, is either 0, 
@,@,0r@at+a. 

It cannot be 0 in any case, for that is a zero, 

If a+8=«, then a cannot be @, because that value would give B=0, 
which is a zero, not an infinity. Hence either a=o’, and then B=o'+o; 
or 4='+@, and then 8=o', These are effectively one solution; so that, if 
a+ B=ao, we have 

a,B=o,o0+o0 x 
and a,b=0,@ L, 

If a+B=o+a’, then a cannot be +a’, because that value would give 
£=0, which is a zero, not an infinity. Hence either a=@ and then B=a’, 
or a@=q@' and then B=. These again are effectively one solution; so that, 
ifa+B=w+a’, we have 


a,B=ao, wo 
: vo 


and a,b=0, a+ a’ 
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This combination can, by a change of fundamental parallelogram, be made 
the same as the former; for, taking as new periods 


20 = 20’, 20, = 2m + 20, 
which give a new fundamental parallelogram, we have a+ 8 =, and 
a, B=o', O-a@’, that is, ow’, O—o’ 4+ 20’, 
so that a, B=’, A+ "| 
and 0: = 07 0 : 
being the same as the former with © instead of w. Hence it is sufficient to 
retain the first solution alone: and therefore 
Y a=, B=o' +a, 
v0) b=o. 
Hence, by § 116, I., we have 
$(2)= z(z—-@) 


: (z2—o')(z-o- 


a BG), 


where F(z) is finite everywhere within the parallelogram. 


Again, ¢(z2+o’) has z=0 and z=@ as its irreducible infinities, and 
it has z=’ and z=w+o’ as its irreducible zeros, within the parallelogram 
of d(z); hence 
(z-o')(¢-@ 

2(Z-@) 


~ Os P, (2), 


P(Z+0)= 
where F(z) is finite everywhere within the parallelogram. Thus 
b(z)$ (e+) = F(z) F,(2), 
a function which is finite everywhere within the parallelogram ; since it is 
doubly-periodic, it is finite everywhere in the plane and it is therefore a 
constant and equal to the value at any point. Taking — $@’ as the point 


(which is neither a zero nor an infinity) and remembering that @ is an odd 
function, we have 


(2) b(e+ 0’) =— [bo =F, 


k being a constant used to represent the value of — {¢ ($@’)}. 
Also $(2+o0)=h(2+a+ 8 — 20’) 
= $(e+a+8)=—$(2), 
and therefore also p(w —2z)= (Zz). 
The irreducible zeros of ¢’(z) were obtained in § 117, X. In the 
present example, those points are o’ +40, + }o, $@, 3@; so that, as 


there, we have 
K {¢'(2)? = {6 (2) — $(4@)} {$(z) — 6Go)} (6) - $(o'+ $0)} [$(2)-b(@' + 20)}, 
where K is a constant. But 


$ (Jo) = $ (20 — $a) = $(— 20) =— (30); 
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and p (8o + 0’) = $ (20 + 20’ — h@ — o’) 
= $(-}0-@’) 
=—$(jo+0’'); 


athey Wor Atta) | eget@) 


where A is a new constant, evidently equal to {¢’(0)}, Now, as we know 
the periods, the irreducible zeros and the irreducible infinities of the function 
¢ (2), it is completely determinate save as to a constant factor. To determine 
this factor we need only know the value of $(z) for any particular finite 
value of z. Let the factor be determined by the condition 


v $(Jo)=1; 
then, since $ (4a) $ (4@ + o’) =; 
by a preceding equation, we have 
b (hot w= 
and then 
1b (P= {POP 1 io PIL —# ig} 
=p [1 — {bP 1 (6 (2) 
Hence, since ¢(z) is an odd function, we have 
$(2) =sn (2), 


Evidently 240, 2uo’ = 4K, 21K’, where K and Kk’ have the ordinary signifi- 
cations. The simplest case arises when p= 1. 


121. Before proceeding to the deduction of the properties of even 
functions of z which are doubly-periodic, it, is desirable to obtain the 
addition-theorem for ¢, that is, the expression of ¢(y+z) in terms of 
functions of y alone and z alone. 

When $(y +2) is regarded as a function of z, which is necessarily of the 
second order, it is (§ 119, XV.) of the form 


M+ N¢'(z) 
ip > 


where M and JF are of degree in $(z) not higher than 2 and NV is independent 
of z Moreover y+z=a and y+z=8 are the irreducible simple infinities 
of (y+ 2); so that L, as a function of z, may be expressed in the form 


iP (z)— f(a—y)} {[6(z)—O(B—y)}, 
and therefore 


Tie \e + Od (z) + BR fp (2)\? + SH’ (2) 
ea ee- p(a—y)} {p(2)-—o(B—-y)}’ 
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where P, Q, &, S are independent of z but they may be functions of y. Now 


$a-=$(0 -) = EB Gy 


and $(8-1) = (0! + 0-9) = = gy 


so that the denominator of the expression for ¢(y +2) is 


Ps Pe ts 


Since ¢ (z) is an odd function, $’(z) is even; hence 


poe = P—Q$(2) ee. BG) 


ip OQe= Ke 5b (yye 3 (y)P 


20 (2) 
2 1 
{b (z)}?— ke (b(y)}? 


Differentiating with regard to z and then making z = 0, we have 


24’ (y=) 


Eb YP 


so that, substituting for Q we have 
RA ae 26 (2) 6 (Y) 
PYF) $Y I= FO IB bP SOP 
Interchanging y and z and noting that ¢(y—z) =— ¢(z—y), we have 
ee ee Or 20 
Aaa LOFT ACO AIO 
(2) (Y+ by) $ 
T= GO!’ 


which is the addition-theorem required. 


and therefore b(y+2z)—h(y—z)= 


and therefore / d(y+2)¢' (0) = $ 


Ex, Vf f(w) be a doubly-periodic function of the second order with infinities 0,, 6), 
and $(u) a doubly-periodic function of the second order with infinities a,, a, such that, 
in the vicinity of a; (for 7=1, 2), we have 


1)'r 
p (==) a + DPi t+ Gy (U— Gj) +... +h; (U — ay)” +0000. ; 
f'(%) +f (%)__1, 
F (a) —f (ay) met (h (O) + (b2) —Pi- Prot 
the periods being the same for both functions. Verify the theorem when the functions are 
snw and sn(w+v). 
Prove also that £,=(—1)" hy. (Math. Trip., Part II., 1891.) 


then 


122. The preceding discussion of uneven doubly-periodic functions 
having two simple irreducible infinities is a sufficient illustration of the 
18—2 
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method of procedure. That, which now follows, relates to doubly-periodic 
functions with one irreducible infinity of the second degree ; and it will be 
used to deduce some of the leading properties of Weierstrass’s o-function 
(of § 57) and of functions which arise from it. 


The definition of the o-function is 


oOo wm Z are 
e(@)=sl i {(1—5)e 


QI 


. 


where 2 =2mw+2m’o’, the ratio of @’: » not being purely real, and the 
infinite product is extended over all terms that are given by assigning to 
m and to m’ all positive and negative integral values from +o to —%, 
excepting only simultaneous zero values. It has been proved (and it is 
easy to verify quite independently) that, when o(z) is regarded as the 
product of the primary factors 


the doubly-infinite product converges uniformly and unconditionally for all 
values of z in the finite part of the plane; therefore the function which it 
represents can, in the vicinity of any point c in the plane, be expanded in a 
converging series of positive powers of z—c, but the series will only express 
the function in the domain of c. The series, however, can be continued over 
the whole plane. 


It is at once evident that o (z) is not a doubly-periodic function, for it has 
no infinity in any finite part of the plane. 


It is also evident that o(z) is an odd function. For a change of sign in z 
in a primary factor only interchanges that factor with the one which has 
equal and opposite values of m and of m’, so that the product of the two factors 
is unaltered. Hence the product of all the primary factors, being independent 
of the nature of the infinite limits, is an even function; when zg is associated 
as a factor, the function becomes uneven and it is o (2). 


The first derivative, o’ (z), is therefore an even function; and it is not 
infinite for any point in the finite part of the plane. 

It will appear that, though o(z) is not periodic, it is connected with 
functions that have 2 and 2o’ for periods; and therefore the plane will be 
divided up into parallelograms. When the whole plane is divided up, as in 
§ 105, into parallelograms, the adjacent sides of which are vectorial repre- 
sentations of 2@ and 2’, the function o(z) has one, and only one, zero in 
each parallelogram; each such zero is simple, and their aggregate is given 
by z=Q. The parallelogram of reference can be chosen so that a zero of 
a(z) does not lie upon its boundary; and, except where explicit account is 
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taken of the alternative, we shall assume that the argument of w’ is greater 
than the argument of @, so that the real part* of w’/iw is positive. 


123. We now proceed to obtain other expressions for o(z), and particu- 
larly, in the knowledge that it can be represented by a converging series in 
the vicinity of any point, to obtain a useful expression in the form of a series, 
converging in the vicinity of the origin. 

Since o (z) is represented by an infinite product that converges uniformly 
and unconditionally for all finite values of z, its logarithm is equal to the sum 
of the logarithms of its factors, so that 

he) Sad 2 z 
log o (z) = log z + Be loth get es (1 — ale 
where the series on the right-hand side extends to the same combinations of 
m and m’ as the infinite product for z, and, when it is regarded as a sum of 


: Zig ee: Zz é Be : 
functions = +4 an log {1 ——), the series converges uniformly and uncon- 


Q 0 
ditionally, except for points z=. This expression is valid for log o (z) over 
the whole plane. 
Now let these additive functions be expanded, as in § 82. In the imme- 
diate vicinity of the origin, we have 
z a z 
ae = 
ae ae jee 
Sa gy 4 Of 720m 
a series which converges uniformly and unconditionally in that vicinity. 
Then the double series in the expression for log o (z) becomes 


and as this new series converges uniformly and unconditionally for points in 
the vicinity of z=0, we can, as in § 82, take it in the form 


D ZZ” SA io3) 
Eid | 3 Sat, 
which will also, for such values of z, converge uniformly and unconditionally, 


In § 56, it was proved that each of the coeffieients 
0, 
for r= 3, 4,..., is finite, and has a value independent of the nature of the 
infinite limits in the summation. When we make the positive infinite limit 
for m numerically equal to the negative infinite limit for m, and likewise for 
@ 


* This quantity is often denoted by X (=) : 


t 
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m', then each of these coefficients determined by an odd index r vanishes, 
and therefore it vanishes in general. We then have 


/ log o (2) = log 2 — 424 2LO™ — fa TEN — $2 TENG —..., 

a series which converges uniformly and unconditionally in the vicinity of the 
origin. 

The coefficients, which occur, involve w and w’, two independent constants. 
It is convenient to introduce two other magnitudes, g, and g;, defined by the 
equations 

g2= 60220, g,=140220-, 

so that g, and g, are evidently independent of one another; then all the 
remaining coefficients are functions* of g, and g;. We thus have 


- eet 2eSS0-* — 


1 1 
ee SAIC = SSE A on eats 


5 Ia 932° 
and therefore o (2) = ze ar 2 oma : 


, 
where the series in the index, containing only even powers. of z, converges 
uniformly and unconditionally in the vicinity of the origin. 

It is sufficiently evident that this expression for o(z) is an effective 
representation only in the vicinity of the origin; for points in the vicinity of 
any other zero of o (z), say c, a similar expression in powers of z—c instead 
of in powers of z would be obtained. 


124. From the first form of the expression for log o (z), we have 
7G) le S (= Zz 1 
Gia) dake te Oe iri 
where the quantity in the bracket on the right-hand side is to be regarded 
as an element of summation, being derived from the primary factor in the 
product-expression for o (z). 
We write a= ue) 
so that €(z) is, by § 122, an odd function, a result also easily derived from the 
foregoing equation ; and so 
rye 1 
=-+ >> =~). 
Sa; (atmt sca) 
This expression for {(z) is valid over the whole plane. 
Kvidently €(z) has simple infinities given by 
oy, 
for all values of m and of m’ between + 2% and—o, including simultaneous 
zeros. ‘There is only one infinity in each parallelogram, and it is simple; for 
the function is the logarithmic derivative of «(z), which has no infinity and 


See Quart. Journ., vol. xxii, pp. 4, 5. The magnitudes g, and gz are often called the 
invariants, 
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only one zero (a simple zero) in the parallelogram. Hence ¢ (z) is not a 
doubly-periodic function. 


For ron which are in the immediate vicinity of the origin, we have 


1 eee 1 
= Lapis — — gM S¥QO-27 — 
G(2) = a 7 [oe 240 2 340 982 ne ao m a 
1 


1 1 
ae ee ee Cede 8, 5 — p-N13S YS O-—27 _ 
pmich One 140 982 — + 2 >>G) 


but, as in the case of o(z), this is an effective representation of £(z) only 
in the vicinity of the origin; and a different expression would be used for 
points in the vicinity of any other infinity. 


We again introduce a new function @ (z) defined by the equation 


qos 


Because € is an odd function, @ A is an even function; and 


Ss cae (ae uh Lee 1 i 
p()= 5 a lo ena Dees eh \enoy- at: 
where “he quantity in the bracket is to be regarded as an element of 
summation. This expression for @(z) is valid over the whole plane. 
Evidently @(z) has infinities, each of the second degree, given by z=Q, 
for all values of m and of m’ between +o and — », including simultaneous 
zeros ; and there is one, and only one, of these infinities in each parallelogram. 


One of these infinities is the origin; using the expression which represents 
log «(z) in the immediate vicinity of the origin, we have 


= Lt df 6 


1 , at zs 
at 90 2® + ag $e + 2 1) 2S Oe 


for points z in the immediate vicinity of the origin. A corresponding 
expression exists for @(z) in the vicinity of any other infinity. 

125. The importance of the function @(z) is due to the following 
theorem :— 


The function ¢ (2) is doubly-periodic, the periods being 2o and 20’. 


1 no n 1 1 


where the doubly-infinite summation excludes simultaneous zero values, and 
the expression is valid over the whole plane. Hence 


wo 0 ( 1 1 i 
yy SS 4 - ———}, 
Sy co (2+ 20—- QP 0?) 


Q (2+ 20) = (7+ oy qe 
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so that 


1 i iL 
ar Nis ACS ak ray aa -5+ >» > \Gr oe ay Gao: 
obtained by combining together the elements of the summation in @ (z + 2) 
and @(z). The two terms, not included in the summation, can be included, 
if we remove the numerical restriction as to non-admittance of simultaneous 
zero values for m and m’; and then 


a 
Pie 2a) = 3 ae ieee Gay 
where now the summation is for all values of m and of m’ from + to —2%. 
Let g denote the infinite limit of m, and p that of m’. Then terms in the 
oe fraction, for OQ = PO: are the same as terms in the second for 
=2(m—1)o + 2m’o’; cancelling these, we have 


m=p i if 
yy = = ae eee 
SED A ACA aio E +2qtlo—Imw} @—2qe— sway | 


where g is infinite. But 
N=” 
S 1 ee 
2 Sao) © 
naa (C= We)  sSl Cc 


and therefore 


m =p=2 il qT if) 
m' = —-p=-2 {g+ 2(q¢+1) w - 2ma’} "2 ieee ae |? +2 g < 22 ef 
@ 


if p be infinitely great compared with g. This condition may be assumed for 
the present purpose, because the value of @(z) is independent of the nature 
of the infinite limits in the summation and is therefore unaffected by such a 
limitation. 


7 1 ee ee 4) tab ty 
Now sin [ie+20 +19} 5 i) |e ue aa 
@ 


, .  @t Wak er 
The fraction 7 has a real part. In the exponent it is multiplied by g +1, 
that is, by an infinite quantity; so that the real part of the index of 


the exponential is infinite, either positive or negative. Thus either the 
first term is infinite and the second zero, or vice versa; in either case, 


sin E + 2(¢+ 1) o} | is infinite, and therefore 
‘ae an 1 
mi=-pa-w (2+ 2(¢g +1) o— Im'a} 
Similarly for the other sum. Hence 
(2+ 2w) —¢@(z)=0. 
In the same way it may be shewn that 
9 (z+ 2w’)—@(z) =0; 
therefore @(z) is doubly-periodic in 2m and 2a’. 
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Now in any parallelogram whose adjacent sides are 2@ and 2’, there is 
only one infinity and it is of multiplicity two; hence, by § 116, Prop. IIL, 
Cor. 3, 2@ and 20’ determine a primitive parallelogram for (2). 

We shall assume the parallelogram of reference chosen so as to include 
the origin. 


Since its irreducible infinity is of the second degree, the only irreducible 
infinity of @’(z) is of the third degree, being the origin; and the function 
@’ (z) 1s odd, 

The zeros of @’(z) are thus o, w’, and » +’; or, if we introduce a new 


quantity ” defined by the equation 


Be vy w’, 

the zeros of 9’ (z) are @, o’, w”. 
We take 
Q(w)=4, Q (w") = é, Q (w') = es, 9 (2) =@; 
and then, by § 119, Prop. XIV., Cor., we have 
eg? = A (@ —&) (9 — &) (9 — es), 

where A is some constant. To determine the equation more exactly, we 
substitute the expression of @ in the vicinity of the origin. Then 


= ee ees 4 
@ ta 2 20) Jo a8 Y34 eee 


es? ea a 
so that O = At ip Met 7 et. 


When substitution is made, it is necessary to retain in the expansion all 
terms up to 2° inclusive. We then have, for @”, the expression 


4 29, 4 
Sa ee 


and for A (@ — é,) (@ — @) (@ — es), the expression 


1 Dy es 
a laa Bagger 


1 {I 1 
— (@, + & +s) (5 + pat) + (G16 + C263 + 51) ( se =) = eet 


2 
When we equate coefficients in these two expressions, we find 
A =4, 
é,+@+¢,=0, C102 + C3 + C30, = — $90, C1603 = 4.933 
therefore the differential equation satisfied by @ is 
V 9°=4(e- 4) (9-4) (e—@) 
= 49° — 9.0 — 9s. 


eternal 
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Evidently 0” = 60 —t92, 
ge” = 12¢e¢’ ; 
and so on; it is easy to Ae: that the 2nth derivative of @ is a rational 
integral function of g of degree n+1, and that the (2n+1)th derivative 
of @ is the product of g’ by a rational integral function of @ of degree n. 
The differential equation can be otherwise obtained, by dependence on 
Cor. 2, Prop. V. of § 116. We have, by differentiation of 9’, 
eed! 3 bo 
Qe” = a oP a 10 Jat 7 932 + 


for points in the vicinity of the origin; and also 


ais is eae A 
Mme Ns een a 


Hence @” and g? have the same irreducible infinities in the same degree and 
their fractional parts are essentially the same: they are homoperiodic and 
therefore they are equivalent to one another. It is easy to see that 9” — 6¢° 
is equal to a function which, being finite in the vicinity of the origin, is finite 
in the parallelogram of reference and therefore, as it is doubly-periodic, is 
finite over the whole plane. It therefore has a constant value, which can be 
obtained by taking the value at any point; the value of the function for 
z=0 is —4g, and therefore 

p” — 66° = — 39, 
so that J ~ =6¢'—49,, 


the integration of which, with determination of the constant of integration, 
leads to the former equation. 

This form, involving the second derivative, is a convenient one by which 
to determine a few more terms of the expansion in the vicinity of the origin: 
and it is easy to shew that 


1 


ene ars 1 : 
O= Bt 20% + og h* + T9002 + G1G0 BH + + 


from which some theorems relating to the sums 2{0Q-?” can be deduced *. 
Ex. If ¢, be the coefficient of 2~2 in the expansion of @(z) in the vicinity of the 


origin, then 
3 r=n—2 


n= oa 1) (a—3) 2, Onna (Weierstrass. ) 
We have ¢? = 40° — 9.0 — Js; 
the function @’ is odd, and in the vicinity of the origin we have 
2 
Os iiss er 


* See a paper by the author, Quart. Journ., vol. xxii, (1887), pp. 1—43, where other references 
are given and other applications of the general theorems are made. 
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henee, representing by —(49*—g,@ —g,)' that branch of the function which is 
negative for large real values, we have 


de 


zoe (49° — 9.@ — on) 
and therefore Z= I dp - 
P (49° — 9.0 — 9s)" 


The upper limit is determined by the fact that when z=0, @=~; so that 


pe | 
| P (4¢" — 929 — gs)" 


a ie | 
“@ {4 (9 — 4) (9 — &) (@— @)}* 
This is, as it should be, an integral with a doubly-infinite series of values. 


We have, by Ex. 7 of § 104, 


Gee 
@) SS = ; ae) 
a. (40° — 9.0 — gs)" 


aa ie | od dg 
Oy =) = ae : 1> 
ex (49° — 920 — gs)” 
@O; = a =| Hg me) 
es (49° — 929 — 9s)" 
with the relation o’ =w+o. 


127. We have seen that @(z) is doubly-periodic, so that 
9 (2 + 20) = @ (2), 
dg (2+ 2) _ do (2), 


and therefore GA Lk Roe a 
hence integrating €(¢+ 20) =C(2) + A. 
Now ¢ is an odd function; hence, taking z=— which is not an infinity of ¢, 
we have 
A=2(@) = 2y 


say, where 7 denotes €(w); and therefore 
(z+ 2) — § (2) = 2m, 

which is a constant. 

Sumilarly €(2 +20’) — (2) = 21’, 
where 7’ = €(’) and is constant. 

Hence combining the results, we have 

VY €(2+2me + 2m’o’) — (2) = 2m + 2m'7’, 

where m and m’ are any integers. 

It is evident that » and 7’ cannot be absorbed into €; so that ¢ is not a 
periodic function, a result confirmatory of the statement in § 124. 
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There is, however, a pseudo-periodicity of the function ¢: its characteristic 
is the reproduction of the function with an added constant for an added 
period. This form is only one of several simple forms of pseudo-periodicity 
which will be considered in the next chapter. 


128. But, though £(z) is not periodic, functions which are periodic can 
be constructed by its means. 


Thus,if $(z)=AC(e—-a) + BE(2—-b) + Ob (2-0) +..., 


then h (2 +2w)— f(z) = XA {[E(z—a+ 2w) — F(z —a)} 
=2n(A+B+4+C+...), 
and (z+ 20’) —  (Z) = 27 (A+ B4+C4...), 


so that, subject to the condition 
~ ALDBEC te e. =O, 
¢ (z) is a doubly-periodic function. 

Again, we know that, within the fundamental parallelogram, € has a 
single irreducible infinity and that the infinity is simple; hence the irre- 
ducible infinities of the function ¢(z) are z=a, b, c, ..., and each is a simple 
infinity. The condition 4+ 5+4+C+...=0 is merely the condition of 
Prop. LIL, § 116, that the ‘integral residue’ of the function is zero. 

Conversely, a doubly-periodic function with m assigned infinities can be 
expressed in terms of € and its derivatives. Let a, be an irreducible infinity 
of ® of degree n, and suppose that the fractional part of ® for expansion in 
the immediate vicinity of a, is 

ann + fi, ate te ia, 
Z—a (¢—a,) (2—a,)” 
Then 
f , C a 
D(z) — | Agee — a) — Bf" (2—a,) + = (¢—a,)—... 


4s (ieee | 


is not infinite for z=a,. 


Proceeding similarly for each of the irreducible infinities, we have a 
function 


D(z) — x Ee — dy) — B,€' (2 — dy) + a €"(z-a,)— a] : 


which is not infinite for any of the points z= a, a@,.... But because ® (z) 
is doubly-periodic, we have 
A,+A,4+...+An=0, 


and therefore the function 
™ 
> A,€(z — ay) 
1 


r= 


128.] FUNCTIONS 285 


is doubly-periodic. Moreover, all the derivatives of any order of each of the 
functions € are doubly-periodic; hence the foregoing function is doubly- 
periodic. 

The function has been shewn to be not infinite at the points a, dy, ..., 
and therefore it has no infinities in the fundamental parallelogram; con- 
sequently, being doubly-periodic, it has no infinities in the plane and it is 
a constant, say C. Hence we have 
1 ™ PE (z = Gy) 

See ar Coane 


®(z)=C+ S id i eS > B, eels 
Soan a r=1 ZB 


with the condition = A,=0, which is satisfied because @(z) is doubly- 


r=1 
periodic. 

This is the required expression* for ®(z) in terms of the function ¢ and 
its derivatives; it is evidently of especial importance when the indefinite 
integral of a doubly-periodic function is required. 

129. Constants » and 7’, connected with w and w’, have been introduced 
by the pseudo-periodicity of €(z); the relation, contained in the following 
proposition, is necessary and useful :— 

The constants y, 7’, w, are connected by the relation 


no — w= + dri, 


the + or — sign being taken according as the real part of '/wi is positive or 
negative. 


A fundamental parallelogram having an angular point at z is either of 


the form (i) in fig. 84, in which case ® ay is 
we 


/ 
positive ; or of the form (11), in which case (S) 
wt 


is negative. Evidently a description of the paral- 
lelogram ABCD in (2) will give for an integral the 
same result (but with an opposite sign) as a de- 
scription of the parallelogram in (11) for the same 
integral in the direction ABCD in that figure. 

We choose the fundamental parallelogram, so 
that it may contain the origin in the included 
area. The origin is the only infinity of € which 
can be within the area: along the boundary ¢ is 
always finite. 


Now since 
O(2+ 2) — ¢ (2) = 2m, 
£(2 + 2w’) — (2) = 2m, 
* See Hermite, Ann. de Toulouse, t. ii, (1888), C, pp. 1—12. 
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the integral of €(z) round ABCD in (i), fig. 34, is (§ 116, Prop. IL, Cor.) 


D B 
| 2Qndz — | 2n'dz, 
A 4 


the integrals being along the lines AD and AB respectively, that is, the 
integral is 

4 (no — 9). 
But as the origin is the only infinity within the parallelogram, the path of 
integration ABCDA can be deformed so as to be merely a small curve round 
the origin. In the ne of the ea we have 


il 
= 3 ies 
Ne ~ Go? - 140%” 
and therefore, as the teed of all terms except the first vanish when taken 


round this curve, we have 
[e@ae=|P 


= Darts 
Hence 4 (nw — y/o) = 277, 
and therefore no —wo =}. 


This is the result as derived from (i), fig. 34, that is, when (=) is positive. 
@ 


When (11), fig. 34, is taken account of, the result is the same except 
that, when the circuit passes from 2 to 2 +2, then to 2 + 20+ 20’, 
then to z+ 2a’ and then to z, it passes in the negative direction round the 
parallelogram. The value of the integral along the path ABODA is the 
same as before, viz., 4(y@’—7’w); when the path is deformed into a small 


we : . fd. : 
curve round the origin, the value of the integral is [e taken negatively, and 


therefore it is — 277: hence 
no’ == nw =—- 735 TT. 
Combining the results, we have 
no’ —9'w = + rr 
i 
2 o (@ 
according as ‘it {—) is positive or negative. 
wl 


CoroLLARy. If there be a change to any other fundamental parallelo- 
gram, determined by 20 and 20’, where 
Q = po +t qo’, Y=p'ot+ eo, 
P»% Pp, being integers such that pq’ —p’q= +1, and if H, H’ denote £(Q), 
€(Q”’), then 
H = pn + qr, H'=p'n+ 7 ; 
therefore HQ’ — H’'Q = + 4qi, 


Oy 
according as the real part of ~~ is positive or negative. 


10, 
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130. It has been seen that (2) is pseudo-periodic; there is also a 
pseudo-periodicity for o(z), but of a different kind. We have 


£ (2 + Qu) = £(e) + 2m 
a (2+2w)  o'(z) 


that is, Ao te: + 2n, 
and therefore a (z+ 2w) = Ae” a (2), 
where A is a constant. To determine A, we make z= — a, which is not a 
zero or an infinity of o (z); then, since o (z) is an odd function, we have 
=—eAge ie |S 
so that o (2+ 2w) =— e@) ¢ (2). 
Hence o (z+ 4m) = — e @4) g (24+ 20) 
= enti (2); 
and similarly o (2+ 2ma) = (— Ly” em (metmo) & (z), 


Proceeding in the same way from 
£(2 +20") =£ (2) + Bn, 
we find Cc (z Bs 2m'w’) —_ (— Dye e2n (m'z+m0') (z). 
Then o (2+ 2m + 2m’w’) = (— 1) E21 met miotomm'e’) g (zg + 2m'o’ 


Sie eq7 ees EE ete AL ROAD YEU 
a= (— I ae mM er (mq+m'7’) +2nM2o+4nmMNV' w'+2'M0'2a fon (z) 


— (- Ge e (my+imn'n’) (2+ mw+m'w') +2mmM' (qw’—7'w) o (z). 
But no —nwo=+4701, 
so that ez’ (nw’—7'o) — ermm'ni = (— Yas 
and therefore 


“a (2 4 Imo Hs 2in'w’) = (— US poe ae e2 (miy+in'') (2+mw-+ nw’) o (z), 


which is the law of change of o (z) for increase of z by integral multiples of 
the periods. 

Evidently o(z) is not a periodic function, a result confirmatory of the 
statement in § 122. But there is a pseudo-periodicity the characteristic of 
which is the reproduction, for an added period, of the function with an 
exponential factor the index being linear in the vanable. This is another 
of the forms of pseudo-periodicity which will be considered in the next 
chapter. 


131. But though o(z) is not periodic, we can by its means construct 
functions which are periodic in the pseudo-periods of o (2). 


By the result in the last section, we have 


a(z—a+2moa+2m'o') o(z—a) 


Sed ae Se cee e2(my+m'7’) (B—a) - 
o(z—B+ 2mm + 2m'o a (z—f) 


) 
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and therefore, if ¢ (z) denote 


o (Z— 4) T(Z—M) wee o (Z— &&) 
Y ¢ (2—B,) 6 (2—Pa) Nokiat a (z2—Bn)’ 
then fh (2 + 2mw + 2m'w’) = Elmrtm'n) FBr—Zar) db (z), 


so that ¢ (z) is doubly-periodic in 2 and 2’ provided 
=, — La, = 0. 


Now the zeros of ¢(z), regarded as a product of o-functions, are a), &, «.., 
and the points homologous with them; and the infinities are 6,, Bo, ..., 8, and 
the points homologous with them. It may happen that the points a and 8 
are not all in the parallelogram of reference; if the irreducible points 
homologous with them be aq, ...,@, and 0, ..., b,, then 


La, = vali (mod. 2a, 20’), 


and the new points are the irreducible zeros and the irreducible infinities of 
$(z). This result, we know from Prop. IIL, § 116, must be satisfied. 


It is naturally assumed that no one of the points a is the same as, or is 
homologous with, any one of the points 8: the order of the doubly-periodic 
function would otherwise be diminished by 1. 

If any « be repeated, then that point is a repeated zero of ¢ (z); similarly 
if any B be repeated, then that point is a repeated infinity of ¢(z). In every 
case, the sum of the irreducible zeros must be congruent with the sum of the 
irreducible infinities in order that the above expression for ¢(z) may be 
doubly-periodie. 

Conversely, if a doubly-periodic function ¢ (z) be required with m assigned 
irreducible zeros a and m assigned irreducible infinities b, which are subject 
to the congruence 

La = +b (mod. 20, 20’), 
we first find points a and 8 homologous with a and with b respectively such 
that 


. ta (6 So PAO I a m 
Then the function ae "a ) wl (2 Om) 


TUL Pi) venran a (Z— Bm) 
has the same zeros and the same infinities as (z), and is homoperiodie with 


it; and therefore, by § 116, IV., 


Pee le 
o@ Oo (2s Bye ae a(2—Py,) 


where A is a quantity independent of z. 

Ev. \. Consider @'(z). It has the origin for an infinity of the third degree and all the 
remaining infinities are reducible to the origin ; and its three irreducible zeros are @, o’, o”. 
Moreover, since o”=o'+, we have o+o'+o" congruent with but not equal to zero. 
We therefore choose other points so that the sum of the zeros may be actually the same 
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as the sum of the infinities, which is zero; the simplest choice is to take , o', —o”. 
Hence 


WGN a (2@—-@) 6 (¢-0') o (2¢+0") 
g (2) on ; 
where A is a constant. To determine A, consider the expansions in the immediate 
vicinity of the origin; then 
A cha e) 2 (=#') ¢(0") 


op 


2 
Bt ee = 


so that z pls aoe (Say 
PO 8 ola (elo (a) a) 
Another method of arranging zeros, so that their sum is equal to that of the infinities, 
is to take —@, —o’, w” ; and then we should find 


ee o (2+) 0 (Z+o') o (2-0) 
Co? o (@) a (@') o (0) oF (z) ~ 


This result can, however, be deduced from the preceding form merely by changing the 
sign of 2. 


Ex. 2. Consider the function 
A 


co (ut+v) o (U—?v) 

o? (uw) : 
where v is any quantity and A is independent of uw. It is, qua function of u, doubly- 
periodic ; and it has w=O as an infinity of the second degree, all the infinities being 
homologous with the origin. Hence the function is homoperiodic with @(w) and it has 
the same infinities as @ (w): thus the two are equivalent, so that 


o (ut+v) o(u- 
a? (u) 
where B and C are independent of wu. The left-hand side vanishes if w=v; hence 

C=B (v), and therefore 


ae wt) on =2) =9 (u)-P(»), 


where A’ is a new quantity independent of uw. To determine dA’ we consider the 


A 


*) _ Be (u)- 6 


expansions in the vicinity of w=0; we have 


pe) eat ed 
w wu 
so that — A’o? (v)=1, 

a (u+v) o (u—) ae 
and therefore OO =0(v)- (uv), 


a forraula of very great importance. 
Ex. 3. Taking logarithmic derivatives with regard to w of the two sides of the last 
equation, we have 
QP (u) 


C (ut) +0 (U0) 20) = — Bay Ba } 


and, similarly, taking them with regard to v, we have 


Or) 
¢(w+v)—¢(w—v) -2¢(v) = 0) -P@) ; 


‘Ww (2) 
whence (ut) C00) C0o)= 1 BE 


F, 19 
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giving the special value of the left-hand side as (§ 128) a doubly-periodie function. It is 
also the addition-theorem, so far as there is an addition-theorem, for the ¢-function. 


Ex. 4. We can, by differentiation, at once deduce the addition-theorem for M9 (u+?). 


Evidently _ d (@'(v)-@ (u) 
Q (u+v)=0 (u)—4 au | Omran y 


which is only one of many forms: one of the most useful is 
“ (w) — 0' 2 


which can be deduced from the preceding form. 


The result can be used to modify the expression for a general doubly-periodic function 
® (z) obtained in § 128. We have 


i 


I 


9 oe (4;) 
9 (2)— @ (ar) ” 
Each derivative of ¢ can be expressed either as a polynomial function of @ (z—a,.) or as the 


product of @’ (z—a,) by such a function ; and by the use of the addition-theorem, these 
can be expressed in the form 


Bes Ae ee 
i r=1 


M+ NGQ (2) 
fo 
where LZ, M, WV are rational integral functions of @(z). Hence the function ®(z) can be 


expressed in the same form. The simplest case arises when all its infinities are simple, 
and then 


&(2)\=C+ 3 A,¢(2—a,) 
r=1 


4 yn 2 4 WAG (ar) 
=( & Art| +4 ae oe Dal XG 5 


m 
with the condition = A,=0. 
r=1 
Ez. 5, The function @(z)—e, is an even function, doubly-periodic in 2 and 2’ and 
having z=0 for an infinity of the second degree ; it has only a single infinity of the second 
degree in a fundamental parallelogram. 


Again, z=o is a zero of the function ; and, since @ ()=0 but @” (w) is not zero, it is a 
double zero of @(z)—e,. All the zeros are therefore reducible to z=o ; and the function 
has only a single zero of the second degree in a fundamental parallelogram. 


Taking then the parallelogram of reference so as to include the points z=0 and z=o, 
we have 


where (z) has no zero and no infinity for points within the parallelogram. 
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Again, for 9 (z+)—e,, the irreducible zero of the second degree within the parallelo- 
gram is given by z+ =a, that is, it is z=0; and the irreducible infinity of the second 
degree within the parallelogram is given by z+ =0, that is, it is z=. Hence we have 


22 


ACA i el ar (2) 
where Q, (z) has no zero and no infinity for points within the parallelogram. 


Hence @ ()— 41} @ @+0)-e} =) % 


that is, it is a function which has no zero and no infinity for points within the 
parallelogram of reference. Being doubly-periodic, it therefore has no zero and no infinity 
anywhere in the plane ; it consequently is a constant, which is the value for any point. 
Taking the special value z=o’, we have @(o’)=e,, and @ (o’+)=e,; and therefore 


1 (2) — 4} (P (2+ )—e}=(e3—&) (€ — &). 
Similarly {9 ©) — &} (@ (2 +0") — 5} =(e — &2) (€3— 2), 
and {@ (2) — es} {@ (2+ 0") — 5} = (6, — es) (@ — €3)- 


It is possible to derive at once from these equations the values of the Q-function for 
the quarter-periods. 


Note. In the preceding chapter some theorems were given which indicated that 
functions, which are doubly-periodic in the same periods, can be expressed in terms of one 
another : in particular cases, care has occasionally to be exercised to be certain that the 
periods of the functions are the same, especially when transformations of the variables are 
effected. For instance, since @(z) has the origin for an infinity and sn wv has it for a zero, 
it is natural to express the one in terms of the other. Now Q(z) is an even function, and 
sn w is an odd function; hence the relation to be obtained will be expected to be one 
between Q(z) and sn?u. But one of the periods of sn? w is only one-half of the correspond- 
ing period of sn w; and so the period-parallelogram is changed. The actual relation* is 

Q (2) —e¢,=(e, — e3) sn? w, 
where u=(e,—¢,)'2 and k?=(e,—¢;)/(e, — 3). 

Again, with the ordinary notation of Jacobian elliptic functions, the periods of sn z are 
4K and 27K’, those of dnz are 2K and 47K’, and those of cnz are 4K and 24 4+27:K'. The 
squares of these three functions are homoperiodic in 24 and 27K’; they are each of the 
second order, and they have the same infinities. Hence sn*z, cn? z, dn®z are equivalent to 
one another (§ 116, V.). 


But such cases belong to the detailed development of the theory of particular classes of 
functions, rather than to what are merely illustrations of the general propositions. 


Ex. 6. Prove that 
og (Ut) o (U+Uy) 7 (UUs) © (w+ Uy) 
g(u)= o [2u+4 (uy +u,+ U5 +u%4)] 


is a doubly-periodic function of uv, such that, with the ordinary notation, 


g (uty (uto)t+y (ut+o')+g(utoto’) 
Uy + Ug — Uy — Uy Ug + Uy — Ug — Ug Uy + Uy — Ug — U4 
Bade wea 


* Halphen, Fonctions Elliptiques, t. i, pp. 23—25. 


19—2 
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Prove further that, if S denote the substitution 


+ (co gee ele ee 


1 1 1 -l 
and (U,, Uy, Us, Us)=S (uy, Uy, Uy) UM) and G(u) denote what g(w) becomes when, 


therein, U,, Uz, U3, U, are written for u,, U2, U3, vy respectively, then also 
(-G(u), —G(uteo), —G(uto’), —G(utoto’)) 
=S(g(u) gute), gute’), g(utote’)). 
(Math. Trip., Part II., 1893.) 
Ex.7. All the zeros of a function, doubly-periodic in the periods of @ (z), are simple 
and are given by po+go’, where p and q¢ are integers such that p+q is odd ; all its 


infinities are simple and are given by po+qo’, where p and g are integers such that p+q¢ 
iseven. Shew that the function is a constant multiple of 


@" (2) ie an 
OO (Trinity Fellowship, 1896.) 
Ex. 8. Construct the differential equation of the first order, satisfied by 
((2-a)—¢(z—D). (Trinity Fellowship, 1899.) 


132. As a last illustration giving properties of the functions just 
considered, the derivatives of an elliptic function with regard to the periods 
will be obtained. 


Let $(z) be any function, doubly-periodic in 2@ and 2a’ so that 
fp (z+ 2mw + 2m'o’) = $(z), 


the coefficients in ¢ implicitly involve and ow’. Let ¢,, ds, and ¢’ respec- 
tively denote 06/d@, 0f/dw’, 06/02; then 


fi (2 + 2mw + 2m’) + 2m’ (2 + 2mw + 2m‘o’) = f, (2), 
ho (z+ 2mw + 2m'w') + 2m'f' (z + 2me@ + 2m’o’) = $y (2), 
fp (2 + 2m@ + 2m’'o’) = ’ (z). 
Multiplying by @, ’, z respectively and adding, we have 
ad, (2 + 2ma + 2m'a’) + of, (z+ 2mo + 2m'o’) 
+ (2+ 2m + 2m'a’) $' (2 + 2m + 2m'o’) 
= wf; (2) + o's (2) + 26’ (2). 
Hence, if f(2) = wh (2) + 0's (2) + 28 (2), 
then f(z) is a function doubly-periodic in the periods of ¢. 
Again, multiplying by y, 7’, €(2), adding, and remembering that 


C(z+ 2mw + 2m’'w') = (2) + 2mn + 2m'7’, 
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we have 

nd, (2 + 2m + 2m'o’) + 9 (2 + 2mw + 2m’o' 
+ (2+ 2m + 2m'o’) $' (2 + 2m + 2m'o’ 
=n. (2) + 9'ho(z) + § (2) $' (2). 

Hence, if g@)= npr (2) + 0’ hs (2) + o(z) ¢ (2), 

then g (z) ws a function doubly-periodic in the periods of ¢. 


In what precedes, the function ¢(z) is any function, doubly-periodic in 
2w, 2’; one simple and useful case occurs when ¢(z) is taken to be the 
function @(z). Now 


2 
oA + 55 a + 9g he + ayqg 2 axe 
and tre mnie 
CGO 140%? 84007” 
hence, in the vicinity of the origin, we have 
ae + a ee _+ 78 == — = + even integral powers of 2? 


=i — 29, 
since both functions are doubly-periodic and the terms independent of z 
vanish for both functions. It is easy to see that this equation merely 
expresses the fact that @, which is equal to 


1 1 1 
= SS es ee ee 
Pe le =): a 


is homogeneous of degree — 2 in 2, a, a’. 
Similarly 


n Py ee ,+&(z2 2) 2 eos =5 4 “ go + even integral powers of z. 
@ 


But, in the vicinity of the origin, 
2 
e =o + ae + even integral powers of z, 
so that 


n +1 ue he (2 )2e +5 ace =i oe + even integral powers of z. 


The function on the left-hand side is doubly-periodic: it has no infinity 
at the origin and therefore none in the fundamental parallelogram ; it there- 
fore has no infinities in the plane. It is thus constant and equal to its value 
anywhere, say at the origin. This value is 4g,, and therefore 


0 , OO 00 il@eay il 
ne tn ae + oe) = 558 + go 


Ow 
= — 2¢0?+ 4. 
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This equation, when combined with 


09 | , 0” f ae 
On ton. pee 29, 


gives the value jhe: Ae ® and a 


The equations are identically satisfied. Equating the coefficients of 2° in 
the expansions, which are valid in the vicinity of the origin, we have 


O92, Ws _ 
On> +a Awe! — Ag, . 
Oi CIs 
Ae eel ae 69; 
and equating the coefficients of z4 in the same expansions, we have 
PA eh 
Berra ig ser 


09s 09s _ ee 2 
13+ 7 Ow’ 3h 


Hence for any function u, which involves » and o’ and therefore implicitly 
involves g, and g;, we have 


PALE sa = —( Ow 4g ay 
fo | ari \w ean as scan 
Ou (tae ou 2 ,du 
an eae 5 (loge + 37 a 
Since @ is such a function, we have 
0@ op 09 
cr + O95 a0, - 2 ae 29, 


0@ a) 0 
12g 5 +5 392 5 Peo. = = 4¢° — 5 De 


being the equations which ree the derivatives of @ with regard to the 
imoariants g, and gy. 
The latter equation, integrated twice, leads to 


PO 9g 07 2) 0a. al 
ae “Iq, 3% ag, t 19% 


a differential equation* satisfied by o (z). 


rtp. 


133. The foregoing investigations give some of the properties of doubly- 
periodic functions of the second order, whether they be uneven and have two 
simple irreducible infinities, or even and have one double irreducible infinity. 

* For this and other deductions from these equations, see Frobenius und Stickelberger, 


Crelle, t, xcii, (1882), pp. 311—327; Halphen, Traité des fonctions elliptiques, t. i, (1886), 
chap. 1x.; and a memoir by the author, quoted on p. 282, note. 
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If a function U of the second order have a repeated infinity at z=y, then 
it is determined by an equation of the form 
U"? = 4a*[(U 2) (U— p) (Ur), 
or, taking U-4(A ++ v)=Q, the equation is 
Q? = 4a?[(Q — e,)(Q — &) (Q — es)], 
where e, + e, + e; = 0. Taking account of the infinities, we have 
Q = 9 (az — ay); 
and therefore U—i(X+m+v)=@(az—ay) 
=— 9 (a2) —@ (ay) +4" 


9 (az) — @ (47) 

by Ex. 4, p. 290. The right-hand side cannot be an odd function; hence 
an odd function of the second order cannot have a repeated infinity. Similarly, 
by taking reciprocals of the functions, it follows that an odd function of the 
second order cannot have a repeated zero. 


Cate op 


It thus appears that the investigations in §§ 120, 121 are sufficient for the 
included range of properties of odd functions. We now proceed to obtain 
the general equations of even functions. Every such function can (by § 118, 
XIIL, Cor. I.) be expressed in the form {a@(z) +6} + {c@(z) +d}, and its 
equations could thence be deduced from those of @(z); but, partly for 
uniformity, we shall adopt the same method as in § 120 for odd functions. 
And, as already stated (p. 271), the separate class of functions of the second 
order that are neither even nor odd, will not be discussed. 


134. Let, then, ¢(z) denote an even doubly-periodic function of the 
second order (it may be either of the first class or of the second class) and let 
2m, 2’ be its periods; and denote 2a + 2’ by 2a”. Then 

$ (2) =$(— 2), 
since the function is even; and since 
b(o+z)=$(-@—2) 
= > (20 — w — 2) 
= $(o — 2), 
it follows that ¢(#+2)—and, similarly, #(@’+z) and ¢(w” +z) are even 
functions. 

Now ¢(@+2), an even function, has two irreducible infinities, and is 
periodic in 2, 2’; also $(z), an even function, has two irreducible infinities 
and is periodic in 2, 2w’. There is therefore a relation between ¢(z) and 
(@ +z), which, by § 118, Prop. XIII, Cor. I. is of the first degree in ¢(z) 
and of the first degree in ¢(@ +2); thus it must be included in 

Boh (2) ¢(@ + 2) — Ch(z)-—C’o(w+ 2) +4 =0. 
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But ¢(z) is periodic in 2@; hence, on writing z+ for z in the equation, it 
becomes 

Bo (@ + 2) o(2) — Cb (@+ 2) -—C'p(z) + 4=0; 
thus On Oe 


If B be zero, then C may not be zero, for the relation cannot become 
evanescent: it is of the form 


h(Z) + G(@ + 2) SH AM vcseeres secne Te Reomeverwees (1). 
If B be not zero, then the relation is 
C —A 
eae Bh met es (2) 


Treating ¢(’ +z) in the same way, we find that the relation between it 
and ¢ (z) is 
F$ (2) $(o’ + 2) — Do (2) — Do (o' + 2) + B=0, 
so that, if F’ be zero, the relation is of the form 
b (ZA G(@ 422) = ee tree ce aeerette cee UDya 


and, if # be not zero, the relation is of the form 


Do (2)—# 
Fo (z) BG ye ee (2) - 


Four cases thus arise, viz., the coexistence of (1) with (1), of (1) with (2y, 
of (2) with (1)’, and of (2) with (2). These will be taken in order. 


I.: the coexistence of (1) with (1). From (1) we have 


$ (wo! +2)= 


o(o' +2)+o(o" +2z)=A', 
so that $(z)+ o(@+ 2)+$(o +2)+ (0 +2) =2A’. 
Similarly, from (1), 
PA)+ hw +2) + Plot z) + Plo" +z) = 2h"; 
so that A’ = 1’, and then 
$(o+z)=$(w +2), 
whence w ~ w is a period, contrary to the initial hypothesis that 2 and 20’ 
determine a fundamental parallelogram. Hence equations (1) and (1) cannot 
coexist. 
L.: the coexistence of (1) with (2). From (1) we have 
p(w" +2)=A’—$(w' +2) 
~ AH Pie @ =A) 
Fo (z)—D ‘ 
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on substitution from (2). From (2) we have 
i _ Do(o+z2)-# 
p(w eis, (w tee ey) 
_ (AD — E)- Do (2) 
A’F—D— F(z) ’ 


on substitution from (1). The two values of ¢(w” +z) must be the same, 
whence 


A’F—D=D, 
which relation establishes the periodicity of ¢ (z) in 2w”, when it is considered 


as given by either of the two expressions which have been obtained. We 
thus have 


Aah). 
and then, by (1), we have 
D D 
$(2)— Ft blots) R= 0; 
and, by (2)’, we have 


{o@—p} ip(o'+2) p= 


If a new even function be introduced, doubly-periodic in the same periods 
having the same infinities and defined by the equation 


()=$)—p 
the equations satisfied by ¢, (z) are 


di(@ +z) + $,(z) =0 ! 
gf, (w’ + 2) $, (Z) = constant) * 


To the detailed properties of such functions we shall return later; meanwhile 
it may be noticed that these equations are, in form, the same as those satisfied 
by an odd function of the second order. 


III.: the coexistence of (2) with (1)’.. This case is similar to IT., with the 
result that, if an even function be introduced, doubly-periodic in the same 
periods having the same infinities and defined by the equation 


the equations satisfied by ¢, (z) are 


2 (@’ + 2) + do(z) = 9 
,(@ + Z) d,(Z) = constant) * 


It is, in fact, merely the previous case with the periods interchanged. 
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IV.: the coexistence of (2) with (2). From (2) we have 
vn, _Cb(o +2)-A 
CG ane Gata 
_(CD— AF) $(z)—(CE-— AD) 
~ (BD— CF) 6 (z) —(BE- CD)’ 
on substitution from (2). Similarly from (2)', after substitution from (2), we 
have 


* CD — BE) $(2)+(CH-AD 
oe + 2)= Cr Be OD AP: 
The two values must be the same ; hence 
CD-— AF=-—(CD — BE), 
which indeed is the condition that each of the expressions for ¢(w” + 2) 
should give a function periodic in 20”. Thus 
AF + BE =2CD. 

One case may be at once considered and removed, viz. if C and D vanish 
together. Then since, by the hypothesis of the existence of (2) and of (2)’, 
neither B nor F# vanishes, we have 


ele, 
Bo F 
A E 
so that p(wo+z)= er Cm Fo@” — $(w' + 2), 


and then the relations are ¢(@+2)+¢4(o' +z) =0, 
or, what is the same thing, b(z)+ (wo +2)= +t 
and $ (2) (w+ 2) = constant) 
This case is substantially the same as that of II. and III., arising merely 
from a modification (§ 109) of the fundamental parallelogram, into one whose 
sides are determined by 2@ and 2w”. 
Hence we may have (2) coexistent with (2)’, provided 
AF+ BE =2CD; 
C and D do not both vanish, and neither B nor F' vanishes. 
IV. (1). Let neither C nor D vanish; and for brevity write 
d(ot2=h, G(0"+2)=$ $(o'+2)=$, $)=¢. 
Then the equations in LY. are 
Bod. —C (p+ o:) +4 =0, 
Pod; — D (6 + $3) + H = 0. 
Now a doubly-periodic function, with given zeros and given infinities, is 
determinate save as to an arbitrary constant factor. We therefore introduce 
an arbitrary factor X, so that 
p=, 
D 


Cj, 


G 


and then taking iin 


C3, 


rR 
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A 
we have (yp =) (hy —@)=¢?—- Br’ 


E 


(fr — 5) (hs — @5) = Cs! — Fa 


The arbitrary quantity is at our disposal: we introduce a new quantity c, 
defined by the equation 


A 
Br = C; (Cz + C3) — C2€3, 


and therefore at our disposal. But since 


AF+ BE=2CD, 
A iE CaeD 
we have Bu oe qa ai 2 Pe Dec 
and therefore = =i0s (Ci Ca) —CiC. 


Hence the foregoing equations are 
(Wr — G4) (Wi — 1) = (G — C2) (G1 — 63), 
(ah — 03) (hs — Cs) = (C3 — C1) (C3 — C2). 
The equation for ¢,, that is ¢ (w” +2), is 


pelo 
Pah 6 pe 
where L=CD-—BE=AF-—COD, M=AD-—CkE, N=CF-— BD, 
so that AN + BM = 2C1L. 


As before, one particular case may be considered and removed. If NV be 
zero, so that 


CoD 
paver 
say, and f= 2 = Dat 
then we find b+ b.= bit $3 = 24, 
or taking a function v= h-4, 


the equation becomes x (2) + % (@” + 2) = 90. 


The other equations then become 


A 
LAX (wte=0-F pp 


E 


(2) x (@ +2) = a — Fi 
and therefore they are similar to those in Cases IT. and III. 
If V be not zero, then it is easy to shew that 
N= BFxX (¢, — 65), 
L = BF (— ¢3) Ca, 
M = BF) (cy — C3) (CoC + C23 — CrCs) 5 
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and then the equation connecting ¢ and ¢, changes to 
(Wr — C2) (apo — C2) = (C2 — C1) (C2 = Cs) 
which, with (Wr — c) (Wi — G1) = (G — C2) (G1 — Cs) fF, 
(wr — 3) (ths — C3) = (Cs — G1) (Cs — 2) 
are relations between wW, Wr, Wo, Wz, where the quantity c, 1s at our disposal. 
IV. (2). These equations have been obtained on the supposition that 


neither C nor D is zero. If either vanish, let it be C: then D does not 
vanish; and the equations can be expressed in the form 


E 
bhi =F 


PoP ae 
(1-8) =P 


We therefore obtain the following theorem: 


If be an even function doubly-periodic in 2m and 2’ and of the second 
order, and if all functions equivalent to h in the form Rbd+S8 (where R and 
S are constants) be regarded as the same as >, then either the function satisfies 
the system of equations we 


o(z)+¢(@ +2)=0 
Mee Ce ese et (I)*, 
p(z) o(o"+2)=—-H 
where H is a constant ; or it satisfies the system of equations 
{fp (2)-— af {p(o +2)—a}=(a—c)(a— 6) | 
{gp (2) — Cs} {p (w’ +2) — cg} = (Cg — C1) (C3 — Ca) | cereeeeeeee (II), 
{fh (2) — 6} {p (@” +2) — ,} = (C2 — Cy) (C2 —'Cs) 
where of the three constants C1, Co, Cs one cun be arbitrarily assigned. 
We shall now very briefly eotisider these in turn. 
135.. So far as concerns the former class of equations satisfied by an even 
doubly-periodic function, viz., 
p (z) + o(o +2)=0 
(2) $(0'+2)=H }’ 


we proceed initially as in (§ 120) the case of an odd function. We have the 
further equations 
$ (2) = $ (—2), 
g(ot2)=$(o-2) (0 +2)=$(w'—2). 


* The systems obtained by the interchange of w, w’, w” among one another in the equations 
are not substantially distinct from the form adopted for the system I,; the apparent difference 
can be removed by an appropriate corresponding interchange of the periods. 
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Taking z = — $a, the first gives 
$ (ho) + $ (ho) = 0, 
so that $@ is either a zero or an infinity. 
If 4@ be a zero, then 
f (30) = 6 (w + $@) = — $ ($a) by the first equation 
=(0), 
so that $@ and $@ are zeros. And then, by the second equation, 
wo +40, w +o 
are infinities. 

If }@ be an infinity, then in the same way 3 is also an infinity; and 
then w’ +30, o’ +3 are zeros. Since these amount merely to interchanging 
zeros and infinities, which is the same functionally as taking the reciprocal of 
the function, we may choose either arrangement. We shall take that which 
gives $@, $@ as the zeros; and w’ + $a, w’ + 3 as the infinities. 

The function ¢ is evidently of the second class, in that it has two distinct 
simple irreducible infinities. 

Because ’ + 4, w+ are the irreducible infinities of #(z), the four 
zeros of $(z) are, by § 117, the irreducible points homologous with o”, 
wo +, o' +o, 0’ +o”, that is, the irreducible zeros of ¢’ (z) are 0, , 0, w”. 
Moreover 

$ (0) + $(@) =90, 
p(w’) + $ (w") = 0, 
by the first of the equations of the system; hence the relation between ¢ (z) 
and ¢’ (z) is 
b° (2) =A ($(2)— $ (9)} (PZ) — $(@)} (6D —$(@)} [6 2) -— (@)} 
=A {f’ (0) — ¢*(2)} (P? (o') — & ()}. 
Since the origin is neither a zero nor an infinity of ¢ (2), let 
(4) = $ (9) gi (2) 
so that ¢,(0) is unity and ¢,' (0) is zero; then 
$i2(2) =? (1 — $2 @)} (u— $2 (2)} 
the differential equation determining ¢, (2). 

The character of the function depends upon the value of » and the 
constant of integration. The function may be compared with en w, by taking 
20, 20 = 4h, 2K +21K’; and with eo by taking 2, 20°=2K, 4ck’, 
which (§ 131, note) are the periods of these (even) Jacobian elliptic functions. 

We may deal even more briefly with the even function characterised by 
the second class of equations in § 134. One of the quantities ¢,, c,, c; being 
at our disposal, we choose it so that 

G+ +¢,=0; 
and then the analogy with the equations of Weierstrass’s @-function is 
complete (see § 133). 


CHAPTER XII. 


Psrubo-PERIODIC FUNCTIONS. 


136. Most of the functions in the last two chapters are of the type 
called doubly-periodic, that is, they are reproduced when their arguments are 
increased by integral multiples of two distinct periods. But, in §§ 127, 130, 
functions of only a pseudo-periodic type have arisen: thus the ¢-function 
satisfies the equation 

E(z+ m2o + m’20’) = (2) + m2n + m'27’, 
and the o-function the equation 


Cc (z a m2o =e m2’) -.. (- Lar ae e? (my+m'y’) (2-+-imw+m'w') Co (2). 


These are instances of the most important classes: and the distinction 
between the two can be made even less by considering the function 
e * = &(z), when we have 
E(z2+m2o04+ m'20') =e em E(z), 

In the case of the &-function an increase of the argument by a period leads 
to the reproduction of the function multiplied by an exponential factor that 
is constant, and in the case of the o-function a similar change of the 
argument leads to the reproduction of the function multipled by an 


exponential factor having its index of the form az+b. 


Hence, when an argument is subject to periodic increase, there are three 
simple classes of functions of that argument. 


First, if a function f(z) satisfy the equations 
f(z+2o0)=f(z), f(¢+2o')=f (2), 
it is strictly periodic: it is sometimes called a doubly-periodic function of the 


first kind. The general properties of such functions have already been 
considered. 


Secondly, if a function F(z) satisfy the equations 


F(¢+2o0)=pF(z), F(¢+20’)=p F(z), 


136. ] PSEUDO-PERIODIC FUNCTIONS 303 


where # and yp’ are constants, it is pseudo-periodic: it is called a doubly- 
periodic function of the second kind. The first derivative of the logarithm 
of such a function is a doubly-periodic function of the first kind. 


Thirdly, if a function ¢ (z) satisfy the equations 
$(Z + 2a) =e" H(z), f(z + 2a’) = e874" 6 (2), 
where a, b, a’, b’ are constants, it is pseudo-periodic: it is called a doubly- 


periodic function of the third kind. The second derivative of the logarithm 
of such a function is a doubly-periodic function of the first kind. 


The equations of definition for functions of the third kind can be 
modified. We have 


ro) (z +2o@+ 20’) = et (2+20') +b+a/2+0' f (z) 
= QW (2420) +b'+az+b d (2), 
whence ee nee 


where m is an integer. Let a new function £ (z) be introduced, defined by 
the equation 


Be =e $ (2); 
then X and yw can be chosen so that # (z) satisfies the equations 
E(z+2o0)=EH(z), H (2+ 20’) = e448 F(z). 
From the last equations, we have 
E (2+ 20 + 20’) 


I 


eA (+20) +B H (Zz) 
— eAzt+B (2), 
so that 2Aq@ is an integral multiple of 277. 


Also we have E (2+ 2@) = ed@+20)"+H e424) db (z 4+ Qo) 
= etrtotsrw?+2no+az+b Jy (2), 


so that 4nwo +a =0, 

and. 4 + 2u@ + b =0 (mod. 277). 

Similarly, E (2 + 20’) = eh @t2o?+ule+20) & (z+ 20’) 
= etrzu'+4rho?+20'+a/2+b" Fy (z), 

so that 4ro +a = A, 

and 4nw'? + Quo + b= B (mod. 277). 


From the two equations, which involve X and not yw, we have 
Aw =o — aw 
=— mm, 
agreeing with the result that 2A is an integral multiple of 277. 
And from the two equations, which involve pu, we have, on the elimination 
of » and on substitution for , 


b’'w — bw’ — aw (w — w) = Bo (mod. 2777). 
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If A be zero, then H(z) is a doubly-periodic function of the first kind 
when e” is unity, and it is a doubly-periodic function of the second kind 
when e” is not unity. Hence A, and therefore m, may be assumed to be 
different from zero for functions of the third kind. Take a new function 


@(z), such that 
0(2)=E (2-4) = B(2+=2); 


then ® (z) satisfies the equations 


mri 
—z 


D(z+2w0)=(z), BP(z+2w’)=e * (2), 
which will be taken as the canonical equations defining a doubly-periodic 
function of the third kind. 
Ex. Obtain the values of A, », A, B for the Weierstrassian function o (2). 


We proceed to obtain some properties of these two classes of functions 
which, for brevity, will be called secondary-periodic functions and tertuary- 
periodic functions respectively. 


Doubly-Periodic Functions of the Second Kind. 


For the secondary-periodic functions the chief sources of information are 
Hermite, Comptes Rendus, t. lili, (1861), pp. 214—228, ib., t. lv, (1862), pp. 11—18, 
85—91; Sur quelques applications des fonctions elliptiques, §§ I—1U, separate 
reprint (1885) from Comptes Rendus ; “Note sur la théorie des fonctions ellip- 
tiques” in Lacroix, vol. ii, (6th edition, 1885), pp. 484—491; Cours @ Analyse, 
(4me éd.), pp. 227—234. 
Mittag-Leffler, Comptes Rendus, t. xc, (1880), pp. 177—180. 
Frobenius, Credle, t. xciii, (1882), pp. 53—68. 
Brioschi, Comptes Rendus, t. xcii, (1881), pp. 325—328. 
Halphen, 7raité des fonctions elliptiques, t. i, pp. 225—238, 411426, 488—442, 463. 
137. In the case of the periodic functions of the first kind it was proved 
that they can be expressed by means of functions of the second order in the 
same period—these being the simplest of such functions. It will now be 
proved that a similar result holds for secondary-periodic functions, defined by 


the equations 
F(z+2o0)=pF(z) F(z2+2o)=p'F(z). 
Take a function base ee 
a (z)a (a) 
a(z+a+2o) : 
a (a) a (2+ 2a) 
= e2ntt+2rw G (2), 
and G(s Zo: jeter Gi (2); 


The quantities a and X being unrestricted, we choose them so that 


then we have G (z+ 20) = Az-+2Aw 


— p2nat+2r !  p2y'a+2dw’. 
PO Os Cas 


and then G(z), a known function, satisfies the same equation as F'(z). 
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Let w denote a quantity independent of z, and consider the function 


fe) =F (2) E(u 2). 
We have J (2+ 2@) = F(z + 20) G (wu — 2-20) 

= pl (2) ; G (wu — 2) 

=f (2); 
and similarly J (2+ 20’) = f(z), 
so that f(z) is a doubly-periodic function of the first kind with 2 and 2’ 
for its periods. 

The sum of the residues of f(z) is therefore zero. To express this sum, 
we must obtain the fractional part of the function for expansion in the 
vicinity of each of the (accidental) singularities of f(z), that lie within the 
parallelogram of periods. The singularities of f(z) are those of G(w—z) and 
those of F'(z). 

Choosing the parallelogram of reference so that it may contain w, we have 
z=uw as the only singularity of G(u—z) and it is of the first order, so that, 
since 


G(Q=- p+ positive integral powers of € 
in the vicinity of =0, we ee in the vicinity of w, 


1 
} (2) = {F (u) + positive integral powers of u— 2} 1 each positive power s} 
_ Fu ) 


ac) Saar positive integral powers of z— wu; 
hence the eotits of f(z) for u is — F (u). 

Let z=c be a pole of F(z) in the parallelogram of order n +1; and, in 
the ae of c, let 
d 
dz 
Then in that vicinity 


d —cy? @ 
ee aap FU 6) — oes 


WZ) = C; zh CG: a +o. tCnay oh ses + positive integral powers. 
Z-— dz” = 


and therefore the coefficient of fa ; in the expansion of f(z) for points in the 
vicinity of ¢ is ¢ F 
d 2 n 
CG (u—c)+ C; ae G(u—c)+C;, de G(uw—c)+...+ Cris ARG G (w—c) 
which is therefore the residue of f(z) for c. 
This being the form of the residue of f(z) for each of the poles of F(z), 
then, since the sum of the residues is zero, we have 
d dl” 
—F(u)+ > [Gg(—6)+ OT, G(u—e)+...+ Cas a G(u — o) |=0, 


FE. 20 
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or, changing the variable, 


n 


; d d 
OS [Ge 40, Oe) +4 Can Tu PEO], 


where the summation extends over all the poles of F(z) within that parallelo- 
gram of periods in which z lies, This result is due to Hermite. 


138. It has been assumed that a and X, parameters in G, are determinate, 
an assumption that requires ~ and py’ to be general constants: their values 
are given by 

natorx=tlogp, vat+oar= Flog wp, 

and, therefore, since nw’ — y'w = + di7, we have 

+ima= @o log w—alog p’ 

ft iy Snare ole eect 
Now A may vanish without rendering G(z) a null function. If @ vanish (or, 
what is the same thing, be an integral combination of the periods), then G (z) 
is an exponential function multiplied by an infinite constant when d does not 
vanish, and it ceases to be a function when d does vanish. These cases must 
be taken separately. 

First, let @ and X vanish*; then both yw and w’ are unity, the function F 
is doubly-periodic of the first kind ; but the expression for F’is not determinate, 
owing to the form of G. To render it determinate, consider ) as zero and a 
as infinitesimal, to be made zero ultimately. Then 
a(z)+a0’(z)+.. 

ac (2) 


Giz= ~(1 + powers of a higher than the first) 


1 aye 
sis tig €(z)+ positive powers of a. 


Since @ is infinitesimal, ~ and yw’ are very nearly unity. When the 
function # is given, the coefficients C,, C,,... may be affected by a, so that 
for any one we have 

Cy, = b, + ay, + higher powers of a, 
where ¥;, is finite; and 6, is the actual value for the function which is strictly 
of the first kind, so that 
bd, = 0, 
the summation being extended over the poles of the function. Then retaining 
only a~' and a, we have 


=e j d n 
PS aa (w—c) + C, an Gi Cy). Ae e es + Cha i Gu-0)| 
a ASS eee ane oe . 
2 + 2m ete c)+ 1g UO ot bata in C0) | 


= C143 [BE (U0) ton Ones Me C0 o)), 


* This case is discussed by Hermite, (l.c., p. 304). 
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where (, equal to Sy,, is a constant and the term in : vanishes. This 


expression, with the condition =b,=0, is the value of F(%); changing the 
variables, we have 


P= O43 [BE —0)4+ bag Ce= 0+ + bans Ea EEO), 


with the condition £b,=0, a result agreeing with the one formerly (§ 128) 
obtained. 

When F is not given, but only its infinities are assigned arbitrarily, then 
xC'= 0 because F is to be a doubly-periodic function of the first kind; the 


1 , : 
term - <C vanishes, and we have the same expression for F(z) as before. 


Secondly, let @ vanish* but not d, so that w and p’ have the forms 
w= OP, py! = EP, 
We take a function GZ) =e" 6); 
then g (4 —2@) = we” f(z — 20) 
= pe F(z) — 2m} 
=H {g (2) — ne}, 
and g (4 - 20’) = uw {9 (z) — 2n'e**}. 
Introducing a new function H (z) defined by the equation 
H(2)=F(2)g (u-24, 
we have HT (2 + 2o) = H (2) — 2ne"— F(z), 
and Her 2o y=) — 27 8" F(z). 
Consider a parallelogram of periods which contains the point w; then, if ® be 
the sum of the residues of H(z) for poles in this parallelogram, we have 
27i@ = [H (z) dz, 
the integral being taken positively round the parallelogram. But, by § 116, 
Prop. IL. Cor., this integral is 


1 1 
4h Jor | eA(pteat) (9 + Qt) dt — on | eh (pt20't) B'(» + 2w't) a , 
0 0 


where p is the corner of the parallelogram and each integral is taken for real 
values of ¢ from 0 to 1. Each of the integrals is a constant, so far as concerns 
u; and therefore we may take 
© = — Ae, 

the quantity inside the above bracket being denoted by — jz. 

The residue of H(z) for =u, arising from the simple pole of g (u — 2), is 
— F (u) as in § 187. 

If z=c be an accidental singularity of #’(z) of order n +1, so that, in the 
vicinity of z=, 

n 
FaVeG. = ee (—) ey eee e (=) icine 


* This is discussed by Mittag-Leffler, (l.¢., p. 304). 
20—2 
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then the residue of H(z) for z=c is 
d ails 
Cig (u-¢)+ Crag (u —c)+...4+ Cntr qin 9 (U— 0); 


and similarly for all the other accidental singularities of F(z). Hence 


d ad - 
=F) +346, tO, + 1+ Onn Guat g (U0) = Ae 
Or 
or F(z)=Ae*+% 14 Oz + Onn 7 }g@- c), 


where the summation extends over all the accidental singularities of F(z) im a 
parallelogram of periods which contains z, and g(z) is the function e” ¢ (2). 
This result is due to Mittag-Leffler. 
Since p= e?” and 
g (2-—¢ + 2) = pg (2 —c) + 2npe?, 
we have 
pb (2) = F (z+ 20) 
d d 
= wher +316, ge Coe 1+ Ongs Seah Hg (2 = 0) 
+ 2npe?d (CL+CA+...+ Cryr”)e™; 
and therefore L(+ CA+...4+ Ls er =O, 
the summation extending over all the accidental singularities of F(z). The 
same equation can be derived through p’F'(z) = F(z + 20’). 


Again =C, is the sum of the residues in a parallelogram of periods, and 
therefore 
2ridC, = fF (z) dz, 
the integral being taken positively round it. If p be one corner, the integral 
is 
1 1 
20 (1 — w)| FE (p + 2at) dt — 20’ (1 — p) [ F (p+ 2o’'t) dt, 
each integral being for real variables of t. 

Hermite’s special form can be derived from Mittag-LefHler’s by making X 
vanish. 

Note. Both Hermite and Mittag-Leffler, in their investigations, have 
used the notation of the Jacobian theory of elliptic functions, instead of 
dealing with general periodic functions. The forms of their results are as 
follows, using as far as possible the notation of the preceding articles. 

I. When the function is defined by the equations 

P(¢+2K)=pF (2) F(e+ Uk’) =p'F(z), 


f By | d dl 
then Hoye lc, + Cea + Char FF 4 G (z— 


H’(0)H(e+o) , 


where G(2)= H(@) H(w) a, 
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(the symbol H denoting the Jacobian H-function), and the constants w and x 
are determined by the equations 


trw ' 
b= Erk mh = ae ee 


II. If both X and @ be zero, so that F(z) is a doubly-periodic function 
of the first kind, then 


d (RCO) 
F => > 1 O° ar eerie 
Ons \D + by 5 toe tgs on oy 


with the condition }b, =0 
III. If be zero, but not 2, then 


d d” 
F(z)= Ae +310, Pgs er 


where I@)= 


the constants being subject to the condition 
3 (C4 CA++ Oa e = 0, 


and the summations extending to all the accidental singularities of F(z) in a 
parallelogram of periods containing the variable z 


139. Reverting now to the function F(z), we have (z), defined as 
ao(et+a) D) 
x (eo (a) 
when a@ and X are properly determined, satisfying the equations 
G(4+2o0)=pG(z), G(zt+ 20’) =p’G (2). 
Hence 0 (z) = F'(z)/G(z) is a doubly-periodic function of the first kind; and 
therefore the number of its irreducible zeros is equal to the number of its 
irreducible infinities, and their sums (proper account being taken of multi- 
plicity) are congruent to one another with moduli 2 and 20’. 

Let ¢,, C:, ...) Cm be the set of infinities of F(z) in the parallelogram of 
periods containing the point z; and let y,,..., y, be the set of zeros of #’(z) in 
the same parallelogram, an infinity of order n or a zero of order n occurring 
n times in the respective sets. The only zero of G(z) in the parallelogram 1s 
congruent with —a, and its only infinity is congruent with 0, each being 
simple. Hence the m +1 irreducible infinities of  (z) are congruent with 

— GH, Cy, Cay +++; Cm, 
and its » + 1 irreducible zeros are congruent with 
O; 15 Yor oo) Yu 
and therefore m+1l=p+1, 
—a+ c= dy. 
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From the first it follows* that the number of infinities of a doubly-periodic 
function of the second kind in a parallelogram of periods is equal to the 
number of its zeros, and that the excess of the sum of the former over the sum 
of the latter is congruent with 


+ (@ 1 1p ‘ 
tN 08 & eis Se}, 
the sign being the same as that of NR () : 


The result just obtained renders it possible to derive another expression 
for F(z), substantially due to Hermite. Consider a function 


a(Z—) 0 (4-4)... F (4 — Ym) = 
IN) ea On ee 


where p is a constant. Evidently F(z) has the same zeros and the same 
infinities, each in the same degree, as #'(z). Moreover 

Fy (2 + 20) = Fy (Zz) eae a +208) 

EF (2 + 201) = F, (2) 1 Ge -47) tee", 
If, then, we choose points ¢ and vy, such that 

to— Ly =a, 
and we take p =A, where a and 2 are the constants of G(z), then 
Fy (2+2o0)=pF,(z) F, (2+ 20’) =p'F, (2). 

The function F, (z)/#'(z) is a doubly-periodic function of the first kind, and by 
the construction of #,(z) it has no zeros and no infinities in the finite part of 
the plane: it is therefore a constant. Hence 


By ch ety CA es) os Cy 
Sag aS o (2 —6)...0 (2—Cm) a 


where 2c —Xy =a, and a and X are determined as for the function G (z). 


140. One of the most important applications of secondary doubly-periodic 
functions is that which leads to the solution of Lamé’s equation in the cases 
when it can be integrated by means of uniform functions. This equation 
is subsidiary to the solution of the general equation, characteristic of the 
potential of an attracting mass at a point in free space; and it can be 
expressed either in the form 


dl 
a3 =(Ak’ sn’? z+ B)w, 
Sa nee a aw 
or in the form Te {AQ (z) + B} w, 


Frobenius, Crelle, xciii, pp. 55—68, a memoir which contains developments of the properties 
of the function G (z). The result appears to have been noticed first by Brioschi, (Comptes Rendus, 
t. xcil, p. 325), in discussing a more limited form. 
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according to the class of elliptic functions used. In order that the integral 
may be uniform, the constant A must be n(n +1), where n is a positive 
integer; this value of A, moreover, is the value that occurs most naturally in 
the derivation of the equation. The constant B can be taken arbitrarily. 


The foregoing equation is one of a class, the properties of which have 
been established* by Picard, Floquet, and others. Without entering into 
their discussion, the following will suffice to connect them with the secondary 
periodic function. 


Let two independent special solutions be g(z) and /(z), uniform functions 
of z; every solution is of the form ag (z) + Bh(z), where 4 and @ are constants. 
The equation is unaltered when z+ 2q is substituted for z; hence g (z+ 2) 
and h (z+ 2) are solutions, so that we must have 


g (4+ 20) = Ag (z)+ Bh(z), h(¢+2@) = Cg (2) + Dh(z), 
where, as the functions are determinate, A, B, C, D are determinate constants, 
such that A D— BC is different from zero. 
Similarly, we obtain equations of the form 
g (4+20')=A’'g(z)+ Bhi(z), h(z+ 20’) =C'g (2) + Dh (2). 
Using both equations to obtain g (z + 2 + 20’) in the same form, we have 
BC =BC, AB+BD =A B+ BD: 
and similarly, for h (z+ 2@+ 20’), we have 
CA DO = CARA D Ce bCt= BC : 
Cae: A-D A’-D 
therefore puR = é, ae ae 
Let a solution F (z) = ag (2) + bh (2) 
be chosen, so as to give 
F(z+2o)=pF(z) F(2¢+ 20’) = p’'F (2), 
if possible. The conditions for the first are 
aA+bC aB+bD _ 


KS 
a b 
so that a/b (= &) must satisfy the equation 
He) EB 7 


and the conditions for the second are 
aA’+bC’ aB’+bD , 
= = /6h5 
a b 
* Picard, Comptes Rendus, t. xc, (1880), pp. 128—131, 293—295; Crelle, t. xc, (1880), 
pp. 281—302. 
Floquet, Comptes Rendus, t. xeviii, (1884), pp. 82—85; Ann. de Vc. Norm. Sup., 3™° Sér., 
t. i, (1884), pp. 181—238. 
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so that & must satisfy the st 
; Gs 
A’— B--. 
Rape: 
These two equations are the same, being 
&-—«&F-8=0. 
Let £,and &, be the roots of this equation which, in general, are unequal ; and 
let 4, 1’ and py, fy’ be the corresponding values of yu, uw’. Then two functions, 
say F(z) and F,(z), are determined: they are independent of one another, so 
therefore are g(z) and h(z); and therefore every solution can be expressed in 
terms of them. Hence a linear differential equation of the second order, having 
coefficients that are doubly-periodic functions of the first kind, can generally be 
integrated by means of doubly-periodic functions of the second kind. 
It therefore follows that Lamé’s equation, which will be taken im the form 


1 d 
Tp Tht Ve@+B, 


can be integrated by means of secondary doubly-periodic functions. 


141. Let z=c be an accidental singularity of w of order m; then, for 
points z in the immediate vicinity of c, we have 
W= A +p(z—c)+q(e—-cP+...} 
(om | ner 
and therefore 
ldw_m+m  2mp 
wdz (z—cP zc 


+ positive powers of z—c. 


Since this is equal to n(n+1)Q(z2)+B 


it follows that ¢ must be congruent to zero and that m, a positive integer, 


must be n. Moreover, p=. Hence the accidental singularities of w are 
congruent to zero, and each is of order n. 


The secondary periodic function, which has no accidental singularities 
except those of order n congruent to z=0, has n irreducible zeros. Let them 
be — a, — dy, ..., —@3; then the form of the function is 


Peta (2+a)o(z+a aes +o (2+ Gn) i 


go a” (z) 
1 dw 
Hence MRS —n€(z)+ 2 f(z+4a,), 
or, taking p = — }£(a,), we have 
1 dw 


w dz == {o(2 + dy) — §(z) - f(a,)}, 


ldw 1 (3 2 


n 
and therefore Lae ae =) = = ng (zZ) — ee (z+ a,). 
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But, by Ex. 3, § 131, we have 
x (Sy 1A, Sade) 
3 Papo tte 5 lete)=¥ pla) = 9) 
= 3 ocratpOteentt SS Espey pu) aowy 
by Ex. 4, § 131, Thus 


2 ave % & (ea) — @'() (as) — @ @) 
Aaa » (OCG) Es $ $2 3 aa wero OEE 


RI 


Q' (ar) — @' (2) @' (as) — @ (2) 
P (ar) — @(Z) - E(as)— E (4) 
_ 49°) = 9:0 os Is t+ @ (Gr) e (as) — (9 (ar) +’ (as)} GP 
{@(z)-@ oe (9 (2) — @ (as)} 
‘3 ; 1, Ae Gr)- 9} , Big’ (as) - e (} 
4 1@ ( ) Se ~ (a,) Si ? (ds)} 5 @ (z) = Q (a,) at @ (z) = Q (ds) > 
een = ¢" (a) + Q" (ds) ie 
here A 9 (in) = 9) 


Let the constants a be such that 


g (d,) + @ (ap) ¢ () + ¢ (as) = 

v? (a) — y? (az) a v? (@,) — (a3) me nf 
(as) + O(a) , @' (a) + G (ats) aye 
pa) 9(4) * p@)—9() * va 


nm equations of which only n—1 are me endenu because the sum of the n 
left-hand sides vanishes, Then in the double summation the coefficient of 
@' (ar) — 9 (2) 
~? (2) —9 (Gy) 


Ses 3 {e est CA a GB ead 3 a =2n(n— 1) e(z)+4(n—1) S Q (a,), 


each of the fractions is zero; and so 


r=1 5-1 (P(r) —@(Z) 9 (as) — 9 (2) 
and therefore oe =n(n+1)Q(z)+(2n—- De 3 = 2 (Gz): 


Hence 1 follows that 
a(Z +h) (2 + ds). F(Z + Un) 2 Slr 
o” (2) 
satisfies Lamé’s equation, provided the n constants a be determined by the 
preceding equations and by the relation 


B= (2n- 1) 3 ae (dy). 


2) ac 
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Evidently the equation is unaltered when — z is substituted for z; and 
therefore 


F(- pi ee ee a EON ee 
o” (2) 
is another solution. Every solution is of the form 
MF (z)+ NF (-2), 
where M and W are arbitrary constants. 
CoROLLARY. The simplest cases are when n=1 and n= 2. 
When n=1, the equation is 
ldw 
w dz 
there is only a single constant a determined by the single equation 


B= (a), 


=20(z)+ B; 


and the general solution is 
w _ M7 @t4), — 26 (a) ane Vie g (Z—@) a) E75 (@) 
a (Zz) a (2) 
When n= 2, the equation is 
1 dw 


The general solution 1s 


i 2 a @ a (z+ b) o- Hal -260) Wa pa oe a(z—b ©) cect +260, 


On 2(2) Oe A(z) 
where « and b are determined by the conditions 
9 (a) +g’ (0) 5 
g(ay—@(b) ” 
Rejecting the solution a+b =0, we have a and 6 determined by the equations 
p() +9 (0) =38, e(a) () = 5B — to. 
For a full discussion of Lameé’s equation and for references to the original sources of 
information, see Halphen, Vrazté des fonctions elliptiques, t. ii, chap. Xt., in particular, 
pp. 495 et seq. 


Pa) +—PO)=3 


fx. When Lamé’s equation has the form 
1 d*w 
w ada 


obtain the solution for 7»=1, in terms of the Jacobian Theta-Functions, 


=n (n+1) hk? sn?z—h, 


a peas _o! (w) @'(w) 
w=A Hf (2+o) ,- 7 @ (w) ores, H(z-@ ®) .* @(w) ; 


8 (2) 8 (2) 
where o is determined by the equation dn?#=/—*; and discuss in particular the solution 
when / has the values 1+ 42, 1, £4”. 


Obtain the solution for »=2 in the form 


wanad | Leto) 1-Sis tp | £e-«) ,-b-Fol 
"dz (2) dz $5" 
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where A and » are given by the equations 
ve (24? sn? a — 1 — h*) (2h? sn? a — 1) (2 sn?a—1) 
3k? snta—2 (1+h*) sn?a+1 : 
snt @ (2h? sn? a4 — 1 — k?) 
3k? sn? a — 2 (1+4?) sn2a+1? 
and @ is derived from h by the relation 
=4 (14+ k?) — 6k? sn? a. 5 
Deduce the three solutions that occur when A is zero, and the two solutions that occur 
when A is infinite. (Hermite. ) 


Doubly-Periodic Functions of the Third Kind. 


142. The equations characteristic of a doubly-periodic function ® (z) of 
the third kind are 


sn? a= 


mat 
D(z +20)=P(z), B(z+20')=e © (2), 
where m 1s an integer different from zero. 

Obviously the number of zeros in each parallelogram is invariable, as well 
as the number of infinities. Let a parallelogram, chosen so that its sides 
contain no zero and no infinity of @(z), have p,p+2, p+2o’ for three 
of its angular points; and let a, a,..., a be the zeros and G,..., Cm be the 
infinities, multiplicity of order being represented by repetitions. Then using 


WV (z) to denote ie {log @ (z)}, we have, as the equations characteristic of 


dz 
¥ (2); 


V(zt+20)=V(z), V(zt+2o0’)=V a 
and for points in the ec 
Ne) 5 a SS oot H (2), 


yal 2 ~ Oy g=1 4 = 
where H (z) has no infinity within the ee Hence 
Qi (lL —n) = [WV (z) dz, 
the integral being taken round the parallelogram: by using the Corollary to 
Prop. II. in § 116, we have 
ptae (mart 
2ari(l — n) = -| = (= ) dz = 2mm, 


P 
so that l=n+m: 
or the algebraical excess of the number of irreducible zeros over the number of 


irreducible infinitres 1s equal to m. 
Z be 


Again, since =] + : 
Z—p Z—p 


we have See +l—n=2V(z)—2H (2), 
Z-0 Z-C 


and therefore Qi (Ya — Ye) = fzV (z) dz, 
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the integral being taken round the parallelogram. As before, this gives 
ae ‘ mart ; 
|2e W(z)- (z+ 2 } dz. 


@ 


- 


D+2w! p 
Sse Soe | 20 (2) de — | 
p 


p 
The former integral is 


p+20' cb’ (z) 
of OS) oS dz 


= 2m (- mp) = — 2mrip, 


for the side of the parallelogram contains* no zero and no infinity of ® (z). 
The latter integral, with its own sign, is 
p+2o Ch’ ; , pp+2w 
wo! | SBA ps LE | (2 + 20’) dz 
p P&P) eae is 


mrt 


=0 +97 (p+ 20 + 20’)? — (p + 20’)"} 


= 2m7i (p+ @ + 20’). 
Hence La —Yo=m (w+ 2a’), 
giving the excess of the swm of the zeros over the swum of the infinities in any 
parallelogram chosen so as to contain the variable z and to have no one of its 
sides passing through a zero or an infinity of the function. 

These will be taken as the irreducible zeros and the irreducible infinities : 
all others are congruent with them. 

All these results are obtained through the theorem II. of § 116, which 
assumes that the argument of ’ is greater than the argument of or, what 
is the equivalent assumption (§ 129), that 

nw — 7'o = $n. 

143. Taking the function, naturally suggested for the present class by 

the corresponding function for the former class, we introduce a function 
a (Z—)o(2— dy)... 7 (2 — dH) 


oo) (2) = ere ez a = 
a(Z2—C)o(Z2—)... ¢(Z—Cn) 
’ > fA 
where the a’s and the c’s are connected by the relations 
La—X=m(wa+ 2a’), lL—-n=Mm. 
Then (2) satisfies the equations characteristic of doubly-periodic functions 
of the third kind, if 
0 = 4ro + 2mm, 
ke. Qari = 4? + 2mnw + Zuo + mi — 2m (w + 20’) ; 
mrt : 
— — = 4)o’ + 2m7’, 
@ 
ki’, Qari = 4Xw” + 2mm'o' + 2uo’ + mri — 2m’ (w + 20’), 
* Both in this integral and in the next, which contain parts of the form {2 , there is, as in 


Prop. VII., § 116, properly an additive term of the form 2xzi, where x is an integer; but, as there, 
both terms can be removed by modification of the position of the parallelogram, and this modifi- 
cation is supposed, in the proof, to have been made. 
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k and k’ being disposable integers. These are uniquely satisfied by taking 


1 mm ; 


with k=0, k =m. 


Assuming the last two, the values of \ and yw are thus obtained so as to make 
¢ (z) a doubly-periodic function of the third kind. 


Now let a, ..., a be chosen as the irreducible zeros of ®(z) and ¢,..., Cn 
as the irreducible infinities of ®(z), which is possible owing to the conditions 
to which they were subjected. Then ® (z)/¢(z) is a doubly-periodic function 
of the first kind; it has no zeros and no infinities in the parallelogram of 
periods and therefore none in the whole plane; it is therefore a constant, so 
that 


14 


@(z)=Ae ?° 


me+{b™ 4420} mz a (Z2—a)a(2—)... 7 (2 —&) 
o(Z2—C) a (Z—C2) ... T(Z— Cp)’ 


a representation of @(z) in terms of known quantities. 


Ex. Had the representation been effected by means of the Jacobian Theta-Functions 
which would replace o (z) by H(z), then the term in 2 in the exponential would be absent. 


144. No limitation on the integral value of m, except that it must not 
vanish, has been made: and the form just obtained holds for all values. 
Equivalent expressions in the form of sums of functions can be constructed : 
but there is then a difference between the cases of m positive and m 
negative. 

If m be positive, being the excess of the number of irreducible zeros over 
the number of irreducible infinities, the function is said to be of positive class 
m; it is evident that there are suitable functions without any irreducible 
infinities-—they are integral functions. 

When m is negative (=— 7), the function is said to be of negative class n; 
but there are no corresponding integral functions. 


145. First, let m be positive. 


i. If the function have no accidental singularities, it can be expressed in 

the form 
2 
Ag+ ¢ (zg — a) 7 (Z— Ms)... F(Z — Am), 

with appropriate values of \ and wm. 

ii. Ifthe function have n irreducible accidental singularities, then it has 
m+n irreducible zeros. We proceed to shew that the function can be 
expressed by means of similar functions of positive class m, with a single 


accidental singularity. 
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Using X and pu to denote 
mn mart ; 
aan eel fg lait oie 2 
Der HON ee aaa (n + 2m’), 
which are the constants in the exponential factor common to all functions of 


the same class, consider a function, of positive class m with a single accidental 


singularity, in the form 


Sty OE) eee Ae st A oa) a (z—bi)o (2 — by)... (Z bmi) I 


oa (u—b,) o(w—by)... 6 (U— bmg) o (2 — Uw)’ 
where by, by, ..., b» are arbitrary constants, of sum s, and 

m (@ + 20’) = bmi, +0, +b, +... + Om — UU 
=Vingg +8 — U. 


The function y,, satisfies the equations 
maz 


Wn (2 + 20, U) = Wm (2, 0), Win (2 + 20’, vw) = ee Vn (2, %) 5 
regarded as a function of z, it has w for its sole accidental singularity, 
evidently simple. 


The function - —~ can be expressed in the form 


Yn (2 ¥) 
tp TE — 2) by) oe (t= Om) o {s—m(w+ 2 )} 
raid Ceol Page eee a(Z—bm) o {u-—z—s+m(o@+ 20’)} 
Regarded as a function of w,it has z,,,...,bm for zeros and z+s—m(@+4 2a’) 
for its sole accidental singularity, evidently simple : also 
z+b,4+... +b, —{z+s—m(o+ 20’)} =m (@ + 20’). 


me 1 
Hence owing to the values of % and yp, it follows that ——, when 
Vom (2, W) 


e (w2—z?) +p ( 


regarded as a function of wu, satisfies all the conditions that establish a 
doubly-periodice function of the third kind of positive class m, so that 


1 1 
wm (z,u+ 2m) os Wn (2, U) ; 
i _ mre i 


=€é 


Vn (2, U + 2a’) 7 Vm (z, u) 


and therefore 


mret 
bin (20+ 20) = Yn (2,0), Yn (2 wt 2w!)=e © Yn (Z, 1). 
Evidently Ym (z, u) regarded as a function of wu is of negative class m: its 
infinities and its sole zero can at once be seen from the form 
)o(z—),)...¢(Z@—bm) o {u— 2 —8 +m (@ + 20’)} 
a(u—z)a(w—b)... c(u — bm) o [8 — m(@ + 20’)} ’ 
Each of the infinities is simple. In the vicinity of w=z, the expansion of 


the function is 


Win (2; w) = erdl?—wv*) +p (Z—-u 


apa" positive integral powers of u—z: 
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and, in the vicinity of u = b,, it is 


G;(@) 


u—b, 


+ positive integral powers of wu — b,, 


where G',(z) denotes 


ore—b,2) + lob, a(z—b,)...0(2—b,4) 0 (2—by 41)... 0(Z— bm )o {2 +5—b,-—m(@+ 2’ )} 
oa (b, — by)... (Oy = by) o (by = Bp)... 00; — bm) o [s — m(@+20’)}? 


and is therefore an integral function of z of positive class m. 


Let ®(w) be a doubly-periodic function of the third kind, of positive class 
m; and let its irreducible accidental singularities, that is, those which occur 
in a parallelogram containing the point wu, be a, of order 1+ 4, % of order 
1+ ,,and soon. In the immediate vicinity of a point ,, let 


d a? dlr 1 
D(u)=(4p— BF + Op a oe ee 
Then proceeding as in the case of the secondary doubly-periodic functions 


(§ 137), we construct a function 
F (u) = B (uv) Wm (2, UX). 
We at once have F (w+ 2) = F (u) = F (w+ 20’), 
so that (wu) is a doubly-periodic function of the first kind; hence the sum 
of its residues for all the poles in a parallelogram of periods is zero. 


For the infinities of #(w), which arise through the factor Wp (z, u), we 
have as the residue for u =z 


= DAZ), 
and as the residue for w= b,, where r= 1, 2, ..., m, 
® (b,) G,(2). 
In the vicinity of a,, we have 
r) 


/ —a " 
Vn (2, u) — Vn (2, ,;,) al (uw Te a,) Wn (z, a.) oi 9 a Yn (z, a) Tovees 


where dashes imply differentiation of yy, (2, w) with regard to w, after which 
u is made equal to a,; so that in D (u) Wm (Zz, u) the residue for u=a,, where 
f=1, 2, .,%, 18 


E, (2) = Atm (4, G,) 2 Brn’ (4, 4) = i Crm” (2, at,,) Scoot Min” (2, a). 


Hence we have 


(u 


—@(2) + = O(5,) Ge) + 3 By (2) =0, 
r=1 s=1 
and therefore @(z)= > £,(z)+ & D(b,) G, (2), 
s=1 r=1 
giving the expression of D(z) by means of doubly-periodic functions of the 


third kind, which are of positive class m and have either no accidental singu- 
larity or only one and that a simple singularity. 
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The m quantities b,, ..., b,, are arbitrary; the simplest case which occurs 
is when the m zeros of @®(z) are different and are chosen as the values 
of b,,..., bm. The value of ®(z) is then 


(2) = ¥ E.(2), 


where the summation extends to all the irreducible accidental singularities ; 
while, if there be the further simplification that all the accidental singularities 
are simple, then 
® (2) = Ain (4, @) + Aan G Os) + =, 
the summation extending to all the irreducible simple singularities, 
The quantity Yn (Z, %), which is equal to 


a (z—b)...0 (Z@—bm) o {2 + 2b —m(@ + 20’) — a} 
o (a, —b,) ... 6 (Gp — bm) « [2b — m (w+ 2’)} o (2 —a4,)’ 


en (22—a,2) +p (@—a,) 


and is subsidiary to the construction of the function H(z), ts called the 
simple element of positive class m. 
In the general case, the portion 
S & (b,) G, (2) 
gives an integral function of z, and the portion = E,(z) gives a fractional 
= 


function of z. 


146. Secondly, let m be negative and equal to ~n. The equations 
satisfied by ®(z) are 


P (z+ 2w) = D(z), P (z+ 20’) =e * D(z), 


and the number of irreducible singularities is greater by n than the number 
of irreducible zeros. 


One expression for @(z) is at once obtained by forming its reciprocal, 
which satisfies the equations 


oe el 1 | 
B(z+20) D(z)’ P(z+2w) © D(z)’ 
1 
P (z) 


and is therefore of the class just considered: the value of is of the 


form 

> £,(z)+ = A,G, (2). 
For purposes of expansion, however, this is not a convenient form as it gives 
only the reciprocal of @ (z). 


To represent the function, Appell constructed the element 


Pea NsTi , an 
Xn (9) = 5 pe ake ES cao a) 


One 2a 


> 
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which, since the real part of w'/@7 is positive, converges for all values of z and 
y, except those for which 
z= y (mod. 20, 20’). 


For each of these values one term of the series, and therefore the series 


itself, becomes infinite of the first order. 


Evidently Vn (2, Y + 20) = Xn (2, Y), 
nryt 


Xn (2,y +20')=e  y,(z, 9); 


therefore in the present case 


2 (y) = ® (Y) Xn ( Y); 
regarded as a function of y, is a doubly-periodic function of the first kind. 
Hence the sum of the residues of its irreducible accidental singularities 
1S Zero. 
When the parallelogram is chosen, which includes z, these singularities 
are 
(i) y=4, arising through yp (Z, y) ; 
(ii) the singularities of ®(y), which are at least n in number, and are 
n+l when @ has / irreducible zeros. 
The expansion of y, (Zz, y), in powers of y—z, in the vicinity of the point 
Za. 1s 


—I ees 
fe positive integral powers of y — 2; 
y — 


therefore the residue of 0 (y) is 


— P (2). 
~ Let a, be any irreducible singularity, and in the vicinity of «, let ® (y) denote 
d d? dP 1 
(4,- te arse Ae i oO al Phair 


+ positive integral powers of y—a,, 
where the series of negative powers is finite because the singularity is 
accidental; then the residue of 0 (y) 1s 
AxXn (4, O) + Byrn (2, Gp) + CrXn’ (2, Uy) + 0 + PrxXn® (2; Oe), 


where yn” (2, a) is the value of 
DYXn (2; Y) 
dy* 


when y=a, after differentiation. Similarly for the residues of other singu- 
larities: and so, as their sum is zero, we have 
4 / ( ) 
®D (2) => (ANA (2, ,,,) ar ByXn (2, 9) = 000 Sr IDB ») (2, On)} 
the summation extending over all the singularities. 


F, a 
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The simplest case occurs when all the V (> 7) singularities # are accidental 
and of the first order; the function ® (z) can then be expressed in the form 
AyxXn (2, %) + AoXn (4; Ms) +... +AnxXn (4, Oy). 
The quantity xn (2, a), which is equal to 


ge PEL Tyeiat nen or (2 ee a. 
eS aec ers ) 


96 pie 2@ : 


is called the simple element for the expression of a doubly-periodic function of 
the third kind of negative class n. 


Ex. Deduce the result 
WE Gg HRS : m™ (u+ | 
7 sn ge 5 cot | 2K ‘ 


147. The function y, (z, y) can be used also as follows. Since xm (Z, y), 
qua function of y, satisfies the equations 


Xm (z, Ut 2o) = sm (Zz, Y), 
mryt 


Xm (z, y as 20’) — Bee Xm (z, Y) 


which are the same equations as are satisfied by a function of y of positive 
class m, therefore x (4, 2), Which is equal to 


msni 


—, ets-leo} 7 (a —Z-— 2sw’) 
— é cot C > 
ZO 2@ 


7 8 


mil 


being a function of z, satisfies the characteristic equations of § 142; and, in 
the vicinity of z= a, 


—] ee , 
Xm (a, z) = —— + positive integral powers of z—a. 
zZ—-a : 
If then we take the function @(z) of § 145, in the case when it has simple 
singularities at a,, 4,... and is of positive class m, then 


P (Z) + Axim (G1, 2) + AaXm (M2, 2) +... 
is a function of positive class m without any singularities: it is therefore 
equal to an integral function of positive class m, say to G@(z), where 
G (2) = Age t o (2—4,)... 6 (2 —Gm), 
so that D(z) = G (2) — Arym (m1, 2) — AsXm (Qa, 2) — «0. 
Ex. As a single example, consider a function of negative class 2, and let it have no 


zero within the parallelogram of reference. Then for the function, in the canonical 
product-form of § 143, the two irreducible infinities are subject to the relation 


Cy +¢,=2 (@+ 20’), 


. Tea (Tae +4!) 2 1 
and the function is = @(z)=Kew”  \o oe te eae *, 
o (Z—¢) o (2-9) 
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The simple elements to express @ (z) as a sum are 


Veo, , 
o srt 


a eraser 
X22; “1)=5. Seo iG Jo By 7 


t Z—¢, —2so’ 
ae OSS (2-6, — 280’), 
Qart 
wT 2 ——{(s-1)w/+20+ 40! - c} T : 
9 (2 Co )=— > e cot — (4+¢, — 20-40’ — 28a’ 
Xz (4, C2) Gace Iq et A @ @ o’) 
4a Qrmre 
7 —(q-w') © — {(r-1)o’-¢} T f 
Do EG cot Jo (2+¢,— 270’) 
after an easy reduction, 
=, =) 
eer C,-w 


X2 (= Cy). 


The residue of # (2) for ¢,, which is a simple singularity, is 


Bi vies mi 2. J i) 
A,=Kee" G He “es 
o(G,— «6, 
1— & 
and for ¢,, also a simple singularity, it is 
pees of (lias ‘) 
A,=Kee® (Z+2n+4n Co II 
o (Cy — ¢) 
ta) Qt . 
so that SE Re ee So ee 
A, 


Hence the expression for @(z) as a sum, which is 


Ay X2(% %1)+Aox2 (% %); 

Qri 
becomes Ay {x9 (4 ¢)—e © x0 (2 
that is, it is a constant multiple of 


a (Z+2 +4!) z 1 
Again, ®(2)=Kew™ ae ; 
o (2—¢,) o (@+¢,—20— 40’) 
1 8 (7 +-29+49') 2+2 (y+ 2n’)(z-+¢, — @ — 20’) ] 
= — Ke» w = 
g (2—¢;) 6 (2+) 
nN, Wize : 
pe ae J (2c¢;) 


o (2-4) 0 (2+¢)’ 


on changing the constant factor. Hence it is possible to determine Z so that 


wi we 


CH rae 
B(z)=e & x2 (% %)—-e* Xo (% — 4). 
Taking the residues of the two sides for z=c,, we have 


Dt wh mh 
= =i Snel 
Len ote @',” 
and therefore finally we have 
tz mic Tic 
7 (g2 — 2) -* o (2c) = 
ee w _ 


—— 8 x0 (2, 0)” xn (%, —€ 
o (@—c¢) o (¢+¢) i X2(% ¢)—@ ® x2 (% —¢) 


wo! mic, ae 
2s (s— i) ACAI = (25-1) — 
Se ae nate | are cot —— (2—¢, — 28a’) —e 
SES Ts l Qa 


the right-hand side of which admits of further modification if desired, 
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Many examples of such developments in trigonometrical series are given by Hermite*, 
Biehlert, Halphent, Appell§, and Krause||. 


148. We shall not further develop the theory of these uniform doubly- 
periodic functions of the third kind. It will be found in the memoirs of 
Appell§ to whom it is largely due; and in the treatises of Halphen**, and 
of Rausenberger Tt. 


It need hardly be remarked that the classes of uniform functions of a 
single variable which have been discussed form only a small proportion of 
functions reproducing themselves save as to a factor when the variable 
is subjected to homographic substitutions, of which a very special example 
is furnished by linear additive periodicity. Thus there are the various 
classes of pseudo-automorphic functions, (§ 305) called Thetafuchsian by 
Poincaré, their characteristic equation being 


3) (=F) = (yz +8)" @ (z), 


for all the substitutions of the group determining the function: and other 
classes are investigated in the treatises which have just been quoted. 


The following examples relate to particular classes of pseudo-periodic 
functions. 


Ex. 1. Shew that, if #’(z) be a uniform function satisfying the equations 


F'(2+2o')=F (2), 
all. Qa _2.m, 
F(2+72)=5F@, 


where 6 is a primitive mth root of unity, then /’(z) can be expressed in the form 


d dl” 
s (4044, So sbi ‘af e-o 


where f(z) denotes the function 


2 , 4 Be 
C(a)+b¢ (2- =) +b7¢ (--=) “Pieesses +bm-1 (2 e=e =) ; 


mM 


and prove that {/'(z) dz can be expressed in the form of a doubly-periodic function 
together with a sum of logarithms of doubly-periodic functions with constant coefficients. 
(Goursat.) 


* Comptes Rendus, t. lv, (1862), pp. 11—18. 

+ Sur les développements en séries des fonctions doublement périodiques de troisieme espece, 
(Thése, Paris, Gauthier-Villars, 1879), 

{ Traité des fonctions elliptiques, t. i, chap. xi. 

§ Annales de Vc. Norm. Sup., 3™° Sér., t. i, pp. 135—164, t. ii, pp. 9—36, t. iii, pp. 9—42. 

|| Math. Ann., t. xxx, (1887), pp. 425—436, 516—534, 

** Traité des fonctions elliptiques, t. i, chap. xtv. 


tt Lehrbuch der Theorie der periodischen Functionen, (Leipzig, Teubner, 1884), where further 
references are given, 
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Ex. 2. Shew that, if a pseudo-periodic function be defined by the equations 
S@+20)=f(Z) +r, 
S(E+20')=f@+N, 
and if, in the parallelogram of periods containing the point z, it have infinities ¢, ... such 
that in their immediate vicinity 


d d") 1 
FO={O4 OTH nrert Ons gah Se C=O) 


then f(z) can be expressed in the form 


Vi d de 
Las etA+3 45+ Mee + Ons Fah C=) 


tin 
the summation extending over all the infinities of f(z) in the above parallelogram of periods, 
and the constants C,, ... being subject to the condition 
+imdC, =o! — No. 
Deduce an expression for a doubly-periodic function ¢(z) of the third kind, by 
assuming 


»-#@ ' 
Ian 5 oy (Halphen.) 


Ex. 3. If S(z) be a given doubly-periodic function of the first kind, then a 
pseudo-periodic function /'(z), which satisfies the equations 
F (2+2o0)= F(z), 
naiZ 
F'(é+20')=e » S(z) F(a, 
where 7 is an integer, can be expressed in the form 
2{S! (2), nr Ay i 
Pade! ste pre 
where A is a constant and m(z) denotes 
Le wage Cees : 
E4G+3(B,+6, dt raat Partene ) ¢(z-6,), 
the summation extending over all points b, and the constants B, being subject to the 


relation 
@ 


B,=- =. 


Explain how the constants 6, G and B can be determined. (Picard.) 
Ex. 4, Shew that the function #’(z) defined by the equation 


Cae n+l Ons 
TG EP (ee 


n=—2 
for values of |z|, which are <1, satisfies the equation 
F()=F ie); 


: n—o d, (£)—a@ 
and that the funet Fi(@y= > “5 
an 1a e function 1 (2) es AHO 


where $(#) = —1, and ¢, (2), for positive and negative values of n, denotes p[p {b... p (x)}], 
¢ being repeated n times, and a is the positive root of a’—-a—1=0; satisfies the equation 
F, (0-1) =F, (2) 

for real values of the variable. 


Discuss the convergence of the series which defines the function /', («). (Appell.) 


CHAPTER XIII. 
FUNCTIONS POSSESSING AN ALGEBRAICAL ADDITION-THEOREM. 


149. We may consider at this stage an interesting set* of important 
theorems, due to Weierstrass, which are a justification, if any be necessary, 
for the attention ordinarily (and naturally) paid to functions belonging to 
the three simplest classes of algebraic, simply-periodic, and doubly-periodic, 
functions. 


A function $(u) is said to possess an algebraical addition-theorem, when 
among the three values of the function for arguments w, v, and w+, where wu 
and v are general and not merely special arguments, an algebraical equation 
exists} having its coefficients independent of wu and 2, 


150. It is easy to see, from one or two examples, that the function does 
not need to be a uniform function of the argument. The possibility of 
multiformity is established in the following proposition : 


A function defined by an algebraical equation, the coefficients of which are 
rational functions of the argument, or are uniform simply-periodic functions 
of the argument, or are uniform doubly-periodic functions of the argument, 
possesses an algebraical addition-theorem. 


* They are placed in the forefront of Schwarz’s account of Weierstrass’s theory of elliptic 
functions, as contained in the Formeln und Lehrsiitze zum Gebrauche der elliptischen Functionen ; 
but they are there stated (§§ 1—3) without proof. The only proof that has appeared is in a 
memoir by Phragmén, Acta Math., t. vii, (1885), pp. 833—42; and there are some statements 
(pp. 890—393) in Biermann’s Theorie der analytischen Functionen relative to the theorems. The 
proof adopted in the text does not coincide with that given by Phragmén. 

|} There are functions which possess a kind of algebraical addition-theorem ; thus, for 
instance, the Jacobian Theta-functions are such that ®, (w+v) 8. (w—v) can be rationally ex- 
pressed in terms of the Theta-funections having wu and » for their arguments. Such functions 
are, however, naturally excluded from the class of functions indicated in the definition. 

Such functions, however, possess what may be called a muiltiplication-theorem for multipli- 
cation of the argument by an integer, that is, the set of functions © (mu) can be expressed 
algebraically in terms of the set of functions 6 (wv). This is an extremely special case of a set 
of transcendental functions having a multiplication-theorem, which are investigated by Poincaré, 
Liouville, 4° Sér., t. iv, (1890), pp. 313—365. 
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First, let the coefficients be rational functions of the argument u. If 
the function defined by the equation be U, we have 


U™ g, (w) + Ug, (uw) +... + Im (wu) = 0, 


where g (u), 9: (w), «--; Jm(u) are rational integral functions of w of degree, 
say, not higher than n. The equation can be transformed into 


WI KU ur (0) +t fn 0) = 0, 
where f,(U), f,(U), ..., fn(U) are rational integral functions of U of degree 
not higher than m. 


Let V denote the function when the argument is v, and W denote it 
when the argument is w+v; then 


MOT KW) eV) ces fy GY y=, 
and (ut+v)fo(W)+ (ut v7 fi(W)+...+fn(W) =0. 


The algebraical elimination of the two quantities wand v between these 
three equations leads to an algebraical equation between the quantities 
S(U), f(V) and f(W), that is, to an algebraical equation between U, V, W, 
say of the form 

G(U, V, W)=9, 
where G denotes a polynomial function, with coefficients independent of 
wand v. It is easy to prove that G is symmetrical in U and V, and that 
its degree in each of the three quantities U, V, W is mn The equation 
G=0 implies that the function U possesses an algebraical addition-theorem. 

Secondly, let the coefficients* be uniform simply-periodic functions of 
the argument u. Let w denote the period: then, by § 113, each of these 


functions is a rational function of tan =. Let wu’ denote tan =! then 
the equation is of the form 

U* G5 (ub) U0" gs () 4.0 + Im (e) =O; 
where the coefficients g are rational (and can be taken as integral) functions 


of uw’. If p be the highest degree of w’ in any of them, then the equation 
can be transformed into 


wu? f,(U) + uP? f, (U) +... +fo(U) =9, 


where f,(U), fi(U), ..., fp(U) are rational integral functions of U of degree 
not higher than m. 


* The limitation to uniformity for the coefficients has been introduced merely to make the 
illustration simpler; if in any case they were multiform, the equation would be replaced by 
another which is equivalent to all possible forms of the first arising through the (finite) 
multiformity of the coefficients: and the new equation would conform to the specified 


conditions. 
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Ut : 
Let v’ denote tan~-, and w’ denote nee then the corresponding 
@ 


values of the function are determined by the equations 

0? f,(V) +P f,(V) +... +fp(V) =9, 
and w’? f.(W) +wPrfi(W) +... +fp(W) =9. 
The relation between w’, v’, w’ is 

wow +u' +0 —w'=0. 
The elimination of the three quantities w’, v’, w’ among the four equations 
leads as before to an algebraical equation 
G(U, V, W)=9, 

where G denotes a polynomial function (now of degree mp*) with coefficients 
independent of wu and v. The function U therefore possesses an algebraical 
addition-theorem. 

Thirdly, let the coefficients be uniform doubly-periodic functions of the 
argument u. Let w and w’ be the two periods; and let @(w), the Weier- 
strassian elliptic function in those periods, be denoted by & Then every 
coefficient can be expressed in the form 


M+ Ng’ (u) 
ey 


where L, M, N are rational integral functions of & of finite degree. Unless 
each of the quantities NV is zero, the form of the equation when these 
values are substituted for the coefficients is 
A + Bg’ (u)=0, 
so that A? = B (4 — 9,& — gs); 
and this is of the form 
U2 gy (E) + UI gy (E) +o. + Jam (E) = 9, 
where the coefficients g are rational (and can be taken as integral) functions 
of € If q be the highest degree of & in any of them, the equation can be 
transformed into 
E1fy(U) + EO f(T) enw + fo(U)=9, 

where the coefficients f are rational integral functions of U of degree not 
higher than 2m. 

Let » denote @(v) and € denote @(w+v); then the corresponding values 
of the function are determined by the equations 

Moo RV Vite eer eee eee +7,(V )=90, 
and CTC W) + C8 A CW ex evcpa es + fo(W) = 0. 
By using Ex. 4, § 131, it is easy to shew that the relation between &€, , € is 
16 (E++ 6) (E— ny —8 (E+ 9+ 6) [4 (E+ 9°) — go (E+) — 295} 
+ (48? + 4En + 4n?— gn) = 0. 
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The elimination of & , € from the three equations leads as before to an 
algebraical equation 
. GU, V, W)= 0, 
of finite degree and with coefficients independent of uw and v. Therefore in 
this case also the function U possesses an algebraical addition-theorem. 


If, however, all the quantities V be zero, the equation defining U is of the 
form 
Uh, (E) + Uh, (€) +... + Am (E) = 03 
and a*similar argument then leads to the inference that U possesses an 
algebraical addition-theorem. 
The proposition is thus completely established. 


151. The generalised converse of the preceding proposition now suggests 
itself: what are the classes of functions of one variable that possess an alge- 
braical addition-theorem? The solution is contained in Weierstrass’s theorem :— 


An analytical function $(u), which possesses an algebraical addition- 
theorem, is either 
GQ) an algebraic function of u; or 
anu 

(ii) an algebraic function of e”, where wo is a suitably chosen 
constant ; or 

(iil) an algebraic function of the elliptic function @(u), the periods —or 
the invariants g. and g;—being suitably chosen constants. 


Let U denote ¢ (uw). 


For a given general value of wu, the function U may have m values where, 
for functions in general, there is not a necessary limit to the value of m; it 
will be proved that, when the function possesses an algebraical addition- 
theorem, the integer m must be finite. 

For a given general value of U, that is, a value of U when its argument is 
not in the immediate vicinity of a branch-point if there be branch-points, the 
variable w may have p values, where p may be finite or may be infinite. 

Similarly for given general values of v and of V, which will be used to 
denote ¢ (v). 


First, let p be finite. Then because w has p values for a given value of U 
and v has p values for a given value of V, and since neither set is affected by 
the value of the other function, the sum w+v has p? values because any 
member of the set uw can be combined with any member of the set v; and 
this number p? of values of w+ v is derived for a given value of U and a 
given value of V. 

Now in forming the function ¢(w+v), which will be denoted by W, we 
have m values of W for each value of w+v and therefore we have mp? values 
of W for the whole set, that is, for a given value of U and a given value of V. 
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Hence the equation between U, V, W is of degree* mp? in W, necessarily 
finite when the equation is algebraical ; and therefore m is finite. 

Because m is finite, U has a finite number m of values for a given value 
of w; and, because p is finite, w has a finite number p of values for a given 
value of U. Hence U is determined in terms of w by an algebraical equation 
of degree m, the coefficients of which are rational integral functions of degree 
p; and therefore U is an algebraic function of u. 


152. Next, let p be infinite; then (see Note, p. 332) the system of values 
may be composed of (i) a single simply-infinite series of values or (11) a finite 
number of simply-infinite series of values or (111) a simply-infinite number of 
simply-infinite series of values, say, a single doubly-infinite series of values or 
(iv) a finite number of doubly-infinite series of values or (v) an infinite 
number of doubly-infinite series of values: where, in (v), the infinite number 
is not restricted to be simply-infinite. 

Taking these alternatives in order, we first consider the case where the p 
values of uw fora given general value of U constitute a single simply-infinite 
series. They may be denoted by f(u, n), where n has a simply-infinite 
series of values and the form of f is such that f(w, 0) =u. 

Similarly, the p values of v for a given general value of V may be denoted 
by f(v, n’), where n’ has a simply-infinite series of values. Then the different 
values of the argument for the function W are the set of values given by 


Su m+f (a, 2’), 
for the simply-infinite series of values for n and the similar series of values 
for n’, 

The values thus obtained as arguments of W must all be contained in 
the series f(w +, n”), where n” has a simply-infinite series of values; and, 
in the present case, f (w+, n”) cannot contain other values. Hence for some 
values of n and some values of n’, the total aggregate being not finite, the 
equation 

Su nt+f(y, n')=f ut, vr”) 
must hold, for continuously varying values of wu and v. 

In the first place, an interchange of w and v is equivalent to an inter- 
change of n and n’ on the left-hand side; hence n” is symmetrical in n 
and n’. Again, we have 


Ou = A(w + v) 
_ of (y, n’') 


ov 


of (u, Se of (w + 9, n’) 


* The degree for special functions may be reduced, as in Cor. 1, Prop. XIII., § 118; but in no 
case is it increased, Similarly modifications, in the way of finite reductions, may occur in the 
succeeding cases; but they will not be noticed, as they do not give rise to essential modification 
in the reasoning. 
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so that the form of f(u, n) is such that its first derivative with regard to wu is 
independent of u. Let @(n) be this value, where @(n), independent of w, may 
be dependent on n; then, since 


of (un 
oe ~ eA) 


we have J (u, n) = v8 (n) +  (n), 


W(n) being independent of uw. Substituting this expression in the former 
equation, we have the equation 


ud (n) + (n) + 08 (n') + (n’) = (w+ 0) O(n”) +h (n”), 
which must be true for all values of w and v; hence 
O(n) = 8 (n") = O(n’), 


so that @(m) is a constant and equal to its value when n=0. But when n is 
zero, f(u, 0) is w; so that 0 (0) =1 and (0) =0, and therefore 


Se ny=ut y(n), 


where Y vanishes with n. 
The equation defining yf is 
h(n) +P (n') = p(n"); 


for values of n from a singly-infinite series and for values of n’ from the same 
series, that series is reproduced for n”. Since W(m) vanishes with n, we take 


h(n) = nx (nr), 
and therefore ny (n) + n'y (n’) = ny (rn). 
Again, when n’ vanishes, the required series of values of n’’is given by taking 
nm” =n; and, when n’ does not vanish, n” is symmetrical in » and n’, so that 


we have 
n=n+n +nnr, 


where X is not infinite for zero or finite values of n or n’. Thus 
ny (n) + n'y (n') = (n+n' +nn’'r) x (n+ n' + nnd). 
Since the left-hand side is the sum of two functions of distinct and inde- 
pendent magnitudes, the form of the equation shews that it can be satisfied 


only if 
r7=0, so that n”=n+n; 


and x(n) = x (0) 
=x (w’), 
so that each is a constant, say w; then 
J(u, n) =u + no, 


which is the form that the series must adopt when the series f(u + v, n”) is 


obtained by the addition of f(u, n) and f(y, 1’). 
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It follows at once that the single series of arguments for W is obtained, 
as one simply-infinite series, of the form u+v+no. For each of these 
arguments we have m values of W, and the set of m values of W is 
the same for all the different arguments; that is, W has m values for a 
given value of U and a given value of V. Moreover, U has m values for each 
argument and likewise V; hence, as the equation between U, V, W is of 
a degree that is necessarily finite because the equation is algebraical, the 
integer m is finite. 

It thus appears that the function U has a finite number m of values for 
each value of the argument wu, and that for a given value of the function the 
values of the argument form a simply-periodic series represented by w+ no. 


But the function tan” is such that, for a given value, the values of the 
@ 
argument are represented by the series w+n@; hence for each value of 
u ; 
tan ~— there are m values of U, and for each value of U there is one value 
@ 


of tan =. It therefore follows, by § 118, 114, that between U and tan me 
@ 


there is an algebraical relation which is of the first degree in tan ae and the 
@ 


mth degree in U, that is, U is an algebraic function of tan m™. Hence U is 
@ 


anu 


an algebraic function also of e°. 


Note. This result is based upon the supposition that the series of argu- 
ments, for which a branch of the function has the same value, can be arranged 
in the form /(w,), where 7 has a simply-infinite series of integral values. If, 
however, there were no possible law of this kind—the foregoing proof shews 
that, if there be one such law, there is only one such law, with a properly 
determined constant w#—then the values would be represented by aw, ws, ...5 Up 
with p infinite in the limit. In that case, there would be an infinite number of 
sets of values for u+v of the type w,+v,, where X and w might be the same 
or might be different; each set would give a branch of the function W, and 
then there would be an infinite number of values of W corresponding to one 
branch of U and one branch of V. The equation between U, V and W would 
be of infinite degree in W, that is, it would be transcendental and not alge- 
braical. ‘The case is excluded by the hypothesis that the addition-theorem is 
algebraical, and therefore the equation between U, V and W is algebraical. 

153. Next, let there be a number of simply-infinite series of values of 
the argument of the function, say q, where qg is greater than unity and 
may be either finite or infinite. Let ™, mw, ..., uw, denote typical members 
of each series. 


Then all the members of the series containing u, must be of the form 
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Ji (%, ”), for an infinite series of values of the integer n. Otherwise, as in the 
preceding Note, the sum of the values in the series of arguments u and of 
those in the same series of arguments v would lead to an infinite number of 
distinct series of values of the argument wu +, with a corresponding infinite 
number of values W; and the relation between U, V, W would cease to be 
algebraical. 


In the same way, the members of the corresponding series containing 2, 
must be of the form /,(%, n’) for an infinite series of values of the integer n’. 
Among the combinations 

Am, n+ fi (%, 7’), 
the simply-infinite series Aili + %, n’’) must occur for an infinite series 
of values of n”; and therefore, as in the preceding case, 


Ai(u, 2) =m +no,, 
where @, 18 an appropriate constant. Further, there is only one series of 
values for the combination of these two series; it is represented by 
U+%, +a). 

In the same way, the members of the series containing u, can be repre- 
sented in the form u,+n@,, where @, 18 an appropriate constant, which may 
be (but is not necessarily) the same as ,; and the series containing w,, 
when combined with the set containing v,, leads to only a single series 
represented in the form u,+v,+7@,. And so on, for all the series in order. 


But now since u,+m,@,, where m, is an integer, is a value of w for a given 
value of U, it follows that U (uw, + m,.,) =U (wu) identically, each being equal 
to U. Hence 

U (uy, + mo, + m,@,) = U (uy, + mo,) = U (um) = U, 

and therefore 1, + m,@, + ™,@, 18 also a value of w for the given value of U, 
leading to a series of arguments which must be included among the original 
series or be distributed through them. Similarly u,+%m,o,, where the 
coefficients m are integers and the constants are properly determined, 
represents a series of values of the variable w, included among the original 
series or distributed through them. And generally, when account is taken of 
all the distinct series thus obtained, the aggregate of values of the vanable u 
can be represented in the form wu, + 2m,o,, for =1, 2,..., «, where « is 
some finite or infinite integer 

Three cases arise, (a) when the quantities m are equal to one another or 
can be expressed as integral multiples of only one quantity , (b) when the 
quantities » are equivalent to two quantities Q, and Q, (the ratio of which is 
not real), so that each quantity w can be expressed in the form 


oO, = PirQy + Por on 


the coefficients p,,, Px» being finite integers; (c) when the quantities @ are 
not equivalent to only two quantities, such as Q, and Q,. 
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For case (a), each of the « infinite series of values w can be expressed 
in the form uw, + po, for \= 1, 2, ..., « and integral values of p. 


First, let « be finite, so that the original integer q is finite. Then the 
values of the argument for W are of the type 


tat poty%,+ po, 
that is, Ur + y+ pa, 
for all combinations of \ and uw and for integral values of p”’. There are thus 


x series of values, each series containing a simply-infinite number of terms 
of this type. 


For each of the arguments in any one of these infinite series, W has m 
values; and the set of m values is the same for all the arguments in one and 
the same infinite series. Hence W has mx? values for all the arguments in 
all the series taken together, that is, for a given value of U and a given 
value of V. The relation between U, V, W is therefore of degree mx’, 
necessarily finite when the equation is algebraical; hence m is finite. 


It thus appears that the function U has a finite number m of values for 
each value of the argument wu, and that for a given value of the function there 
are a finite number « of distinct series of values of the argument of the form 


u+po, » being the same for all the series. But the function tan —~ has 
@ 
one value for each value of w and the series u+pq@ represents the series of 
values of « for a given value of tan 7 It therefore follows that there are 
@ 


TU TU 
and that there are « values of tan — 
@ @ 


for each value of U; and therefore there is an algebraical relation between 


m values of U for each value of tan 


TU Bide : 
U and tan —, which is of degree « in the latter and of degree m in the 
(a) = 


imu 


TU im 
former. Hence U is an algebraic function of tan — and therefore also of e. 
: a 


Next, let « be infinite, so that the original integer q is infinite. Then, 
as in the Note in § 152, the equation between U, V, W will cease to be 
algebraical unless each aggregate of values u,+po, for each particular 
value of p and for the infinite sequence \=1, 2, ..., «, can be arranged in a 
system or a set of systems, say o in number, each of the form f, (w+ pa, pp) 
for an infinite series of values of p,. Each of these implies a series of values 
So(v+ po, p,’) of the argument of V for the same series of values of p, as of 
Pp, and also a series of values f/,(u+v+ po, p,’) of the argument of W for 
the same series of values of p,”. By proceeding as in § 152, it follows that 


So (W+ po, pp) =U + po + po, , 


where @, 1s an appropriate constant, the ratio of which to » can be proved 
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(as in § 106) to be not purely real, and p, has a simply-infinite succession of 
values. The integer o may be finite or it may be infinite. 


When @ and all the constants w’ which thus arise are linearly equivalent 
to two quantities Q, and Q,, so that the terms additive to w can be expressed 
in the form s,Q, +s,0,, then the aggregate of values w can be expressed 
in the form 

Up + p,Q, + pQ., 
for a simply-infinite series for p, and for p,; and p has a series of values 
1, 2,...,¢. This case is, in effect, the same as case (0). 

When o and all the constants w’ are not linearly equivalent to only 
two quantities, such as 0, and Q,, we have a case which, in effect, is the 
same as case (c). 

These two cases must therefore now be considered. 


For case (6), either as originally obtained or as derived through part 
of case (a), each of the (doubly) infinite series of values of w can be expressed 
in the form 

Ua + p,Qy + PQ», 
for X= 1, 2,..., o and for integral values of p, and p,. The integer o may be 
finite or infinite; the original integer g is infinite. 

First, let o be finite. Then the values of the argument for W are of the 
type 

Ur + PQ, ete PQs sip Ofest D.05 + pO, 
that is, Un + Up + py Oy + pry’ Dn, 
for all combinations of X and w and for integral values of p,’ and p,.”. There 
are thus o? series of values, each series containing a doubly-infinite number of 
terms of this type. 

For every argument there are m values of W; and the set of m values is 
the same for all the arguments in one and the same infinite series. Thus W 
has mo? values for all the arguments in all the series, that is, for a given value 
of U and a given value of V; and it follows, as before, from the consideration 
of the algebraical relation, that m is finite. 

The function U thus has m values for each value of the argument w; and 
for a given value of the function there are o series of values of the argument, 
each series being of the form uy + p,Q) + pQ». 

Take a doubly-periodic function © having Q, and Q, for its periods, such* 
that for a given value of ® the values of its arguments are of the foregoing 
form. Whatever be the expression of the function, it is of the order o. 
Then U has m values for each value of ©, and © has one value for each 
value of U; hence there is an algebraical equation between U and ®, of 

* All that is necessary for this purpose is to construct, by the use of Prop. XII., § 118, a 
function having, as its irreducible simple infinities, a series of points a,, dg, ..., @—special 


values of u,, Ug, ..., Ue —in the parallelogram of periods, chosen so that no two of the o points a 
coincide. 
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the first degree in the latter and of the mth degree in U: that is, U is an 
algebraic function of ®. But, by Prop. XV. § 119, @ can be expressed in 
the form 

MO) 

7 , 

where L, M, N are rational integral functions of @(u), if O, and Q, be the 
periods of @(u); and @’(u) is a two-valued algebraic function of @(u), 
so that © is an algebraic function of @ (wu). Hence also U is an algebraic 
function of @(w), the periods of @(u) being properly chosen. 


This inference requires that o, the order of ©, be greater than 1. 
Because U has m values for an argument u, the symmetric function >U 
has one value for an argument w and it is therefore a uniform function. 
But each term of the sum has the same value for u+p,Q,4+ p.Q,. as for 
w; and therefore this uniform function is doubly-periodic. The number of 
independent doubly-infinite series of values of w for a uniform doubly- 
periodic function is at least two: and therefore there must be at least two 
doubly-infinite series of values of u, so that o>1. Hence a function, that 
possesses an addition-theorem, cannot have only one doubly-infinite series of 
values for its argument. 


If o be infinite, there is an infinite series of values of uw of the form 
Ux + p,Q, + p.Q.; an argument, similar to that in case (a), shews that this is, 
in effect, the same as case (c). 


It is obvious that cases (11), (111) and (iv) of § 152 are now completely 
covered ; case (v) of § 152 is covered by case (c) now to be discussed in § 154. 


154. For case (c), we have the series of values w represented by a number 
of series of the form 


where the quantities w are not linearly equivalent to two quantities Q, and 
Q,. The original integer q is infinite. 


Then, by §§ 108, 110, it follows that integers m can be chosen in an 

unlimited variety of ways so that the modulus of 

Ly MpOy 

r=1 
is infinitesimal, and therefore in the immediate vicinity of any point wa 
there is an infinitude of points at which the function resumes its value, 
Such a function would, as in previous instances, degenerate into a mere 
constant, unless each point were an essential singularity (as is not the case) ; 
hence the combination of values which gives rise to this case does not occur. 


All the possible cases have been considered : and the truth of Weierstrass’s 
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theorem* that a function, which has an algebraical addition-theorem, is either 
imu 


an algebraical function of wu, or of e ® (where @ is suitably chosen), or of @ (wu), 
where the periods of @(u) are suitably chosen, is established; and it has 
incidentally been established—it is, indeed, essential to the derivation of the 
theorem—that a function, which has an algebraical addition-theorem, has only 
a finite number of values for a given argument. 

It is easy to see that the first derivative has only a finite number of values 
for a gwen argument; for the elimination of U between the algebraical 
equations 


OG or , OG _ 
G(U,u)=0, ae U ae 


leads to an equation in U’ of the same finite degree as @ in U. 


Further, it is now easy to see that if the analytical function (u), which 

possesses an algebraical addition-theorem, be uniform, then it ts a rational 
imu 

Junction either of u, or of e®, or of O(u) and g’(u); and that any uniform 

function, which is transcendental in the sense of § 47 and which possesses an 

algebraical addition-theorem, is either a simply-periodic function or a doubly- 


periodic function. 


The following examples will illustrate some of the inferences in regard to the number 
of values of ¢ (w+v) arising from series of values for w and v. 

Ez. 1. Let U=ui+(2u+1). 

Evidently m, the number of values of U for a value of u, is 4; and, as the rationalised 


form of the equation is 
w+ 2u (1—-3U2)+(U2-1%=0, 


the value of p, being the number of values of w for a given value of U, is 2. Thus the 
equation in ‘W should be, by § 151, of degree (4. 2?=) 16. 
8 
This equation is I {3 (W2- U2— V*)4+1-2k,} =0, 
r=1 
where &, is any one of the eight values of 
W (2W2-1)'+ U(2U2-1)'+ V(2V2-1)); 


an equation, when rationalised, of the 16th degree in W. 


Ha. 2. Let U=cosu. 

Evidently m=1; the values of wu for a given value of U are contained in the double 
series u+2rn, —u+2rn, for all values of x from —o to +o. The values of w+v are 
Ut2%rn+v+2rm, that is, ut+v+22Qrp; —U+2@rn+v+2rm, that is, —wtv+2rp; 
ut+IQ@rn—v+2qrm, that is, w—v+2arp; —uUt2rn-v+2rm, that is, —u—v+2rp, 

* The theorem has been used by Schwarz, Ges. Werke, t. ii, pp. 260—268, in determining all 
the families of plane isothermic curves which are algebraical curves, an ‘ isothermic’ curve being 
of the form uw=c, where u is a function satisfying the potential-equation 

au au 
Ou? ~ dy? 


22 
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so that the number of series of values of w+v is four, each series being simply-infinite. 
It might thus be expected that the equation between U, V, W would be of degree 
(1.4=)4 in W; but it happens that 
cos (u¥+v)=cos (—u—), 
and so the degree of the equation in W is reduced to half its degree. The equation is 
W2-2WUV+ U24 V2-1=0. 

yn, 3. Let U=sn u. 

Evidently m=1; and there are two doubly-infinite series of values of ~ determined 
by a given value of U, having the form w+2mo+2m'o', o—u+2mo+42m'o'. Hence the 
values of w+v are 

= wt+v(mod. Yo, 20’); =o—u+v(mod. 2a, 20’) ; 
=o+u—v(mod. 2, 2a’) ; = —u-—v(mod. 2, 20’); 
four in number. The equation may therefore be expected to be of the fourth degree 
in W; it is 
4 (1— U®)(1— V2) (1— W2)=(2— U2— V2— W242U2V2 Wy, 

155. But it must not be supposed that any algebraical equation between 
U, V, W, which is symmetrical in U and JV, is one necessarily implying the 
representation of an algebraical addition-theorem. Without entering into a 
detailed investigation of the formal characteristics of the equations that are 
suitable, a latent test is given by implication in the following theorem, also 
due to Weierstrass :— 


Tf an analytical function possess an algebraical addition-theorem, an 
algebraical equation involving the function and its first derivative with regard 
to its argument exists; and the coefficients in this equation do not involve the 


argument of the function. 


The proposition might easily be derived by assuming the preceding 
proposition, and applying the known results relating to the algebraical 
dependence between those functions, the types of which are suited to the 
representation of the functions in question, and their derivatives; we shall, 
however, proceed more directly from the equation expressing the algebraical 
addition-theorem in the form 

Gta i, Wye. 


which may be regarded as a rationally irreducible equation. 


Differentiating with regard to wu, we have 


OG op OOo 
and similarly, with regard to v, we have 

Os ees 

a aa er 
from which it follows that 

Oe, Gua 

aU U’— av Y=), 
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This equation* will, in general, involve W; in order to obtain an equation 
free from W, we eliminate W between 


i ee 
G=0 and spU =ayV: 


the elimination being possible because both equations are of finite degree ; 
and thus in any case we have an algebraical equation independent of W and 
involving U, U’, V, V’. 

Not more than one equation can arise by assigning various values to v, a 
quantity that is independent of w; for we should have either inconsistent 
equations or simultaneous equations which, being consistent, determine a 
limited number of values of U and U’ for all values of wu, that is, only a 
number of constants. Hence there can be only one equation, obtained by 
assigning varying values to v; and this single equation is the algebraical 
equation between the function and its first derivative, the coefficients being 
independent of the argument of the function. 

Note. <A test of suitability of an algebraical equation G=0 between 
three variables U, V, W to represent an addition-theorem is given by the 
condition that the elimination of W between 


, 0G ,0G 
G=0 and U ia V AV 
leads to only a single equation between U and U’ for different values of V 
and V’. 
Ex. Consider the equation 
(2-U-V- Wy-—4(1-U)(1- V)(1- W)=0. 
The deduced equation involving U’ and V" is 
QVW-V—W+U) U’=(2UW-U-W+V)V’, 


: (V-U)(V'+U") 
so that WG-1) U'- G01 


The elimination of W is simple. We have 
(V+ U-1)(U'- V’) 


1—-— W= (2 V—1) U'—(2U- 1) [7 b) 
pp _o(VEU-1) (A-V) U'-1- 0) V3 
ana 9—U—V—-W=2 eS Ow a , 


Neglecting 4(V+U-1)=0, which is an irrelevant equation, and multiplying by 
(2V—1) U’—(2U-1) V’, which is not zero unless the numerator also vanish, and this 
would make both U’ and V’ zero, we have 

(V+ U—1){1-V) U’-(1- VU) V}2=(1- UV) 1- ‘V)(U’- V’) {2V—1) U'- (20-1) V4, 
and therefore V(U-—V)(1- V) 024+ U0 (V- JU) (1- UV) V?=0. 

* It is permissible to adopt any subsidiary irrational or non-algebraical form as the equivalent 
of G=0, provided no special limitation to the subsidiary form be implicitly adopted. Thus, if 1” 
can be expressed explicitly in terms of U and V, this resoluble (but irrational) equivalent of the 
equation often leads rapidly to the equation between U and its derivative. 

22—2 
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When the irrelevant factor U-V is neglected, this equation gives 
Ue Vv? 
C= 0) av Clea 4 
the equation required: and this, indeed, is the necessary form in which the equation 
involving U and U’ arises in general, the variables being combined in associate pairs. 
Each side is evidently a constant, say 4a”; and then we have 
U"2=40?U (1— U). 


Then the value of U is sin?(aw+), the arbitrary additive constant of integration 
being 8; by substitution in the original equation, 8 is easily proved to be zero. 


156. Again, if the elimination between 


OCie OU oy 

G =() and at U = aV Ve 
be supposed to be performed by the ordinary algebraical process for finding 
the greatest common measure of @ and U’ oe Te regarded as functions 


of W, the final remainder is the eliminant which, equated to zero, is the 
differential equation involving U, U’, V, V’; and the greatest common measure, 
equated to zero, gives the simplest equation in virtue of which the equations 


G=0 and 0G U’ aoe V’ subsist. It will be of the form 


CU ay 
fC We On UV ree. 


If the function have only one value for each value of the argument, so that it 
is a uniform function, this last equation can give only one value for W; for all 
the other magnitudes that occur in the equation are uniform functions of 
their respective arguments. Since it is linear in W, the equation can be 
expressed in the form 


W= CO Ve Uy) 


where R denotes a rational function. Hence* :— 


A unform analytical function $(u), which possesses an algebraical 
addition-theorem, is such that p(u+v) can be expressed rationally in terms 
of d(u), d’(u), P(v) and q'(v). 

It need hardly be pointed out that this result is not inconsistent with the 
fact that the algebraical equation between (w+ v), p(w) and $(v) does not, 
in general, express (w+ v) as a rational function of }(w) and p(v). And it 
should be noticed that the rationality of the expression of $(u+v) in terms 
of d(u), P(r), d (uw), $'(v) is characteristic of functions with an algebraical 
addition-theorem. Instances do occur of functions such that b(w+v) can be 
expressed, not rationally, in terms of $(w), (v), g(x), b (rv); they do not 
possess an algebraical addition-theorem. Such an instance is furnished by 
&(w); the expression of €(w+v), given in Ex. 3 of § 131, can be modified so 
as to have the form indicated. 


* The theorem is due to Weierstrass; see Schwarz, § 2, (l.c. in note to p. 326) 


. 


CHAPTER XIV. 


CONNECTION OF SURFACES. 


157. In proceeding to the discussion of multiform functions, it was 
stated (§ 100) that there are two methods of special importance, one of which 
is the development of Cauchy’s general theory of functions of complex vari- 
ables and the other of which is due to Riemann. The former has been 
explained in the immediately preceding chapters; we now pass to the 
consideration of Riemann’s method. But, before actually entering upon it, 
there are some preliminary propositions on the connection of surfaces which 
must be established ; as they do not find a place in treatises on geometry, an 
outline will be given here but only to that elementary extent which is 
necessary for our present purpose, 


In the integration of meromorphic functions, it proved to be convenient 
to exclude the poles from the range of variation of the variable by means of 
infinitesimal closed simple curves, each of which was thereby constituted a 
limit of the region: the full boundary of the region was composed of the 
ageregate of these non-intersecting curves. 

Similarly, in dealing with some special cases of multiform functions, it 
proved convenient to exclude the branch-points by means of infinitesimal 
curves or by loops. And, in the case of the fundamental lemma of § 16, the 
region over which integration extended was considered as one which possibly 
had several distinct curves as its complete boundary. 

These are special examples of a general class of regions, at all points 
within the area of which the functions considered are monogenic, finite, and 
continuous and, as the case may be, uniform or multiform. But, important 
as are the classes of functions which have been considered, it is necessary to 
consider wider classes of multiform functions and to obtain the regions which 
are appropriate for the representation of the variation of the variable in each 
case. The most conspicuous examples of such new functions are the algebraic 
functions, adverted to in §§ 94—99; and it is chiefly in view of their value 
and of the value of functions dependent upon them, as well as of the kind of 
surface on which their variable can be simply represented, that we now 
proceed to establish some of the topological properties of surfaces in general. 

158. A surface is said to be connected when, from any point of it to any 
other point of it, a continuous line can be drawn without passing out of the 
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surface. Thus the surface of a circle, that of a plane ring such as arises in 
Lambert’s Theorem, that of a sphere, that of an anchor-ring, are connected 
surfaces. Two non-intersecting spheres, not joined or bound together in any 
manner, are not a connected surface but are two different connected surfaces. 
It is often necessary to consider surfaces, which are constituted by an 
ageregate of several sheets; in order that the surface may be regarded as 
connected, there must be junctions between the sheets. 


One of the simplest connected surfaces is such a plane area as is enclosed 
and completely bounded by the circumference of a circle. All lines drawn in 
it from one internal point to another can be deformed it into one another; any 
simple closed line lying entirely within it can be deformed so as to be 
evanescent, without in either case passing over the circumference; and any 
simple line from one point of the circumference to another, when regarded as 
an impassable barrier, divides the surface into two portions. Such a surface 
is called* simply connected. 


The kind of connected surface next in point of simplicity is such a plane 
area as is enclosed between and is completely bounded by the circumferences 
of two concentric circles. All lines in the surface 
from one point to another cannot necessarily be 
deformed into one another, e.g., the lines z,az and 
zbz; a simple closed line cannot necessarily be 
deformed so as to be evanescent without crossing 
the boundary, e.g., the line azbza; and a simple 
line from a point in one part of the boundary 
to a point in another and different part of the 
boundary, such as a line AB, does not divide the Fig. 35. 
surface into two portions but, set as an impassable barrier, it makes the 
surface simply connected. 


Again, on the surface of an anchor-ring, a closed line can be drawn in 
two essentially distinct ways, abe, ab’c’, such 
that neither can be deformed so as to be evanes- 
cent or so as to pass continuously into the other. 
If abe be made the only impassable barrier, a 
line such as aBy cannot be deformed so as to be 
evanescent; if ab’c’ be made the only impassable 
barrier, the same holds of a line such as a'r’. 
In order to make the surface simply connected 
two impassable barriers, such as abe and ab’c’ 
must be set. 


y 


> 


Fig. 36. 


Surfaces, like the flat ring or the anchor- 


* Sometimes the term monadelphic is used. The German equivalent is einfach zusammen- 
hiingend., 
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ring, are called* multiply connected; the establishment of barriers has made it 
possible, in each case, to modify the surface into one which is simply connected. 


159. It proves to be convenient to arrange surfaces in classes according 
to the character of their connection ; and these few illustrations suggest that 
the classification may be made to depend, either upon the resolution of the 
surface, by the establishment of barriers, into one that is simply connected, 
or upon the number of what may be called independent irreducible circuits. 
The former mode—that of dependence upon the establishment of barriers— 
will be adopted, thus following Riemann+; but whichever of the two modes 
be adopted (and they are not necessarily the only modes) subsequent de- 
mands require that the two be brought into relation with one another. 


The most effective way of securing the impassability of a barrier is to 
suppose the surface actually cut along the line of the barrier. Such a section 
of a surface is either a cross-cut or a loop-cut. 

If the section be made through the interior of the surface from one point 


Fig. 37. 


of the boundary to another point of the boundary, without intersecting itself 
or meeting the boundary save at its extremities, it is called a cross-cut}. 
Every part of it, as it is made, is to be regarded as boundary during the 
formation of the remainder; and any cross-cut, once made, is to be regarded 
as boundary during the formation of any cross-cut subsequently made. 
Illustrations are given in fig. 37. 

The definition and explanation imply that the surface has a boundary. 
Some surfaces, such as a complete sphere and a complete anchor-ring, do not 
possess a boundary; but, as will be seen later (§§ 163, 168) from the 
discussion of the evanescence of circuits, it is desirable to assign some 
boundary in order to avoid merely artificial difficulties as to the numerical 


* Sometimes the term polyadelphic is used. The German equivalent is mehrfach zusammen- 


hiingend. 

+ ‘Grundlagen fiir eine allgemeine Theorie der Functionen einer veranderlichen complexen 
Grésse,” Riemann’s Gesammelte Werke, pp. 9—12; ‘‘Theorie der Abel’schen Functionen,” ib., 
pp. 84—89. When reference to either of these memoirs is made, it will be by a citation of the 
page or pages in the volume of Riemann’s Collected Works. 

+ This is the equivalent used for the German word Querschnitt; French writers use Section, 
and Italian writers use Trasversale or Taglio trasversale. 
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expression of the connection. This assignment usually is made by taking for 
the boundary of a surface, which otherwise has no boundary, an infinitesimal 
closed curve, practically a point; thus in the figure of the anchor-ring 
(fig. 36) the point @ is taken as a boundary, and each of the two cross-cuts 
begins and ends in a. 

If the section be made through the interior of the surface from a point 
not_on the boundary and, without meeting the boundary or crossing itself, 
return to the initial point, (so that it has the form of a simple curve lying 


€C Fig, 38, 


entirely in the surface), it is called* a loop-cut. Thus a piece can be cut 
out of a bounded spherical surface by a loop-cut (fig. 38); but it does 
not necessarily give a separate piece when made in the surface of an 
anchor-ring. 

It is evident that both a cross-cut and a loop-cut furnish a double 
boundary-edge to the whole aggregate of surface, whether consisting of two 
pieces or of only one piece after the section. 

Moreover, these sections represent the impassable barriers of the pre- 
liminary explanations ; and no specified form was assigned to those barriers. 
It is thus possible, within certain limits, to deform a cross-cut or a loop-cut 
continuously into a closely contiguous and equivalent position. If, for 
instance, two barriers initially coincide over any finite length, one or other 
can be slightly deformed so that finally they intersect only in a point; the 
same modification can therefore be made in the sections. 

The definitions of simple connection and of multiple connection will now + 
be as follows :— 

A surface is simply connected, if it be resolved into two distinct pieces by 
every cross-cut; but if there be any cross-cut, which does not resolve it into 
distinct pieces, the surface is multiply connected. 

160. Some fundamental propositions, relating to the connection of 
surfaces, may now be derived. 

* This is the equivalent used for the German word Riickkehrschnitt; French writers use the 
word Rétrosection. 


+ Other definitions will be required, if the classification of surfaces be made to depend on 
methods other than resolution by sections. 
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I. Each of the two distinct pieces, into which a simply connected surface S 
us resolved by a cross-cut, is itself simply connected. 


If either of the pieces, made by a cross-cut ab, be not simply connected, 
then some cross-cut cd must be possible which will not resolve that piece into 
distinct portions. 

If neither c nor d lie on ab, then the obliteration of the cut ab will restore 
the original surface 8, which now is not resolved by the cut cd into distinct 
pieces. 


If one of the extremities of cd, say c, lie on ab, then the obliteration of the 
portion cb will change the two pieces into a single piece which is the original 
surface S; and S now has a cross-cut acd, which does not resolve it into 
distinct pieces. 

If both the extremities lie on ab, then the obliteration of that part of ab 
which lies between ¢ and d will change the two pieces into one; this is the 
original surface S, now with a cross-cut acdb, which does not resolve it into 
distinct pieces. 


These are all the possible cases should either of the distinct pieces of S 
not be simply connected ; each of them leads to a contradiction of the simple 
connection of S; therefore the hypothesis on which each is based is untenable, 
that is, the distinct pieces of S in all the cases are simply connected. 


CoroLiary 1. A simply connected surface is resolved by n cross-cuts into 
n+1 distinct preces, each simply connected; and an aggregate of m simply 
connected surfaces is resolved by n cross-cuts into n+m distinct pieces each 
sumply connected. 


CoroLLaRy 2. A surface that is resolved into two distinct simply con- 
nected pieces by a cross-cut vs simply connected before the resolution. 


CoroLtary 38. If a multiply connected surface be resolved into two 
different pieces by a cross-cut, both of these pieces cannot be simply connected. 


We now come to a theorem* of great importance :— 


Il. Jf a resolution of a surface by m cross-cuts into n distinct simply 
connected pieces be possible, and also a different resolution of the same surface 
by « cross-cuts into v distinct simply connected preces, then m—n=p— v. 


Let the aggregate of the » pieces be denoted by S and the aggregate of 
the v pieces by }: and consider the effect on the original surface of a united 
system of m+ simultaneous cross-cuts made up of the two systems of the 
m and of the » cross-cuts respectively. The operation of this system can be 
carried out in two ways: (i) by effecting the system of mu cross-cuts on S and 


* The following proof of this proposition is substantially due to Neumann, p. 157. Another 
proof is given by Riemann, pp. 10, 11, and is amplified by Durége, Elemente der Theorie der 
Functionen, pp. 188—190; and another by Lippich, see Durége, pp. 190—197. 
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(ii) by effecting the system of m cross-cuts on >: with the same result on the 
original surface. 

After the explanation of § 159, we may justifiably assume that the lines 
of the two systems of cross-cuts meet only in points, if at all: let 6 be the 
number of points of intersection of these lines. Whenever the direction of a 
cross-cut meets a boundary line, the cross-cut terminates ; and if the direction 
continue beyond that boundary line, that produced part must be regarded as 
a new cross-cut. 


Hence the new system of » cross-cuts applied to S is effectively equiva- 
lent to «+6 new cross-cuts. Before these cuts were made, S was composed 
of n simply connected pieces; hence, after they are applied, the new arrange- 
ment of the original surface is made up of n+(u+ 6) simply connected 
pieces. 

Similarly, the new system of m cross-cuts applied to & will give an 
arrangement of the original surface made up of v +(m-+ 6) simply connected 
pieces. These two arrangements are the same: and therefore 


n+pm+d=v+m+64, 
so that mM—-nN=pb—v. 


It thus appears that, if by any system of q¢ cross-cuts a multiply connected 
surface be resolved into a number p of pieces distinct from one another and 
all simply connected, the integer q- p is independent of the particular 
system of the cross-cuts and of their configuration. The integer g —>p is 
therefore essentially associated with the character of the multiple connection 
of the surface: and its invariance for a given surface enables us to arrange 
surfaces according to the value of the integer. 


No classification among the multiply connected surfaces has yet been 
made: they have merely been defined as surfaces in which cross-cuts can be 
made that do not resolve the surface into distinct pieces. 

It is natural to arrange them in classes according to the number of cross- 
cuts which are necessary to resolve the surface into one of simple ‘connection 
or a number of pieces each of simple connection. 


q=0, p=1, and in general g—p=—1. We shall say that the connectivity * 
is unity. Examples are furnished by the area of a plane circle, and by a 
spherical surface with one hole+. 


For impl : 
or a simply connected surface, no such cross-cut is necessary: then 


A surface is called doubly-connected when, by one appropriate cross-cut, 
the surface is changed into a single surface of simple connection: then g=1, 
p=1 for this particular resolution, and therefore in general, g—p=0. We 


* Sometimes order of connection, sometimes adelphic order; the German word, that is used, 
is Grundzahl, 


+ The hole is made to give the surface a boundary (§ 163). 
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shall say that the connectivity is 2. Examples are furnished by a plane ring 
and by a spherical surface with two holes. 

A surface is called triply-connected when, by two appropriate cross-cuts, 
the surface is changed into a single surface of simple connection: then q = 2, 
p=1 for this particular resolution and therefore, in general,g—p=1. We 
shall say that the connectivity is 83. Examples are furnished by the surface 
of an anchor-ring with one hole in it*, and by the surfaces+ in figure 39, the 
surface in (2) not being in one plane but one part beneath another. 


YY 


U1 | 
(® @\/ oo) 


Wi / [/j, Fig. 39. 


And, in general, a surface will be said to be N-ply connected or its 
connectivity will be denoted by N, if, by N—1 appropriate cross-cuts, it can 
be changed into a single surface that is simply connected{. For this 
particular resolution g=N—1, p=1: and therefore in general 

Fa es 
or N=q-p+2. 

Let a cross-cut J be drawn in a surface of connectivity WV. There are 
two cases to be considered, according as it does not or does divide the surface 
into distinct pieces. 

First, let the surface be only one piece after / is drawn: and let its 
connectivity then be NV’. If in the original surface g cross-cuts (one of 
which can, after the preceding proposition, be taken to be /) be drawn 
dividing the surface into p simply connected pieces, then 

N=q-pt+2. 
To obtain these p simply connected pieces from the surface after the cross-cut 
i, it is evidently sufficient to make the g—1 original cross-cuts other than /; 
that is, the modified surface is such that by g—1 cross-cuts it is resolved into 
p simply connected pieces, and therefore 
=(¢-1)—p+2. 
Hence N’= N —1, or the connectivity of the surface is diminished by unity. 
* The hole is made to give the surface a boundary (§ 163). 
+ Riemann, p. 89. 
+ A few writers estimate the connectivity of such a surface as N—1, the same as the number 


of cross-cuts which can change it into a single surface of the simplest rank of connectivity: the 
estimate in the text seems preferable. 
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Secondly, let the surface be two pieces after / is drawn, of connectivities 
NV, and NV, respectively. Let the appropriate WV, — 1 cross-cuts in the former, 
‘and the appropriate NV,—1 in the latter, be drawn so as to make each a 
simply connected piece. Then, together, there are two simply connected 
pieces. 


To obtain these two pieces from the original surface, it will suffice to 
make in it the cross-cut J, the V,—1 cross-cuts, and the NV,—1 cross-cuts, 
that is, 1 +(NV,—1)+(N,—-1) or VY, + N,—1 cross-cuts in all. Since these, 
when made in the surface of connectivity NV, give two pieces, we have 


N=(N,+ N,-—1)-2 +2, 
and therefore N,+N,=N +1. 


If one of the pieces be simply connected, the connectivity of the other is Y ; 
so that, if a simply connected piece of surface be cut off a multiply connected 
surface, the connectivity of the remainder is unchanged. Hence: 


Ill. If a cross-cut be made in a surface of connectinty N and if it do 
not divide it into separate pieces, the connectivity of the modified surface is 
N—1; but of tt dinde the surface into two separate pieces of connectivities N, 
and N,, then N,+ N,=N+1. <a 


Illustrations are shewn, in fig. 40, of the effect of cross-cuts on the two 
surfaces in fig. 39. 


IV. In the same way it may be proved that, 7f s cross-cuts be made in a 
surface of connectivity N and divide it into r+ 1 separate pieces (where r < s) 
of connectivities N,, No, ..., Nii. respectively, then 


N,+N,+...+Np4,= N + 2r-s, 
a more general result including both of the foregoing cases. 


Thus far we have been considering only cross-cuts: it is now necessary 
to consider loop-cuts, so far as they affect the connectivity of a surface in 
which they are made. 
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A loop-cut is changed into a cross-cut, if from A any point of it a cross-cut 
be made to any point C in a boundary-curve of 
the original surface, for C Abd A (fig. 41) is then 
evidently a cross-cut of the original surface; and 
CA is a cross-cut of the surface, which is the modi- 
fication of the original surface after the loop-cut 
has been made. Since, by definition, a loop-cut 
does not meet the boundary, the cross-cut CA does 
not divide the modified surface into distinct pieces ; 
hence, according as the effect of the loop-cut is, 
or is not, that of making distinct pieces, so will 
the effect of the whole cross-cut be, or not be, that of making distinct pieces. 


161. Let a loop-cut be drawn in a surface of connectivity NV; as before 
for a cross-cut, there are two cases for consideration, according as the loop-cut 
does or does not divide the surface into distinct pieces. 


First, let it divide the surface into two distinct pieces, say of connectivities 
NV, and N, respectively. Change the loop-cut into a cross-cut of the original 
surface by drawing a cross-cut in either of the pieces, say the second, from a 
point in the course of the loop-cut to some point of the original boundary. 
This cross-cut, as a section of that piece, does not divide it into distinct 
pieces: and therefore the connectivity is now N,’(=N,—1). The effect of 
the whole section, which is a single cross-cut, of the original surface is to 
divide it into two pieces, the connectivities of which are N, and N,’: hence, 
by § 160, III, 

Wee N41, 
and therefore N,+ N,=N +2. 

If the piece cut out be simply connected, say V,=1, then the connectivity 
of the remainder is V+1. But such a removal of a simply connected piece 
by a loop-cut is the same as making a hole in a continuous part of the 
surface: and therefore the effect of making a simple hole in a continuous part 
of a surface is to increase by unity the connectivity of the surface. 

If the piece cut out be doubly-connected, say N,= 2, then the connect- 
ivity of the remainder is N, the same as the connectivity of the original 
surface. Such a portion would be obtained by cutting out a piece with a 
hole in it which, so far as concerns the original surface, would be the same as 
merely enlarging the hole—an operation that naturally would not affect 
the connectivity. 

Secondly, let the loop-cut not divide the surface into two distinct pieces: 
and let NV’ be the connectivity of the modified surface. In this modified 
surface make a cross-cut k from any point of the loop-cut to a point of the 
boundary: this does not divide it into distinct pieces and therefore the 
connectivity after this last modification is V’—1. But the surface thus 
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finally modified is derived from the original surface by the single cross-cut, 
constituted by the combination of & with the loop-cut: this single cross-cut 
does not divide the surface into distinct pieces and therefore the connectivity 
after the modification is V—1. Hence 


N’—1=N-1, 


that is, V’=N, or the connectivity of a surface is not affected by a loop-cut 
which does not divide the surface into distinct pieces. 


Both of these results are included in the following theorem :— 


V. If after any number of loop-cuts made in a surface of connectivity 
N, there be r+1 distinct pieces of surface, of connectivities N,, No, .... Neu, 
then ; 
N,+No+ +. + Np =N + 2r. 

Let the number of loop-cuts be s. Each of them can be changed into a 
cross-cut of the original surface, by drawing in some one of the pieces, as may 
be convenient, a cross-cut from a point of the loop-cut to a point of a 
boundary : this new cross-cut does not divide the piece in which it is drawn 
into distinct pieces. If & such cross-cuts (where k may be zero) be drawn in 
the piece of connectivity V,,, the connectivity becomes J,,’, where 


Ni = Nn is 

r+1 Vides a feat | 
hence > N= & Naw te= S Nos. 

m=1 meal. m=1 
We now have s cross-cuts dividing the surface of connectivity V into r+1 
distinct pieces, of connectivities N,’, N,’, ..., V,’, Ny’; and therefore, by 
§ 160, IV., 

Ny +... + Ny + Nyy = N + 2r-s, 

so that Ni, + Not... + Np = N + 2Qr. 


This result could have been obtained also by combination and repetition 
_ of the two results obtained for a single loop-cut. 


Thus a spherical surface with one hole in it is simply connected: when 
n—1 other different holes* are made in it, the edges of the holes being 
outside one another, the connectivity of the surface is increased by n—1, 
that is, it becomes n. Hence a spherical surface with n holes in it is an-ply 
connected. 

Ex, ‘Two equal anchor-rings, which are horizontal and have their centres in the same 
vertical line, are connected together by three vertical right circular cylinders. Determine 
the connectivity of the solid so formed. (Math. Trip., Part II., 1893.) 

162. Occasionally, it is necessary to consider the effect of a slit made in 
the surface. a 


* These are holes in the surface, not holes bored through the volume of the sphere; one of 
the latter would give two holes in the surface. 
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If the sht have neither of its extremities on a boundary (and therefore no 
poit on a boundary) it can be regarded as the limiting form of a loop-cut 
which makes a hole in the surface. Such a slit therefore (§ 161) increases the 
connectivity by unity. 

If the sht have one extremity (but no other point) on a boundary, it can 
be regarded as the limiting form of a cross-cut, which returns 
on itself as in the figure, and cuts off a single simply con- / 
nected piece. Such a slit therefore (§ 160, III.) leaves the 
connectivity unaltered. 

If the slit have both extremities on boundaries, it ceases 
to be merely a slit: it is a cross-cut the effect of which on 
the connectivity has been obtained. We do not regard such sections as slits. 


Fig. 42. 


163. In the preceding investigations relative to cross-cuts and loop-cuts, 
reference has continually been made to the boundary of the surface con- 
sidered. 


The boundary of a surface consists of a line returning to itself, or of a 
system of lines each returning to itself. Each part of such a boundary-line 
as it is drawn is considered a part of the boundary, and thus a boundary-line 
cannot cut itself and pass beyond its earlier position, for a boundary cannot 
be crossed: each boundary-line must therefore be a simple curve™*. 


Most surfaces have boundaries: an exception arises in the case of closed 
surfaces whatever be their connectivity. It was stated (§ 159) that a 
boundary is assigned to such a surface by drawing an infinitesimal simple 
curve in it or, what is the same thing, by making a small hole. The 
advantage of this can be seen from the simple example of a spherical 
surface. 

When a small hole is made in any surface the connectivity is increased 
by unity: the connectivity of the spherical surface after the hole is made 
is unity, and therefore the connectivity of the complete spherical surface 
must be taken to be zero. 

The mere fact that the connectivity is less than unity, being that of the 
simplest connected surfaces with which we have to deal, 
is not in itself of importance. But let us return for a 
moment to the suggested method of determining the 
connectivity by means of the evanescence of circuits 
without crossing the boundary. When the surface is 
the complete spherical surface (fig. 43), there are two 
essentially distinct ways of making a circuit C evan- 
escent, first, by making it collapse into the point a, 
secondly, by making it expand over the equator and 


Fig. 43. 


* Also a line not returning to itself may be a boundary; it can be regarded as the limit of a 
simple curve when the area becomes infinitesimal. 
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then collapse into the point b. One of the two is superfluous: it introduces 
an element of doubt as to the mode of evanescence unless that mode be 
specified—a specification which in itself is tantamount to an assignment of 
boundary. And in the case of multiply connected surfaces the absence of 
boundary, as above, leads to an artificial reduction of the connectivity by 
unity, arising not from the greater simplicity of the surface but from the 
possibility of carrying out in two ways the operation of reducing any circuit 
to given circuits, which is most effective when only one way is permissible. 
We shall therefore assume a boundary assigned to such closed surfaces as in 
the first instance are destitute of boundary. 


164. The relations between the number of boundaries and the connect- 
ivity of a surface are given by the following propositions. 


I. The boundary of a simply connected surface consists of a single line. 


When a boundary consists of separate lines, then a cross-cut can be made 
from a point of one to a point of another. By proceeding from 
P, a point on one side of the cross-cut, along the boundary 
ac...c‘a’ we can by a line lying wholly in the surface reach a 7) 
point Q on the other side of the cross-cut: hence the parts of 


c 


the surface on opposite sides of the cross-cut are connected. 6 u 
The surface is therefore not resolved into distinct pieces by the Bang 
cross-cut. oo ar 
“si 
A simply connected surface is resolved into distinct pieces Fig. 44. 


by each cross-cut made in it: such a cross-cut as the foregoing 

is therefore not possible, that is, there are not separate lines which make up 
its boundary. It has a boundary: the boundary therefore consists of a single 
line. 


Il. A cross-cut either increases by unity or diminishes by unity the number 
of distinct boundary-lines of a multiply connected surface. 


A cross-cut is made in one of three ways: either from a point a of one 
boundary-line A to a point 6 of another boundary-line B; or from a point a 
of a boundary-line to another point a’ of the same boundary-line; or from a 
point of a boundary-line to a point in the cut itself. 


If made in the first way, a combination of one edge of the cut, the 
remainder of the original boundary A, the other edge of the cut and the 
remainder of the original boundary B taken in succession, form a single 
piece of boundary; this replaces the two boundary-lines A and B which 
existed distinct from one another before the cross-cut was made. Hence the 
number of lines is diminished by unity. An example is furnished by a plane 


ring (ii., fig. 37, p. 343). 


If made in the second way, the combination of one edge of the cut with 
the piece of the boundary on one side of it makes one boundary-line, and the 


164.) CONNECTIVITY 353 


combination of the other edge of the cut with the other piece of the boundary 
makes another boundary-line. Two boundary-lines, after the cut is made, 
replace a single boundary-line, which existed before it was made: hence the 
number of lines is increased by unity. Examples are furnished by the cut 
surfaces in fig. 40, p. 348. 


If made in the third way, the cross-cut may be considered as constituted 
by a loop-cut and a cut joining the loop-cut to the boundary. The boundary- 
lines may now be considered as constituted (fig. 41, p. 349) by the closed 
curve ABD and the closed boundary abda’c’e’...eca; that is, there are now 
two boundary-lines instead of the single boundary-line ce...ée’c’c in the uncut 
surface. Hence the number of distinct boundary-lines is increased by unity. 


CorRoLLaRY. A loop-cut increases the number of distinct boundary-lines 
by two. 
This result follows at once from the last discussion. 


III. The number of distinct bowndary-lines of a surface of connectivity N 
is N — 2k, where k is a positive integer that may be zero. 


Let m be the number of distinct boundary-lines; and let MW —1 appro- 
priate cross-cuts be drawn, changing the surface into a simply connected 
surface. Each of these cross-cuts increases by unity or diminishes by unity 
the number of boundary-lines; let these units of increase or of decrease be 
denoted by &, &,..., €y-1. Each of the quantities «is +1; let k of them be 
positive, and V—1—-—/s negative. The total number of boundary-lines is 
therefore 

m+k—(N—-1-—h). 
The surface now is a single simply connected surface, and there is therefore 
only one boundary-line ; hence 


m+k—(N—1-—k)=1, 
so that m= N — 2k, 


Coronary 1. A closed surface with a single boundary-line* is of odd 
connectivity. 

For example, the surface of an anchor-ring, when bounded, is of con- 
nectivity 3; the surface, obtained by boring two holes through the volume 
of a solid sphere, is, when bounded, of connectivity 5. 


If the connectivity of a closed surface with a single boundary be 2p +1, 
the surface is often said+ to be of genus p (§ 178, p. 377). 


* See § 159. 
+ Sometimes class. The German word is Geschlecht; French writers use the word genre, and 


Italians genere. 
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Coronary 2. If the number of distinct boundary-lines of a surface of 
connectivity N be N, any loop-cut divides the surface into two distinct preces. 


After the loop-cut is made, the number of distinct boundary-lines is 
N +2; the connectivity of the whole of the cut surface is therefore not less 
than V+2. It has been proved that a loop-cut, which does not divide the 
surface into distinct pieces, does not affect the connectivity; hence as the 
connectivity has been increased, the loop-cut must divide the surface into 
two distinct pieces. It is easy, by the result of § 161, to see that, after the 
loop-cut is made, the sum of connectivities of the two pieces is NV + 2, so 
that the connectivity of the whole of the cut surface is equal to NV + 2. 


Note. Throughout these propositions, a tacit assumption has been made, 
which is important for this particular proposition when the surface is the 
means of representing the variable. The assumption is that the surface is 
bifacial and not unifacial; it has existed implicitly throughout all the 
geometrical representations of variability: it found explicit expression in 
§ 4 when the plane was brought into relation with the sphere: and a cut 
in a surface has been counted a single cut, occurring on one side, though it 
would have to be counted as two cuts, one on each side, were the surface 
unifacial. 

The propositions are not necessarily valid, when applied to unifacial 
surfaces. Consider a surface made out of a long rectangular slip of paper, 
which is twisted once (or any odd number of times) and then has its ends 
fastened together. This surface is of double connectivity, because one 
section can be made across it which does not divide it into separate pieces ; 
it has only a single boundary-line, so that Prop. III. just proved does not 
apply. The surface is unifacial; and it is possible, without meeting the 
boundary, to pass continuously in the surface from a point P to another 
point @ which could be reached merely by passing through the material 
at P. 

We therefore do not retain unifacial surfaces for consideration. 


165. The following proposition, substantially due to Lhuilier*, may be 
taken in illustration of the general theory, 

If a closed surface of connectivity 2N+1 (or of genus N) be divided by 
circuits into any number of simply connected portions, each in the form of a 
curvilinear polygon, and of F be the number of polygons, E be the nwmber of 
edges and S the number of angular points, then 

2VN=2+4+H-F-S. 

Let the edges # be arranged in systems, a system being such that any 

line in it can be reached by passage along some other line or lines of the 


* Gergonne, Ann. de Math., t. iii, (1813), pp. 181—186 ; see also Mobius, Ges. Werke, t. ii, 
p. 468. A circuit is defined in § 166. 
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system ; let & be the number of such systems*. To resolve the surface into a 
number of simply connected pieces composed of the F' polygons, the cross-cuts 
will be made along the edges; and therefore, unless a boundary be assigned 
to the surface in each system of lines, the first cut for any system will be a 
loop-cut. We therefore take & points, one in each system as a boundary ; 
the first will be taken as the natural boundary of the surface, and the 
remaining &—1, being the limiting forms of k—1 infinitesimal loop-cuts, 
increase the connectivity of the surface by k—1, that is, the connectivity now 
is 2V +k, 


The result of the cross-cuts is to leave F' simply connected pieces: hence 
Q, the number of cross-cuts, is given by 


Q=2N+k+F-2. 


At every angular point on the uncut surface, three or more polygons are 
contiguous. Let S,, be the number of angular points, where m polygons are 
contiguous; then 

S=8S,+ 8,+8,+... 

Again, the number of edges meeting at each of the S; points is three, at 
each of the S, points is four, at each of the S, points is five, and so on; hence, 
in taking the sum 38,+ 48,+ 5S;+..., each edge has been counted twice, 
once for each extremity. Therefore 


2H = 38,+ 48,+55;+... 


Consider the composition of the extremities of the cross-cuts; the number 
of the extremities is 2Q, twice the number of cross-cuts. 


Kach of the k points furnishes two extremities; for each such point 
is a boundary on which the initial cross-cut for each of the systems must 
begin and must end. These points therefore furnish 24 extremities. 


The remaining extremities occur in connection with the angular points. 
In making a cut, the direction passes from a boundary along an edge, past 
the point along another edge and so on, until a boundary is reached; so that 
on the first occasion when a cross-cut passes through a point, it is made along 
two of the edges meeting at the point. Every other cross-cut passing through 
that point must begin or end there, so that each of the S, points will furnish 
one extremity (corresponding to the remaining one cross-cut through the 
point), each of the S, points will furnish two extremities (corresponding to 
the remaining two cross-cuts through the point), and so on. The total 
number of extremities thus provided is 


S,+28,+3S;+... 
Hence 2Q = 2k + 8,+28,+ 35;4+... 
= 2k+ 2H — 28, 


* The value of k is 1 for the proposition and is greater than 1 for the Corollary. 
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or Q=k+E-S8, 
which, combined with Q=2N+k+F—-2, 
leads to the relation 2N=2+H-F-S. 


The simplest case is that of a sphere, when Euler’s relation F + S =H +2 
is obtained. The case next in simplicity is that of an anchor-ring, for which 
the relation is F+ S=£. 


Corotiary. If the result of making the cross-cuts along the various edges 
be to give the F polygons, not simply connected areas but areas of connectivities 
N,+1, N.+1, ..., Np+1 respectively, then the connectivity of the original 
surface ws gwen by 

F 
2N=2+H-F-S+N,. 
r=1 

166. The method of determining the connectivity of a surface by means 
of a system of cross-cuts, which resolve it into one or more simply connected 
pieces, will now be brought into relation with the other method, suggested 
in § 159, of determining the connectivity by means of irreducible circuits. 


A closed line drawn on the surface is called a circuit. 


A circuit, which can be reduced to a point by continuous deformation 
without crossing the boundary, is called reducible; a circuit, which cannot be 
so reduced, is called irreducible. 


An irreducible circuit is either (1) sumple, when it cannot without crossing 
the boundary be deformed continuously into repetitions of one or more 
circuits; or (i1) multiple, when it can without crossing the boundary be 
deformed continuously into repetitions of a single circuit; or (111) compound, 
when it can without crossing the boundary be deformed continuously into 
combinations of different circuits, that may be simple or multiple. The 
distinction between simple circuits and compound circuits, that involve no 
multiple circuits in their combination, depends upon conventions adopted for 
each particular case. 


A circuit is said to be reconcileable with the system of circuits into a 
combination of which it can be continuously deformed. 


If a system of circuits be reconcileable with a reducible circuit, the 
system is said to be reducible. 


Let a simple circuit be denoted by a single letter, say, A, B,C,.... A 
multiple circuit, composed of n repetitions of a simple circuit A, can then be 
denoted by A”. A compound circuit, composed of a simple circuit A followed 
by another simple circuit B, can be denoted by AB: the order of the symbols 
being of importance. As circuits thus have their symbols associated in the 
manner of (non-commutative algebraical) factors, the symbol 1 will represent 
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a reducible circuit; for a circuit causing no change must be represented by a 
factor causing no change. 


There are two directions, one positive and the other negative, in which a 
circuit can be described. Let it be described first in the positive direction 
and afterwards in the negative direction: the circuit, compounded of the two 
descriptions, is easily seen to be continuously deformable to a point, and it 
therefore is reducible. Similarly, if the circuit is described first in the 
negative direction and afterwards in the positive direction, the compound 
circuit thus obtained is reducible. Accordingly, if a simple circuit described 
positively be represented by A, the same circuit described negatively can be 
represented by A~, the symbols of the circuits obeying the associative law. 


A compound circuit, reconcileable with a system of simple irreducible 
circuits A, B, C,..., would be represented by A*B8.A* B...CvA"..., where 
a, B, a’, BY, ..., y, @” are integers positive or negative. 

In order to estimate circuits on a multiply connected surface, it is 
sufficient to know a system of irreducible simple circuits. Such a system is 
naturally to be considered complete when every other circuit on the surface 
is reconcileable with the system. It also may be supposed to contain the 
smallest possible number of simple circuits; for any one, which is reconcile- 
able with the rest, can be omitted without affecting the completeness of the 
system. 


167. Such a system is indicated by the following theorems :— 

I. No irreducible simple circuit can be drawn on a simply connected 
surface*. 

If possible, let an irreducible circuit C be drawn in a simply connected 
surface with a boundary B. Make a loop-cut along C, and change it into a 
cross-cut by making a cross-cut A from some point of C to a point of B; 
this cross-cut divides the surface into two simply connected pieces, one of 
which is bounded by B, the two edges of A, and one edge of the cut along C, 
and the other of which is bounded entirely by the cut along C. 


The latter surface is smaller than the original surface; it is simply 
connected and has a single boundary. If an irreducible simple circuit can 
be drawn on it, we proceed as before, and again obtain a still smaller simply 
connected surface. In this way, we ultimately obtain an infinitesimal 
element; for every cut divides the surface, in which it is made, into 
distinct pieces. Irreducible circuits cannot be drawn in this element; and 
therefore its boundary is reducible. This boundary is a circuit in a larger 
portion of the surface: the circuit is reducible so that, in that larger portion, 
no irreducible circuit is possible and therefore its boundary is reducible. 
This boundary is a circuit in a still larger portion, and the circuit is 


* All surfaces considered are supposed to be bounded. 
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reducible: so that in this still larger portion no irreducible circuit is possible 
and once more the boundary is reducible. 


Proceeding in this way, we find that no irreducible simple circuit is 
possible in the original surface. 


Corottary. Wo irreducible circwit can be drawn on a simply connected 
surface. 

II. A complete system of irreducible simple circwits for a surface of 
connectivity N contains N —1 simple circuits, so that every other circuit on the 
surface is reconcileable with that system. 


Let the surface be resolved by cross-cuts into a single simply connected 
surface: N —1 cross-cuts will be necessary. Let CD be 
any one of them: and let a and b be two points on the Y 
opposite edges of the cross-cut. Then since the surface is [ A 


simply connected, a line can be drawn in the surface from ee ; 
a to b without passing out of the surface or without \ 
meeting a part of the boundary, that is, without meeting ¥ 
any other cross-cut. The cross-cut CD ends either in Fig. 45. 


another cross-cut or in a boundary; the line ae... fb 

surrounds that other cross-cut or that boundary as the case may be: hence, 
if the cut CD be obliterated, the line ae... fba is irreducible on the surface in 
which the other V — 2 cross-cuts are made. But it meets none of those cross- 
cuts; hence, when they are all obliterated so as to restore the unresolved 
surface of connectivity NV, it is an irreducible circuit. It is evidently not 
a repeated circuit; hence it is an irreducible simple circuit. Hence the 
line of an irreducible simple circuit on an unresolved surface is given by 
a line passing from a point on one edge of a cross-cut in the resolved 
surface to w point on the opposite edge. 


Since there are N—1 cross-cuts, it follows that NW —1 irreducible simple 
circuits can thus be obtained: one being derived in the foregoing manner 
from each of the cross-cuts, which are necessary to render the surface simply 
connected. It is easy to see that each of the irreducible circuits on an 
unresolved surface is, by the cross-cuts, rendered impossible as a circuit on 
the resolved surface. 


But every other irreducible circuit C is reconcileable with the NW —1 
circuits, thus obtained. If there be one not reconcileable with these V —1 
circuits, then, when all the cross-cuts are made, the circuit C is not rendered 
impossible, if it be not reconcileable with those which are rendered impossible 
by the cross-cuts: that is, there is on the resolved surface an irreducible 
circuit. But the resolved surface is simply connected, and therefore no 
irreducible circuit can be drawn on it: hence the hypothesis as to C, which 
leads to this result, is not tenable. 
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Thus every other circuit is reconcileable with the system of NV —1 circuits: 
and therefore the system ts complete*. 

This method of derivation of the circuits at once indicates how far a 
system is arbitrary. Hach system of cross-cuts leads to a complete system of 
irreducible simple circuits, and vice versa; as the one system is not unique, 
so the other system is not unique. 

168. It follows that the number of simple irreducible circuits in any 
complete system must be the same for the sume surface: this number is V — 1, 
where J is the connectivity of the surface. Let A,, Az,..., Ay; By, By, ..., 
By_,; be two distinct complete systems; then we have 

b= 1h €4, 4,7. Ay) 
where I], means the symbolic product representing that circuit compounded 
of the system A,,..., Ay, with which B, is reconcileable ; and 
AS Ree Be) 


with a similar significance for II,’. 


Further any circwt, that rs reconcileable with one complete system, is 
reconcileable with any other complete system. For if X denote a circuit 
reconcileable with A,, As, .... Ay, we have 

: aa aes): 
whence, taking account of the reconcileability of each circuit A with the 
complete system B,, B,, ..., By1, we have 
pS (RIG HES Migr He) 
= UI Gloap or ree sates § 
thus proving the statement. 

For the general question, Jordan’s memoir, “Des contours tracés sur les surfaces,” 
Liouville, 2° Séxv., t. xi, (1866), pp. 110—130, may be consulted. 

Ex. 1, On a doubly connected surface, one irreducible simple circuit can be drawn. 
It is easily obtained by first resolving the surface into one that is simply connected— 


Fig. 46, (i). 


* Tf the number of independent irreducible simple circuits be adopted as a basis for the 
definition of the connectivity of a surface, the result of the proposition would be taken as the 
definition : and the resolution of the surface into one, which is simply connected, would then be 
obtained by developing the preceding theory in the reverse order. 
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a single cross-cut CD is effective for this purpose—and then by drawing a curve aeb in the 
surface from one edge of the cross-cut to the other. All other irreducible circuits on the 
unresolved surface are reconcileable with the circuit aeba. 


Ex, 2. On a triply connected surface, two independent irreducible circuits can be 
drawn. Thus in the figure C, and OC, will form a complete system. The circuits C; and C, 


Vi, : 
Y Cy 
/// “a 


Fig. 46, (ii). 


Cc 


Y 


are also irreducible: they can evidently be deformed into C, and O, and reducible circuits 
by continuous deformation : in the algebraical notation adopted, we have 


C3=C,C,, O=0,0,7}. 


But C, and C, are not simple circuits: hence they are not suited for the construction 
of a complete system. 


Ex, 3. Another example of a triply connected surface is given in fig. 47. Two irredu- 
cible simple circuits are C, and @,. Another irreducible circuit is C,; this can be 


JW « 


YY yyyyyyype j 
Ui yyy 
“if, Uf YJ) 7 
Fig. 47. 


reconciled with C, and C, by drawing the point @ into coincidence with the intersection 
of C, and C,, and the point ¢ into coincidence with the same point. 


Ex. 4. As a last example, consider the surface of a solid sphere with 2 holes bored 
through it. The connectivity is 2174+1: hence 2n independent irreducible simple circuits 
can be drawn on the surface. The simplest complete system is obtained by taking 2n 
curves : made up of a set of 2, each round one hole, and another set of , each through 
one hole. 


168.] DEFORMATION OF CONNECTED SURFACES 361 


A resolution of this surface is given by taking cross-cuts, one round each hole (making 
the circuits through the holes no longer possible) and one through each hole (making the 
circuits round the holes no longer possible). 


Fig. 48. 


The simplest case is that for which n=1: the surface is equivalent to the anchor-ring. 


169. Surfaces are at present being considered in view of their use as a 
means of representing the value of a complex variable. The foregoing inves- 
tigations imply that surfaces can be classed according to their connectivity ; 
and thus, having regard to their designed use, the question arises as to 
whether all surfaces of the same connectivity are equivalent to one another, 
so as to be transformable into one another. - 


Moreover, a surface can be physically deformed and still remain suitable for 
representation of the variable, provided certain conditions are satisfied. We 
thus consider geometrical transformation as well as physical deformation; but 
we are dealing only with the general results and not with the mathematical 
relations of deformed inextensible surfaces, which are discussed in treatises on 
Differential Geometry *. 


It is evident that continuity is necessary for both: discontinuity would 
imply discontinuity in the representation of the variable. Points that are 
contiguous (that is, separated only by small distances measured in the surface) 
must remain contiguoust: and one point in the unchanged surface must 
correspond to only one point in the changed surface. Hence in the continuous 
deformation of a surfuce there may be stretching and there may be bending ; 
but there must be no tearing and there must be no joining. 


For instance, a single untwisted ribbon, if cut, comes to be simply connected. If a twist 
through 180° be then given to one end and that end be then joined to the other, we shall 
have a once-twisted ribbon, which is a surface with only one face and only one edge ; 
it cannot be locked upon as an equivalent of the former surface. 


* See Darboux’s Théorie générale des surfaces, Books vii and viii, for the fullest discussion. 

+ Distances between points must be measured along the surface, not through space; the 
distance between two points is a length which one point would traverse before reaching the 
position of the other, the motion of the point being restricted to take place in the surface. 
Examples will arise later, in Riemann’s surfaces, in which points that are contiguous in space 
are separated by finite distances on the surface. 
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A spherical surface with a single hole can have the hole stretched and the surface 
flattened, so as to be the same as a bounded portion of a plane: the two surfaces are 
equivalent to one another. Again, in the spherical surface, let a large indentation be 
made : let both the outer and the inner surfaces be made spherical ; and let the mouth of 
the indentation be contracted into the form of a long, narrow hole along a part of a great 
circle. When each point of the inner surface is geometrically moved so that it occupies the 
position of its reflexion in the diametral plane of the hole, the final form* of the whole 
surface is that of a two-sheeted surface with a junction along a line: it is a spherical 
winding-surface, and is equivalent to the simply connected spherical surface. 

170. It is sufficient, for the purpose of representation, that the two 
surfaces should have a point-to-point transformation: it is not necessary 
that physical deformation, without tears or joins, should be actually possible. 
Thus a ribbon with an even number of twists would be as effective as a 
limited portion of a cylinder, or (what is the same thing) an untwisted ribbon: 
but it is not possible to deform the one into the other physically f. 


It is easy to see that either deformation or transformation of the kind 
considered will change a bifacial surface into a bifacial surface; that i will 
not alter the connectivity, for it will not change irreducible circuits into 
reducible circuits, and the number of independent irreducible circuits 
determines the connectivity: and that 2 will not alter the number of boundary 
curves, for a boundary will be changed into a boundary. These are necessary 
relations between the two forms of the surface: it is not difficult to see that 
they are sufficient for correspondence. For if, on each of two bifacial surfaces 
with the same number of boundaries and of the same connectivity, a complete 
system of simple irreducible circuits be drawn, then, when the members of the 
systems are made to correspond in pairs, the full transformation can be effected 
by continuous deformation of those corresponding irreducible circuits. It 
therefore follows that :— 


The necessary and sufficient conditions, that two bifacial surfaces may be 
equivalent to one another for the representation of a variable, are that the two 
surfaces should be of the same connectivity and should have the same number of 
boundaries. 

As already indicated, this equivalence is a geometrical equivalence: 
deformation may be (but is not of necessity) physically possible. 

Similarly, the presence of one or of several knots in a surface makes no 
essential difference in the use of the surface for representing a variable. Thus 
a long cylindrical surface is changed into an anchor-ring when its ends are 
joined together; but the changed surface would be equally effective for 
purposes of representation if a knot were tied in the cylindrical surface 
before the ends are joined. 

* Clifford, Coll. Math. Papers, p. 250. 
+ The difference between the two cases is that, in physical deformation, the surfaces are the 


surfaces of continuous matter and are impenetrable ; while, in geometrical transformation, the 
surfaces may be regarded as penetrable without interference with the continuity. 
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But it need hardly be pointed out that though surfaces, thus twisted or 
knotted, are equivalent for the purpose indicated, they are not equivalent for 
all topological enumerations. 


Seeing that bifacial surfaces, with the same connectivity and the same 
number of boundaries, are equivalent to one another, it is natural to adopt, as 
the surface of reference, some simple surface with those characteristics ; thus 
for a surface of connectivity 2p +1 with a single boundary, the surface of a 
solid sphere, bounded by a point and pierced through with p holes, could be 
adopted. 

Klein calls* such a surface of reference a Vormal Surface. 

It has been seen that a bounded spherical surface and a bounded simply connected 
part of a plane are equivalent—they are, moreover, physically deformable into one 
another. 

An untwisted closed ribbon is equivalent to a bounded piece of a plane with one hole 
in it—they are deformable into one another: but if the ribbon, previous to being closed, 
have undergone an even number of twists each through 180°, they are still equivalent 
but are not physically deformable into one another. Each of the bifacial surfaces is 
doubly connected (for a single cross-cut renders each simply connected) and each of them 
has two boundaries. If however the ribbon, previous to being closed, have undergone 
an odd number of twists each through 180°, the surface thus obtained is not equivalent to 
the single-holed portion of the plane; it is unifacial and has only one boundary. 

A spherical surface pierced in +1 holes is equivalent to a bounded portion of the 
plane with n holes ; each is of connectivity n+1 and has 7+1 boundaries. The spherical 
surface can be deformed into the plane surface by stretching one of its holes into the form 
of the outside boundary of the plane surface. 


Ex. Prove that the surface of a bounded anchor-ring can be physically deformed into 
the surface in fig. 47, p. 360. 


For continuation and fuller development of the subjects of the present chapter, the 

following references, in addition to those which have been given, will be found useful : 

Klein, Math. Ann., t. vii, (1874), pp. 548—557 ; ib., t. ix, (1876), pp. 476—482. 

Lippich, Math. Ann., t. vii, (1874), pp. 212—229; Wiener Sitzwngsd., t. lxix, (ii), 
(1874), pp. 91—99. 

Durége, Wiener Sttzungsb., t. lxix, (ii), (1874), pp. 115—120; and section 9 of his 
treatise, quoted on p. 345, note. 

Neumann, chapter vii of his treatise, quoted on p. 5, note. 

Dyck, Math. Ann., t. xxxii, (1888), pp. 457—512, ib., t. xxxvii, (1890), pp. 273—316 ; 
at the beginning of the first part of this investigation, a valuable series of 
references is given. 

Dingeldey, Zopologische Studien, (Leipzig, Teubner, 1890). 

Mair, Quart. Journ. of Math., vol. xxvii, (1895), pp. 1—35. 

* Ueber Riemann’s Theorie der algebraischen Functionen und ihrer Integrale, (Leipzig, 

Teubner, 1882), p. 26. This tract has been translated into English by Miss Hardcastle, 
(Cambridge, Macmillan and Bowes, 1898). 


CHAPTER XV. 


RIEMANN’S SURFACES. 


171. THE method of representing a variable by assigning to it a position 
in a plane or on a sphere is effective when properties of uniform functions of 
that variable are discussed. But when multiform functions, or integrals of 
uniform functions occur, the method is effective only when certain parts of 
the plane are excluded, due account being subsequently taken of the effect of 
such exclusions; and this process, the extension of Cauchy’s method, was 
adopted in Chapter IX. 


There is another method, referred to in § 100 as due to Riemann, of an 
entirely different character. In Riemann’s representation, the region, in 
which the variable z exists, no longer consists of a single plane but of a 
number of planes; they are distinct from one another in geometrical concep- 
tion, yet, in order to preserve a representation in which the value of the 
variable is obvious on inspection, the planes are infinitesimally close to one 
another. The number of planes, often called sheets, is the same as the 
number of distinct values (or branches) of ‘the function w ‘for a or _a_genera ral 
argument z and, unless otherwise stated, will be assumed finite ; each sheet 
is associated with one branch of the function, and changes from one branch 
of the function to another are effected by making the z-variable change 
from one sheet to another, so that, to secure the possibility of change 
of sheet, it 1s necessary to have means of passage from one sheet to another. 
The aggregate of all the sheets is a surface, often called a Riemann’s 
Surface. 


For example, consider the function 


w=28+(2— i ie 


the cube roots being independent of one another. It is evidently a nine-valued function ; 
the number of sheets in the appropriate Riemann’s surface is therefore nine, 


The branch-points are z=0, z=1, z=. Let w and a denote a cube-root of unity, 


; 1 : 
independently of one another; then the values of z* can be represented in the form 
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L ey! = . zen 
25, w23, w2*; and the values of (z—1) 4 can be represented in the form (z¢—1) 5, 


a? (z— Dee, a(z— te The nine values of w can be symbolically expressed as follows :— 


W, 1 1 w, | 1 a Wy 1 a 
We @ 1 Ws @ a We @ a 
ea a 1 WW, || CF | a Wy i on a 


where the symbols opposite to w give the coefficients of 23 and of G= 173 respectively. 


Now when ¢ describes a small simple circuit positively round the origin, the groups 
in cyclical order are w,, W., W33 Wy; Ws, Mp} Wry Wg» Wy. And therefore, in the immediate 
vicinity of the origin, there must be means of passage to enable 
the z-point to make the corresponding changes from sheet to <e 
sheet. Taking a section of the whole surface near the origin 
so as to indicate the passages and regarding the right-hand aes 
sides as the part from which the z-variable moves when it 
describes a circuit positively, the passages must be in character as Fig, 49. 
indicated in fig. 49. And it is evident that the further descrip- 
tion of small simple circuits round the origin will, with these passages, lead to the proper 
values: thus w;, which after the single description is the value of w,, becomes 2, after 
another description, and it is evident that a point in the w,; sheet passes into the w, sheet. 


t 
COIATP toe 


| 


When z describes a small simple circuit positively round the point 1, the groups in cyclical 
order are W,, Wy, Wy} Wy, Ws, Wg} Wz, We, Wy: and therefore, 
in the immediate vicinity of the point 1, there must be 
means of passage to render possible the corresponding changes 
of z from sheet to sheet. Taking a section as before near the 
point 1 and with similar convention as to the positive direc- 
tion of the z-path, the passages must be in character as 
indicated in fig. 50. 


Ce on 


Similarly for infinitely large values of z. 


If then the sheets can be so joined as to give these possibilities of passage and also 
give combinations of them corresponding to combinations of the simple paths indicated, 
then there will be a surface to any point of which will correspond one and only one value 
of w: and when the value of w is given for a point z in an ordinary plane of variation, 
then that value of w will determine the sheet of the surface in which the point z is to 
be taken. A surface will then have been constructed such that the function w, which is 
multiform for the single-plane representation of the variable, is uniform for variations 
in the many-sheeted surface. 

Again, for the simple example arising from the two-valued function, defined by 
the equation 

w={(2—a) (2—b) (2—0)} “3, 
the branch-points are a, b, c, ©; and a small simple circuit round any one of these 
four points interchanges the two values. The Riemann’s surface is two-sheeted and 
there must be means of passage between the two sheets in the vicinity of a, that of b, 
that of c, and at the infinite part of the plane. 


These examples are sufficient to indicate the main problem. It is the 
construction of a surface in which the independent variable can move so 
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that, for variations of z in that surface, the multiformity of the function is 
changed to uniformity. From the nature of the case, the character of the 
surface will depend on the character of the function: and thus, though all the 
functions are uniform with their appropriate surfaces, these surfaces are 
widely various. Evidently for uniform functions of z the appropriate surface 
on the above method is the single plane already adopted. 


172. The simplest classes of functions for which a Riemann’s surface is 
useful are (i) those called (§ 94) algebraic functions, that is, multiform functions 
of the independent variable defined by an algebraical equation of the form 


Sw, 2) =9, 


which is of finite degree, say n, in w; and (11) those usually called Abelian 
functions, which arise through integrals connected with algebraic functions. 


Of such an algebraic function there are, in general, n distinct values; but 
for the special values of z, that are the branch-points, two or more of the 
values coincide. The appropriate Riemann’s surface is composed of n sheets ; 
one branch, and only one branch, of w is associated with a sheet. The 
variable z, in its relation to the function, is determined not merely by its 
modulus and argument but also by its sheet; that is, in the language of the 
earlier method, we take account of the path by which z acquires avalue. The 
particular sheet in which z les determines the particular branch of the 
function. Variations of z, which occur within a sheet and do not coincide 
with points lying in regions of passage between the sheets, lead to variations 
in the value of the branch of w associated with the sheet; a return to an 
initial value of z, by a path that nowhere lies within a region of passage, 
leaves the z-point in the same sheet as at first and so leads to the initial 
branch (and to the initial value of the branch) of w. But a return to an 
initial value of z by a path, which, in the former method of representation, 
would enclose a branch-point, implies a change of the branch of the function 
according to the definite order prescribed by the branch-point. Hence the 
final value of the variable z on the Riemann’s surface must lie in a sheet that 
is different from that of the initial (and arithmetically equal) value; and 
therefore the sheets must be so connected that, in the immediate vicinity of 
branch-points, there are means of passage from one sheet to another, securing 
the proper interchanges of the branches of the function as defined by the 
equation. 


173. The first necessity is therefore the consideration of the mode in 
which the sheets of a Riemann’s surface are joined: the mode is indicated by 
the theorem that sheets of a Riemann’s surface are joined along lines. 


The junction might be made either at a point, as with two spheres in 
contact, or by a common portion of a surface, as with one prism lying on 
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another, or along lines; but whatever the character of the junction be, it 
must be such that a single passage across it (thereby implying entrance to 
the junction and exit from it) must change the sheet of the variable. 


If the junction were at a point, then the z-variable could change from one 
sheet into another sheet, only if its path passed through that point: any 
other closed path would leave the z-variable in its original sheet. A small 
closed curve, infinitesimally near the point and enclosing it and no other 
branch-point, is one which ought to transfer the variable to another sheet 
because it encloses a branch-point: and this is impossible with a point-junction 
when the path does not pass through the point. Hence a junction at a point 
only is insufficient to provide the proper means of passage from sheet to 
sheet. 


If the junction were effected by a common portion 

of surface, then a passage through it (implying an — ao 
entrance into that portion and an exit from it) ought to re a 
change the sheet. But, in such a case, closed contours roa 

can be constructed which make such a passage without 
enclosing the branch-point a: thus the junction would cause a change of 
sheet for certain circuits the description of which ought to leave the 
z-variable in the original sheet. Hence a junction by a continuous area of 
surface does not provide the proper means of passage from sheet to sheet. 


Fig. 51. 


The only possible junction which remains is a line. autor. 
The objection in the last case does not apply to a closed ae 
contour which does not contain the branch-point; for the ae 


C . nT ja 
line cuts the curve twice and there are therefore two Big. 52. 


crossings ; the second of them makes the variable return to the sheet which 
the first crossing compelled it to leave. 


Hence the junction between any two sheets takes place along a line. 


Such a line is called* a branch-line. The branch-points of a multiform 


function lie on the branch-lines, after the foregoing explanations; and a 
branch-line can be crossed by the variable only if the variable change its 
sheet at crossing, in the sequence prescribed by the branch-point of the 
function which les on the line. Also, the sequence is reversed when the 
branch-line is crossed in the reversed direction. 


Thus, if two sheets of a surface be connected along a branch-line, a point which 
crosses the line from the first sheet must pass into the second and a point which crosses 
the line from the second sheet must pass into the first. 


Again, if, along a common direction of branch-line, the first sheet of a surface 
be connected with the second, the second with the third, and the third with 


* Sometimes cross-line, sometimes branch-section. The German title is Verzweigungschnitt ; 
the French is ligne de passage ; see also the note on the equivalents of branch-point, p, 15. 
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the first, a point which crosses the line from the first sheet in one direction must pass 
into the second sheet, but if it cross the line in the other direction it must pass into 
the third sheet. 


A branch-point does not necessarily affect all the branches of a function: 
when it affects only some of them, the corresponding property of the Riemann’s 
surface is in evidence as follows. Let z=a determine a branch-point affecting, 
say, only 7 branches. Take n points a, one in each of the sheets; and through 
them draw n lines cab, having the same geometrical position in the respective 
sheets. Then in the vicinity of the point @ in each of the n sheets, associated 
with the r affected branches, there must be means of passage from each one 
to all the rest of them; and the lines cab can conceivably be the branch-lines 
with a properly established sequence. The point a does not affect the other 
n—yr branches: there is therefore no necessity for means of passage in the 
vicinity of @ among the remaining n—r sheets. In each of these remaining 
sheets, the point a and the line cab belong to their respective sheets alone: 
for them, the point a is not a branch-point and the line cab is not a branch- 
line. 


174. Several essential properties of the branch-lines are immediate 
inferences from these conditions. 


I. A free end of a branch-line in a surface is a branch-point. 


Let a simple circuit be drawn round the free end so small as to enclose no 
branch-point (except the free end, if it be a branch-point). The circuit meets 
the branch-line once, and the sheet is changed because the branch-line is 
crossed; hence the circuit includes a branch-point which therefore can be 
only the free end of the line. 


Note. A branch-line may terminate in the boundary of the surface, 
and then the extremity need not be a branch-point. 


Il. When a branch-line extends beyond a branch-point lying in its course, 
the sequence of interchange is not the same on the two sides of the point. 


If the sequence of interchange be the same on the two sides of the branch- 
point, a small circuit round the point would first cross one part of the branch- 
line and therefore involve a change of sheet and then, in its course, would 
cross the other part of the branch-line in the other direction which, on the 
supposition of unaltered sequence, would cause a return to the initial sheet. 
In that case, a circuit round the branch-point would fail to secure the proper 
change of sheet. Hence the sequence of interchange caused by the branch- 
line cannot be the same on the two sides of the point. 


III. Lf two branch-lines with different sequences of interchange have a 
common extremity, that point is either a branch-point or an extremity of at 
least one other branch-line. 
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If the point be not a branch-point, then a simple curve enclosing it, taken 
so small as to include no branch-point, must 
leave the variable in its initial sheet. Let 4  ¢ 


nN 
be such a point, AB and AC be two branch- m ce 
lines having A for a common extremity; let i : ; B 
the sequence be as in the figure, taken for a Fig. 63 


simple case; and suppose that the variable 
initially is in the rth sheet. A passage across AB makes the variable 
pass into the sth sheet. If there be no branch-line between AB and AC 
having an extremity at A, and if neither n nor m be s, then the passage 
across AC’ makes no change in the sheet of the variable and, therefore, in 
order to restore r before AB, at least one branch-line must lie in the angle 
between AC and AB, estimated in the positive trigonometrical sense. 

If either n or m, say n, be s, then after passage across AC, the point is in 
the mth sheet ; then, since the sequences are not the same, m is not r and 
there must be some branch-line between AC and AB to make the point 
return to the rth sheet on the completion of the circuit. 


If then the point A be not a branch-point, there must be at least one 
other branch-line having its extremity at A. This proves the proposition. 


CoroLuary 1. If both of two branch-lines extend beyond a point of inter- 
section, which is not a branch-point, and vf no other branch-line pass through 


the pownt, then either no sheet of the surface has both of them Jor branch-lines, 
or they are branch-lines for two sheets that are the same. 


CoroLiary 2. If a change of sequence occur at any point of a branch- 
line, then either that point is a branch-point or it lies also on some other 
branch-line. 

Coroniary 3. No part of a branch-line with only one branch-point on tt 
can be a closed curve. 

It is evidently superfluous to have a branch-line without any branch-point 
on it. 


175. On the basis of these BEEPS we can obtain a system of branch- 


me the proper sequences oie change from eee to sheet must be 
secured by a description of a simple circuit round a branch- 
point: if this be satisfied for each of the branch-points, it 


will evidently be satisfied for any combination of simple circuits, 
that is, for any path whatever enclosing one or more branch- 
points. 

(ii) the sheet, in which the variable re-assumes its initial value after 
describing a circuit that encloses no branch-point, must be the 
initial sheet. 

F, i 24 
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In the z-plane of Cauchy’s method, let lines be drawn from any point J, not 
a branch-point in the first instance, to each of the branch-points, as in fig. 19, 
p- 175, so that the joining lines do not meet except at 7: and suppose the 
n-sheeted Riemann’s surface to have branch-lines coinciding geometrically 
with these lines, as in § 173, and having the sequence of interchange for 
passage across each the same as the order in the cycle of functional values 
for a small circuit round the branch-point at its free end. No line (or part 
of a line) can be a closed curve; the lines need not be straight, but they 
will be supposed drawn as direct as possible to the points in angular 
succession. 


The first of the above requisite conditions is satisfied by the establish- 
ment of the sequence of interchange. 


To consider the second of the conditions, it is convenient to divide 
circuits into two kinds, (a) those which exclude J, (8) those which include J, 
no one of either kind (for our present purpose) including a branch-point. 


A closed cireuit, excluding J and all the branch-points, must intersect a 
branch-line an even number of times, if 
it intersect the line in real points. Let 
the figure (fig. 54) represent such a case: 
then the crossings at A and B counter- 
act one another and so the part be- 
tween A and B may without effect be 
transferred across IB, so as not to cut 
the branch-line at all. Similarly for 
the points C and D: and a similar 
transference of the part now between 
C and D may be made across the 
branch-line without effect: that is, the 
circuit can, without effect, be changed 


Fig. 54, 


so as not to cut the branch-line 7B, at all. A similar change can be made 
for each of the branch-lines: and so the cireuit can, without effect, be changed 
into one which meets no branch-line and therefore, on its completion, leaves 
the sheet unchanged. 


A closed circuit, including Z but no branch-point, must meet each branch- 
line an odd number of times. A change similar in character to that in 
the previous case may be made for each branch-line: and without affecting 
the result, the circuit can be changed so that it meets each branch-line only 
once. Now the effect produced by a branch-line on the function is the same 
as the description of a simple loop round the branch-point which with J 
determines the branch-line: and therefore the effect of the circuit at present 
contemplated is, after the transformation which does not affect the result, the 
same as that of a circuit, in the previously adopted mode of representation, 
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enclosing all the branch-points. But, by Cor. III. of § 90, the effect of a 
circuit which encloses all the branch-points (including z=, if it be a 
branch-point) is to restore the value of the function which it had at the 
beginning of the circuit: and therefore in the present case the effect is to 
make the point return to the sheet in which it lay initially. 

It follows therefore that, for both kinds of a closed circuit containing no 
branch-point, the effect is to make the z-variable return to its initial sheet 
on resuming its initial value at the close of the circuit. 


Next, let the point J be a branch-point; and let it be joined by lines, 
as direct* as possible, to each of the other branch-points in angular suc- 
cession. ‘These lines will be regarded as the branch-lines; and the sequence 
of interchange for passage across any one is made that of the interchange 
prescribed by the branch-point at its free extremity. 


The proper sequence of change is secured for a description of a simple 
closed circuit round each of the branch-points other than J. Let a small 
circuit be described round J; it meets each of the branch-lines once and 
therefore its effect is the same as, in the language of the earlier method of 
representing variation of z, that of a circuit enclosing all the branch-points 
except J. Such a circuit, when taken on the Neumann’s sphere, as in Cor. 
TIL, § 90 and Ex. 2, § 104, may be regarded in two ways, according as one or 
other of the portions, into which it divides the area of the sphere, is regarded 
as the included area; in one way, it is a circuit enclosing all the branch- 
points except J, in the other it is a circuit enclosing J alone and no other 
branch-point. Without making any modification in the final value of w, it 
can (by § 90) be deformed, either into a succession of loops round all the 
branch-points save one, or into a loop round that one; the effect of these two 
deformations is therefore the same. Hence the effect of the small closed 
circuit round J meeting all the branch-lines is the same as, in the other mode 
of representation, that of a small curve round J enclosing no other branch- 
point; and therefore the adopted set of branch-limes secures the proper 
sequence of change of value for description of a circuit round J. 

The first of the two necessary conditions is therefore satisfied by the 
present arrangement of branch-lines. 

The proof, that the second of the two necessary conditions is also satisfied 
by the present arrangement of branch-lines, is similar to that in the preceding 
case, save that only the first kind of circuit of the earlier proof is possible. 

It thus appears that a system of branch-lines can be obtained which 
secures the proper changes of sheet for a multiform function: and therefore 
Riemann’s surfaces can be constructed for such a function, the essential 
property being that over its appropriate surface an otherwise multiform 
function of the variable is a uniform function. 


* The reason for this will appear in §§ 183, 184. 
24—2 
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The multipartite character of the function has its influence preserved by 
the character of the surface to which the function is referred: the surface, 
consisting of a number of sheets joined to one another, may be a multiply 
connected surface. 

In thus proving the general existence of appropriate surfaces, there has 
remained a large arbitrary element in their actual construction : moreover, 
in particular cases, there are methods of obtaining varied configurations of 
branch-lines. Thus the assignment of the n branches to the n sheets has 
been left unspecified, and is therefore so far arbitrary: the point J, if not a 
branch-point, is arbitrarily chosen and so there is a certain arbitrariness of 
position in the branch-lines. Naturally, what is desired is the simplest 
appropriate surface: the particularisation of the preceding arbitrary qualities 
is used to derive a canonical form of the surface. 


176. The discussion of one or two simple cases will help to illustrate the 
mode of junction between the sheets, made by branch-lines. 

The simplest case of all is that in which the surface has only a single 
sheet: it does not require discussion. 

The case next in simplicity is that in which the surface is two-sheeted : 
the function is therefore two-valued and is consequently defined by a 
quadratic equation of the form 

Iv? + 2Mu + N =0, 
where Z, M, and WN are uniform functions of z When a new variable w is 
introduced, defined by Lu + M=w, so that values of w and of w correspond 
uniquely, the equation is 

w= M2 — LN = P (2). 
It is evident that every branch-point of wu is a branch-point of w, and 
vice versa; hence the Riemann’s surface is the same for the two equations. 
Now any root of P(z) of odd degree is a branch-point of w. If then 

P(z)=@ (z) Re), 
where f(z) is a product of only simple factors, every factor of R(z) leads to 
a branch-point. If the degree of R(z) be even, the number of branch-points 
for finite values of the variable is even, and z= is not a branch-point; if the 
degree of R(z) be odd, the number of branch-points for finite values of the 
variable is odd, and z= is a branch-point: in either case, the number of 
branch-points is even. 

There are only two values of w,and the Riemann’s surface is two-sheeted: 
crossing a branch-line therefore merely causes a change of sheet. The free 
ends of branch-lines are branch-points; a small circuit round any branch- 
point causes an interchange of the branches w, and a circuit round any two 
branch-points restores the initial value of wat the end and therefore leaves 
the variable in the same sheet as at the beginning. These are the essential 
requirements in the present case; all of them are satisfied by taking each 
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branch-line as a line connecting two (and only two) of the branch-points. The 


ends of all the branch-lines are free: and their number, in this method, is 
one-half that of the (even) number of branch-points. A small circuit round 
a branch-point meets a branch-line once and causes a change of sheet; a 
circuit round two (and not more than two) branch-points causes either no 
crossing of branch-line or an even number of crossings and therefore restores 
the variable to the initial sheet. 


A branch-line is, in this case, usually drawn in the form of a straight line 
when the surface is plane: but this form is not essential and all that is 
desirable is to prevent intersections of the branch-lines. 


Note. Junction between the sheets along a branch-line is easily secured. 
The two sheets to be joined are cut along the branch-line. One edge of the 
cut in the upper sheet, say its right edge looking along the section, is joined 
to the left edge of the cut in the lower sheet; and the left edge in the upper 
sheet is joined to the right edge in the lower. 


A few simple examples will illustrate these remarks as to the sheets: illustrations of 
closed circuits will arise later, in the consideration of integrals of multiform functions. 

Exz.1. Let w= A (z—a)(z—5), 
so that a and b are the only branch-points. The surface is two-sheeted : the line ab may 
be made the branch-line. In fig. 55 only part of the upper sheet is shewn*, as likewise 
only part of the lower sheet. Continuous lines imply what is visible ; and dotted lines 
what is invisible, on the supposition that the sheets are opaque. 

The circuit, closed in the surface and passing round a, is made up of the continuous 
line in the upper sheet from H to A’: the point crosses the branch-line at A and then 
passes into the lower sheet, where it describes the dotted line from A to H: it then meets 
and crosses the branch-line at H, passes into the upper sheet and in that sheet returns to 
its initial point. Similarly of the line ABC, the part AB lies in the lower sheet, the part 
BC in the upper : of the line DG the part DZ lies in the upper sheet, the part HG in the 
lower, the piece /'@ of this part being there visible beyond the boundary of the retained 
portion of the upper surface. 

Eu. 2. Let hw=2B— ai, 

The branch-points (fig. 56) are A (=a), B(=aa), C(=aa"), where a is a primitive cube 
root of unity, and z=. The branch-lines can be made by BC, Ao; and the two- 
sheeted surface will be a surface over which w is uniform. Only a part of each sheet 
is shewn in the figure ; a section also is made at J across the surface, cutting the branch- 
line Ao. 

Ex. 3. Let wm =a, 
where ” and m are prime to each other. The branch-points are z=0 and z= ; and the 
branch-line extends from 0 to «. There are m sheets ; if we associate them in order with 


the branches w,, where 
nm (nO+2sr)i 


W,=rme m 
for s=1, 2,..., m, then the first sheet is connected with the second forwards, the second 
with the third forwards, and so on; the mth being connected with the first forwards. 
* The form of the three figures in the plate opposite p. 374 is suggested by Holzmiiller, 
Einfiihrung in die Theorie der isogonalen Verwandschaften und der conformen Abbildungen, 
(Leipzig, Teubner, 1882), in which several illustrations are given. 
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The surface is sometimes also called a winding-surface ; and a branch-point such as 
z=0 on the surface, where a number m of sheets pass into one another in succession, 18 
also called a winding-point of order m—1 (see p. 15, note), An illustration of the surface 
for m=3 is given in fig. 57, the branch-line being cut so as to shew the branching : what 
is visible is indicated by continuous lines ; what is in the second sheet, but is invisible, is 
indicated by the thickly dotted line; what is in the third sheet, but is invisible, is 
indicated by the thinly dotted line. 


i -sheeted surface having four branch-points at a, 6, ¢, d; and 
Ex. 4. Consider a three-s g 
let each point interchange two branches, say, w,, v3 at @; W, Ws at b; We, Wz atc; Wy, We 


1 d a a 
“ Z VA 
2/3 
1 
3 
b b 2 ¢ 


Fig. 58. 


at d; the points being as in fig. 58. It is easy to verify that these branch-points 
satisfy the condition that a circuit, enclosing them all, restores the initial value of w. 


The branching of the sheets may be made as in the figure, the integers on the two sides 
of the line indicating the sheets that are to be joined along the line. 


A canonical form for such a surface can be derived from the more general case given 
later (in §§ 186—189). 


Lx. 5. Shew that, if the equation 
Cine) = 0 


be of degree 2 in w and be irreducible, all the n sheets of the surface are connected, that 
is, it is possible by an appropriate path to pass from any sheet to any other sheet. 


For if not, let a denote any arbitrary value of z, and let w,, uwy,..., % denote the 
n values of w when z=a. Let z vary, beginning with a value a; let the variation be 
restricted solely by the condition that z does not acquire a value giving rise to a branch- 
point, and otherwise be perfectly general; and let z return to the value a. If it is not 
possible to pass from any sheet of the Riemann’s surface to any other, suppose that the 
first, second,..., mth sheets are connected with one another, and that no one of them 
is connected with any one of the rest. Then whatever be the variation of z,and whichever 
of the values w,, wy, ..., Um be chosen as an initial value of w, the final value of w (when z 
resumes its value a) will be one of the set 4, w.,.... Um. Hence any rational symmetric 
function of w, %,,..., %m remains unchanged when z, after varying quite arbitrarily, 
resumes an initial value ; in other words, that symmetric function of Wiis ths's oes ols 
a uniform function of z, which (as in § 193) is a rational function of z. Consequently, the 
values %,, Uy)... Um of w are the roots of an algebraical equation f, (w, 2)=0, which 
is polynomial in w and z, and is of degree m in w. But these values of w are roots 
of f (w, z2)=0; hence f(w, z) is divisible by f, (w, z), contrary to the given condition that 
F (wv, 2)=0 is irreducible. 


Corollary I. When f=0 is irreducible, it is possible to make z vary from an initial 
value, and return to a, in such a way that any assigned initial value of w shall lead to any 
assigned final value of #, among the x values which it has for z=a. 


Corollary Il. If z=a, w= A, and z=, w=B are any two positions on the Riemann’s 
surface corresponding to an equation f(w, z)=0, and if a path exists in the surface 


TT. 


lo face p. 3/4 
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joining the one position to the other, then fis either an irreducible polynomial or is some 
power of an irreducible polynomial. 


For if f can be resolved into the product of two different polynomials, each of them 
equated to zero would give rise to a Riemann’s surface; and the two surfaces would not be 
connected, so that it would be impossible to pass from any position on one of them 
to any position on the other. If therefore fis resoluble, its component polynomials must 
be one and the same: that is, on the given hypothesis, when f is reducible, it is a power 
of an irreducible polynomial. 


177. It is not necessary to limit the surface representing the variable to 
a set of planes; and, indeed, as with uniform functions, there is a convenience 
in using the sphere for the purpose. 


We take n spheres, each of diameter unity, touching the Riemann’s plane 
surface at a point A; each sphere is regarded as the stereographic projection 
of a plane sheet, with regard to the other extremity A’ of the spherical 
diameter through A. Then, the sequence of these spherical sheets being 
the same as the sequence of the plane sheets, branch-points in the plane 
surface project into branch-points on the spherical surface: branch-lines 
between the plane sheets project into branch-lines between the spherical 
sheets and are terminated by corresponding points; and if a branch-line 
extend in the plane surface to =a, the corresponding branch-line in the 
spherical surface is terminated at A’. 


A surface will thus be obtained consisting of m spherical sheets; like 
the plane Riemann’s surface, it is one over which the n-valued function is a 
uniform function of the position of the variable point. 


But also the connectivity of the n-sheeted spherical surface is the same as 
that of the n-sheeted plane surface with which it is associated. 


In fact, the plane surface can be mechanically changed into the spherical 
surface without tearing, or repairing, or any change except bending and 
compression : all that needs to be done is that the n plane sheets shall be 
bent, without making any change in their sequence, each into a spherical 
form, and that the boundaries at infinity (if any) in the plane sheet shall 
be compressed into an infinitesimal point, bemg the South pole of the 
corresponding spherical sheet or sheets. Any junctions between the plane 
sheets extending to infinity are junctions terminated at the South pole. As 
the plane surface has a boundary, which, if at infinity on one of the sheets, is 
therefore not a branch-line for that sheet, so the spherical surface has a 
boundary which, if at the South pole, cannot be the extremity of a branch- 
line. 


178. We proceed to obtain the connectivity of a Riemann’s surface: it 
is determined by the following theorem :— 


Let the total number of branch-points m a Riemann’s n-sheeted surface be 


vr; and let the number of branches of the function interchanging at the first 
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‘ 


point be m,, the number interchanging at the second be m,, and so on. Then 
the connectivity of the surface rs 

Q — 2n +3, 
where O denotes m, +m, +... + My, — 7%. 


Take* the surface in the bounded spherical form, the connectivity NV of 
which is the same as that of the plane surface: and let the boundary be a 
small hole A in the outer sheet. By means of cross-cuts and loop-cuts, the 
surface can be resolved into a number of distinct simply connected pieces. 


First, make a slice bodily through the sphere, the edge in the 
outside sheet meeting A and the direction of the 
slice through A being chosen so that none of the 
branch-points lie in any of the pieces cut off. Then n eo 


parts, one from each sheet and each simply connected, / 
are taken away. The remainder of the surface has a 
cup-like form; let the connectivity of this remainder 
be M. 
This slice has implied a number of cuts. oo 


The cut made in the outside sheet is a cross-cut, 
because it begins and ends in the boundary A. It 
divides the surface into two distinct pieces, one being 
the portion of the outside sheet cut off, and this piece is simply connected ; 
hence, by Prop. III. of § 160, the remainder has its connectivity still repre- 
sented by J. 


Fig. 59. 


The cuts in all the other sheets, caused by the slice, are all loop-cuts, 
because they do not anywhere meet the boundary. There are n—1 loop- 
cuts, and each cuts off a simply connected piece; let the remaining surface 
be of connectivity M. Hence, by Prop. V. of § 161, 


M+n—-1=N+2(n-1), 
and therefore M=N+n-1. 


In this remainder, of connectivity M, make r—1 cuts, each of which 
begins in the rim and returns to the rim, and is to be made through the n 
sheets together ; and choose the directions of these cuts so that each of the 
r resulting portions of the surface contains one (and only one) of the branch- 
points. 


Consider the portion of the surface which contains the branch-point 
where m, sheets of the surface are connected. The m, connected sheets 
constitute a piece of a winding-surface round the winding-point of order 
m,—1; the remaining sheets are unaffected by the winding-point, and 


* The proof is founded on Neumann’s, Vorlesungen tiber Riemann’s Theorie der Abel’schen 
Integrale, pp. 168—172. 
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therefore the parts of them are n—®m, distinct simply connected pieces. 
The piece of winding-surface is simply connected; because a circuit, that 
does not contain the winding-point, is reducible without passing over the 
winding-point, and a circuit, that does contain the winding-point, is reducible 
to the winding-point, so that no irreducible circuit can be drawn. Hence 
the portion of the surface under consideration consists of n —m,+ 1 distinct 
simply connected pieces. 


Similarly for the other portions. Hence the total number of distinct 
simply connected pieces is 


’. 
x (n-—m,4+1) 
=1 


=nr —{). 


But in the portion of connectivity M each of the r—1 cuts causes, in 
each of the sheets, a cut passing from the boundary and returning to the 
boundary, that is, a cross-cut. Hence there are n cross-cuts from each of the 
rv —1 cuts, and therefore n(r — 1) cross-cuts altogether, made in the portion of 
surface of connectivity M. 


The effect of these n(7 —1) cross-cuts 1s to resolve the portion of con- 
nectivity M into nr —Q, distinct simply connected pieces; hence, by § 160, 


M=n(r—1)- (nr —Q) + 2, 
and therefore N=M-(n—-1)=0-2n4+8, 
the connectivity of the Riemann’s surface. 

ee 
The quantity ©, having the value > (m,—1), may be called the rami- 
q=1 ees 
fication of the surface, as indicating the aggregate sum of the orders of 
the different branch-points. 

Note. The surface just considered is a closed surface to which a point 
has been assigned for boundary; hence, by Cor. L, Prop. IIL, § 164, its 
connectivity is an odd integer. Let it be denoted by 2p+1; then 

2p = 0 — 2n + 2, 
and 2p is the number of cross-cuts which change the Riemann’s surface into 
one that is simply connected. 

The integer p is often called (Cor. I, Prop, IIL, § 165) the genus of the 
Riemann’s surface; and the equation 

J (w, 2) =0 
is said to be of genus p, when p is the genus of the associated Riemann’s 
surface. 


378 EXAMPLES OF CONNECTIVITY OF [178. 


The genus of an equation is discussed, partly in association with Abel’s 
Theorem on transcendental integrals, in an interesting paper* by Baker, who 
gives a simple graphical rule to determine the integer. This rule is given in 
the example at the end of § 182. 

Ex. 1. When the equation is 

w=) (z—a) (z—), 


we have a two-sheeted surface, »=2. There are two branch-points, z=a and z=b; but 
z=oo is not a branch-point; so that r=2. At each of the branch-points the two values are 
interchanged, so that m,=2, m,=2; thus Q=2. Hence the connectivity =2—4+3=1, 
that is, the surface is simply connected. 


The surface can be deformed, as in the example in § 169, into a sphere. 


Ex. 2. When the equation is 
w=48 — goz— 95 
=4 (z— 1) (2-2) (2); 


we have n=2. There are four branch-points, viz., ¢,, 2, ¢3, ©, so that r=4 ; and at each 
of them the two values of w are interchanged, so that m,=2 (for s=1, 2, 3, 4), and therefore 
Q=8—4=4. Hence the connectivity is 4—4+3, that is, 3; and the value of p is unity. 


Similarly, the surface associated with the equation 
w= Ue) 
where U(z) is a rational integral function of degree 2m-—1 or of degree 2m, is of con- 
nectivity 2m+1; so that p=m. The equation 
w? = (1 —2) (1 — he? 
is of genus p=1. The case next in importance is that of the algebraical equation leading 
to the hyperelliptic functions, when U is either a quintic or a sextic ; and then p=2. 
Ez, 3. Obtain the connectivity of the Riemann’s surface associated with the equation 
w+ 2— 3awe=1, 
where @ is a constant, (1) when a is zero, (ii) when a is different from zero. 
Hu, 4. Shew that, if the surface associated with the equation 
I (w, 2)=0, 
have » boundary-lines instead of one, and if the equation have the same branch-points 
as in the foregoing proposition, the connectivity is Q—2n+p+2. 
Ha. 5. Shew that the genus of the equation 
wi — 2 (2+42+4+1)=0 
is 1, and that the genus of the equation 


w + 25 = 52" 


is 2. (Raffy.) 
Discuss the genus of the equation 


w— Bw (2+2+1)+5w (+241)? - 22 (2+241)=0. 
(Raffy : Baker.) 


* «Hxamples of the application of Newton’s polygon to the theory of singular points of 
algebraic functions,” Camb. Phil. Trans., vol. xv, (1894), pp. 403—405, 
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Ex. 6. In the equation 
wn = (z—¢,)%...(2 — C5), 


the sum of the positive integers 7,,..., 2; is divisible by x. Shew that the genus p of the 


associated Riemann’s surface is given by 


8 
p=l+$n(s—2)—3 = Nags 


q= 
where ), is the greatest common measure of 2, and n. 
Shew also that, for surfaces of a given genus p, associated with equations of the 
assigned form, s cannot be greater than 2p —2. (Trinity Fellowship, 1897.) 
Exz.7. Shew that the values of p for the equations 
GQ) wt=24+2Qwe (w222-1)=0: 
(il) (w? — 2)? — 42? (we -1)?=0: 


are 7 and 3 respectively. (Cayley. ) 


179. The consideration of irreducible circuits on the surface at once 
reveals the multiple connection of the surface, the numerical measure of 
which has been obtained. In a Riemann’s surface, a simple 


closed circuit cannot be deformed over a branch-point. Let Cy 
; é 


A be a branch-point, and let AH... be the branch-line © ..... 


A é ‘A 
having a free end at A. Take a curve ...CHD... crossing > D’ 
the branch-line at # and passing into a sheet different A 

Fig. 60 


from that which contains the portion CZ’; and, if possible, 
let a slight deformation of the curve be made so as to transfer the portion 
CE across the branch-point A. In the deformed position, the curve 
...C’E’D’... does not meet the branch-line; there is, consequently, no 
change of sheet in its course near Av and therefore L’D’..., which is the 
continuation of ...C’H#’, cannot be regarded as the deformed position of HD. 
The two paths are essentially distinct; and thus the original path cannot be 
deformed over the branch-point. 


It therefore follows that continuous deformation of a circuit over a 
branch-point on a Riemann’s surface is a geometrical impossibility. 

Ex. Trace the variation of the curve CHD, as the pomt # moves up to A and then 
returns along the other side of the branch-line. 

Hence a circuit containing two or more of the branch-points is irreducible ; 
but a circuit containing all the branch-points is equivalent to a circuit that 
contains none of them, and it is therefore reducible. 


If a circuit contain only one branch-point, it can be continuously deformed 
so as to coincide with the point on each sheet and therefore, being deformable 
into a point, it is a reducible circuit. An illustration has already occurred in 
the case of a portion of winding-surface containing a single winding-point 
(p. 376); all circuits drawn on it are reducible. 


It follows from the preceding results that the Riemann’s surface associated 
with a multiform function is generally one of multiple connection; we shall 


ae 
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find it convenient to know how it can be resolved, by means of cross-cuts, into 
a simply connected surface. The representative surface will be supposed a 
closed surface with a single boundary ; its connectivity, necessarily odd, being 
2n+1, the number of cross-cuts necessary to resolve the surface into one 
that is simply connected is 2p; when these cuts have been made, the simply 
connected surface then obtained will have its boundary composed of a single 
closed curve. 


One or two simple examples of resolution of special Riemann’s surfaces will be useful 
in leading up to the general explanation; in the examples it will be shewn how, in 
conformity with § 168, the resolving cross-cuts render irreducible circuits impossible. 


Ex. 1. Let the equation be 
w= A (z—a) (2—b) (z—¢) (2—d), 


where a, 0, c,d are four distinct points, all of finite modulus. The surface is two-sheeted ; 
each of the points a, b, ¢, d is a branch-point where the two values of w interchange ; and 
so the surface, assumed to have a single boundary, is triply connected, the value of p 
being unity. The branch-lines are two, each connecting a pair of branch-points; let them 


be ab and cd, 


Two cross-cuts are necessary and sufficient to resolve the surface into one that is 
simply connected. We first make a cross-cut, Q 
beginning at the boundary 5, (say it is in the 
upper sheet), continuing in that sheet and re- 
turning to B, so that its course encloses the 
branch-line ab (but not cd) and meets no branch- 
line. It is a cross-cut, and not a loop-cut, for it 
begins and ends in the boundary; it is evidently 
a cut in the upper sheet alone, and does not 
divide the surface into distinct portions ; and, 


once made, it is to be regarded as boundary for 
the partially cut surface. 


The surface in its present condition is con- 
nected : and therefore it is possible to pass from one edge to the other of the cut just 
made. Let P be a point on it ; a curve that passes from one edge to the other is indicated 
by the line PYF in the upper sheet, 2S in the lower, and SP in the upper. Along this 
line make a cut, beginning at P and returning to P; it is a cross-cut, partly in the 
upper sheet and partly in the lower, and it does not divide the surface into distinct 
portions. 


Two cross-cuts in the triply connected surface have now been made; neither of them, 
as made, divides the surface into distinct portions, and each of them when made reduces 
the connectivity by one unit; hence the surface is now simply connected. It is easy to 
see that the boundary consists of a single line not intersecting itself; for beginning 
at P, we have the outer edge of PBT, then the inner edge of PYRSP, then the inner 
edge of P7'S, and then the outer edge of PSRYP, returning to P. 


The required resolution has been effected. 


Before the surface was resolved, a number of irreducible circuits could be drawn; a 
complete system of irreducible circuits is composed of two, by § 168. Such a system may 
be taken in various ways ; let it be composed of a simple curve C lying in the upper sheet 
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and containing the points a and b, and a simple curve D, lying partly in the upper 
and partly in the lower sheet and containing the points @ and ¢; each of these curves 
is irreducible, because it encloses two branch-points. Every other irreducible circuit 
is reconcileable with these two; the actual reconciliation in particular cases is effected 
most simply when the surface is taken in a spherical form. 


The irreducible circuit C on the unresolved surface is impossible on the resolved 
surface owing to the cross-cut SPQRS; and the irreducible circuit D on the unresolved 
surface is impossible on the resolved surface owing to the cross-cut P7B. It is easy 
to verify that no irreducible circuit can be drawn on the resolved surface. 


In practice, it is conveniently effective to select a complete system of irreducible 
simple circuits and then to make the cross-cuts so that each of them renders one circuit 
of the system impossible on the resolved surface. 


Ex. 2. If the equation be 
W= 42 — gz — Js 
=4 (2— &) (2—e,) (2 - es), 
the branch-points are e,, ¢,é, and 2. When the two-sheeted surface is spherical, and the 
branch-lines are taken to be (i) a line joining e,, e,; and (ii) a line joining e, to the South 
pole, the discussion of the surface is similar in detail to that in the preceding example. 
Hx. 3. Let the equation be 
w= Az(1—2) (k —2)(A—Z) (w—2), 
and for simplicity suppose that x, A, » are real quantities subject to the inequalities 
Zig IVE fb ZO), 

The associated surface is two-sheeted and has a boundary assigned to it; assuming 
that its sheets are planes, we shall take some point in the finite part of the upper sheet, 
not being a branch-point, as the boundary. ‘There are six branch-points, viz., 0, 1, x, 
A, p, © at each of which the two values of w interchange ; and so the connectivity of 


the surface is 5, and its genus is 2. The branch-lines can be taken as three, this being 
the simplest arrangement; let them be the lines joining 0, 1; x, A; p, ©. 


Four cross-cuts are necessary to resolve the surface into one that is simply connected 
and has a single boundary. They may be obtained as follows. 


Fig. 62. 


Beginning at the boundary LZ, let a cut LA be made entirely in the upper sheet 
along a line which, when complete, encloses the points 0 and 1 but no other branch-points ; 
let the cut return to J. This is a cross-cut and it does not divide the surface into 
distinct pieces ; hence, after it is made, the connectivity of the modified surface is 4, and 
there are two boundary-lines, being the two edges of the cut LA. 

Beginning at a point A in LHA, make a cut along ABC in the upper sheet until 
it mects the branch-line po, then in the lower sheet along CSD until it meets the 
branch-line 01, and then in the upper sheet from D returning to the initial point A. 
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This is a cross-cut and it does not divide the surface into distinct pieces ; hence, after it 
is made, the connectivity of the modified surface is 3, and it is easy to see that there 
is only one boundary-edge, similar to the single boundary in Zw. 1 when the surface 
in that example has been completely resolved. 


Make a loop-cut EG along a line, enclosing the points « and \ but no other branch- 
points ; and change it into a cross-cut by making a cut from # to some point B of the 
boundary. This cross-cut can be regarded as BEFGE, ending at a point in its own 
earlier course. As it does not divide the surface into distinct pieces, the connectivity is 
reduced to 2; and there are two boundary-lines. 


Beginning at a point G make another cross-cut GQPAG, as in the figure, enclosing 
the two branch-points \ and p» and lying partly in the upper sheet and partly in the lower. 
It does not divide the surface into distinct pieces: the connectivity is reduced to unity, 
and there is a single boundary-line. 


Four cross-cuts have been made ; and the surface has been resolved into one that is 
simply connected. 
It is easy to verify : 


(i) that neither in the upper sheet, nor in the lower sheet, nor partly in the 
upper sheet and partly in the lower, can an irreducible circuit be drawn in 
the resolved surface ; and 


(ii) that, owing to the cross-cuts, the simplest irreducible circuits in the unresolved 
surface—viz. those which enclose 0, 1; 1, «; «, A; A, #3 respectively— 
are rendered impossible in the resolved surface. 


The equation in the present example, and the Riemann’s surface associated with it, 
lead to the theory of hyperelliptic functions *. 


180. The last example suggests a method of resolving any two-sheeted 
surface into a surface that is simply connected. 


The number of its branch- points is necessarily even, say 2p +2. The 
branch-lines can be made to join these points in pairs, so that there will be 
pt+1 of them. To determine the connectivity (§ 178), we have n=2 and, 
since two values are interchanged at every branch-point, Q =2p+2; so 
that the connectivity is 2p+1. Then 2p cross-cuts are necessary for the 
required resolution of the surface. 


We make cuts round p of the branch-lines, that is, round all of them but 
one; each cut is made to enclose two branch- -points, and each lies entirely in 
the upper sheet. These are cuts corresponding to the cuts LHA and HFG 
in fig. 62; and, as there, the cut round the first branch-line begins and ends 
in the boundary, so that it is a cross-cut. All the remaining cuts are loop- 
cuts at present. This system of p cuts we denote by ay, dy, ..., Gp. 

We make other p cuts, one passing from the inner edge of each of the Pp 
cuts a already made to the branch-line which it surrounds, then in the lower 


sheet to the (p +1)th branch-line, and then in the upper sheet returning to 


* One of the most direct discussions of the theory from this point of view is given by Prym, 
Neue Theorie der ultraelliptischen Functionen, (Berlin, Mayer and Miiller, 2nd ed., 1885). 
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the point of the outer edge of the cut @ at which it began. This system of 
cuts corresponds to the cuts ADSCBA and GQPRG in fig. 62. Each of them 
can be taken so as to meet no one of the cuts a except the one in which it 
begins and ends; and they can be taken so as not to meet one another. 
This system of p cuts we denote by by, by, ..., by, where b, is the cut which 
begins and ends in a,. All these cuts are cross-cuts, because they begin and 
end in boundary-lines. 


Lastly, we make other p—1 cuts from a, to b,4, for r= 2, 3, ..., p, all in 
the upper sheet; no one of them, except at its initial and its final points, 
meets any of the cuts already made. This system of p—1 cuts we denote 
DY ny Casares Cve 

Because 6,_, is a cross-cut, the cross-cut c, changes a, (hitherto a loop- 
cut) into a cross-cut when ¢, and a, are combined into a single cut. 


It is evident that no one of these cuts divides the surface into distinct 
pieces; and thus we have a system of 2p cross-cuts resolving the two-sheeted 
surface of connectivity 2p +1 into a surface that is simply connected. The 
cross-cuts in order* are 


,, b,, ¢ and dy, b,, ¢, and’ dz, by, ..., G» and Gp, by. 


181. This resolution of a general two-sheeted surface suggestst Rie- 
mann’s general resolution of a surface with any (finite) number of sheets. 


As before, we assume that the surface is closed and has a single boundary 
and that its genus is p, so that 2p cross-cuts are necessary for its resolution 
into one that is simply connected. 


Make a cut in the surface such as not to divide it into distinct pieces ; 
and let it begin and end in the boundary. It is a cross-cut, say a,; it 
changes the number of boundary-lines to 2, and it reduces the connectivity 
of the cut surface to 2p. 


Since the surface is connected, we can pass in the surface along a 
continuous line from one edge of the cut a to the opposite edge. Along 
this line make a cut 0,: it is a cross-cut, because it begins and ends in 
the boundary. It passes from one edge of a, to the other, that is, from one 
boundary-line to another. Hence, as in Prop. II. of § 164, it does not divide 
the surface into distinct pieces; it changes the number of boundaries to 1, 
and it reduces the connectivity to 2p — 1. 


The problem is now the same as at first, except that now only 
2n —2 cross-cuts are necessary for the required resolution. We make a 
loop-cut a, not resolving the surface into distinct. pieces, and a cross-cut 

* See Neumann, pp. 178—182; Prym, Zur Theorie der Functionen in einer zweiblittrigen 


Fliche, (1866). 
+ Riemann, Ges. Werke, pp. 122, 123; Neumann, pp. 182—185. 
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¢, from a point of a, to a point on the boundary at b,; then c, and a, taken 
together, constitute a cross-cut that does not resolve the surface into distinct 
pieces. It therefore reduces the connectivity to 2p —2, and leaves two pieces 
of boundary. 


The surface being connected, we can pass in the surface along a continuous 
line from one edge of a, to the opposite edge. Along this line we make a 
cut b,, evidently a cross-cut, passing, like 6, in the earlier case, from one 
boundary-line to the other. Hence it does not divide the surface into 
distinct pieces; it changes the number of boundaries to 1, and it reduces 
the connectivity to 2p —3. 


Proceeding in p stages, each of two cross-cuts, we ultimately obtain a 
simply connected surface with a single boundary; and the general effect on 
the original unresolved surface is to have a system of cross-cuts somewhat of 
the form 


Cc 
4, bs Co ae aa 3 


Fig. 63. 


The foregoing resolution is called the canonical resolution of a Riemann’s 
surface, 


Ex, 1. Construct the Riemann’s surface for the equation 
uwe+2—3awz=1, 


both for a=0 and for a different from zero; and resolve it by cross-cuts into a simply 
connected surface with a single boundary, shewing a complete system of irreducible simple 
circuits on the unresolved surface. 


Ex, 2. Shew that the Riemann’s surface for the equation 


is of genus p=2; indicate the possible systems of branch-lines, and, for each system, 
resolve the surface by cross-cuts into a simply connected surface with a single boundary. 
(Burnside.) 
Ev. 3. Find the connectivity of the surface associated with the equation 
wie = (2-1)? (z+1)8; 
draw a possible system of branch-lines, and dissect the surface so as to reduce it to 
a simply connected one. (Math. Trip., Part II., 1897.) 


182. Among algebraical equations with their associated Riemann’s 
surfaces, two general cases of great importance and comparative simplicity 
distinguish themselves. The first is that in which the surface is two- 
sheeted; round each branch-point the two branches interchange. The 
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second is that in which, while the surface has a finite number of sheets 
greater than two, all the branch-points are of the first order, that is, are 
such that round each of them only two branches of the function interchange. 
The former has already been considered, in so far as concerns the surface ; 
we now proceed to the consideration of the latter. 


The equation is (AOR Bis 
of degree n in w; and, for our present purpose, it is convenient to regard 
#= (0) as an equation corresponding to a generalised plane curve of degree n, 
so that no term in f/f is of dimensions higher than n. 

The total number of branch-points has been proved, in § 98, to be 

n(n —1)—26—- 2k, 

where 6 is the number of points which are the generalisation of double 
points on the curve with non-coincident tangents and « is the number 
of double points on the curve with coincident tangents. Round each of 
these branch-points, two branches of w interchange aud only two, so that 
all the numbers m, of § 178 are equal to 2; hence the ramification 
Osis 


2 {n(n — 1) — 26 — 2x} — {n (n — 1) — 26 — 2x}, 
that is, QO, = n(m—1) — 26 — 2k. 
The connectivity of the surface is therefore 
n(n —1)— 26 — 2« —2n+8; 

and therefore the genus p of the surface is 

$(n—1)(n—2)—6—k. 
Now this integer is known* as the deficiency of the curve; and therefore it 
appears that the deficiency of the curve is the same us the genus of the Riemann 
surface associated with its equation, and also is the same as the genus of tts 


equation. 


Moreover, the number of branch-points of the original equation is Q, that 


18, 


= 2p +2n — 2 
=2{p+(n—1)}. 


Note. The equality of these numbers, representing the deficiency and the genus, is one 
among many reasons that lead to the close association of algebraic functions (and of 
functions dependent on them) with the theory of plane algebraic curves, in the investi- 
gations of Nother, Brill, Clebsch and others, referred to in §§ 191, 242; and in the paper 
by Baker, quoted in § 178. Baker’s rule for determining the number is embodied in 
the following question ; and a number of simple examples are given in his paper. 

* Salmon’s Higher Plane Curves, §§ 44, 83; Clebsch’s Vorleswngen tiber Geometrie, (edited 
by Lindemann), t. i, pp. 351—429, the German word used instead of deficiency being Geschlecht. 
The name ‘deficiency’ was introduced by Cayley in 1865: see Proc. Lond. Math. Soc., vol. i, 
‘On the transformation of plane curves,” 


F. 25 
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Ex. A plane (A) of rectangular Cartesian coordinates is ruled with lines parallel to 
the axes, at unit distances apart, and the angular points of the squares obtained are called 
unit points. Corresponding to every term d,,,27y* in the equation of an irreducible 
plane curve (which is referred to rectangular Cartesian axes, the origin being a multiple 
point of the curve), the point (7, s) is marked on the plane (A) and called a curve point. 
The outermost of the curve points are joined by finite straight lines so as to form a 
convex polygon, enclosing the other curve points and having a curve point at each vertex. 
Considering first the sides of this polygon which are nearest to the origin and limited by 
the axes of coordinates, and assuming that all the unit points upon these sides are also 
curve points and that all these sides are inclined to one of the axes at an angle greater 
than 47, prove that the sum of the number of double points and cusps to which the 
singularity is equivalent is equal to the number of unit points between these sides and the 
axes of coordinates together with the number of unit points upon these sides less two. 
Considering next the complete polygon and assuming the curve to have only three 
singularities, namely at the origin and at infinity on the two axes of coordinates, and 
excluding exceptional relations between the coefficients of the terms entering in the 
equation of the curve, prove that its deficiency is equal to the whole number of unit points 
actually within the polygon. (Math. Trip., Part II., 1893.) 


183. With a view to the construction of a canonical form of Riemann’s 
surface of genus p for the equation under consideration, it is necessary to 
consider in some detail the relations between the branches of the functions 
as they are affected by the branch-points. 


The effect produced on any value of the function by the description of a 
small circuit, enclosing one branch-point (and only one), is known. But 
when the small circuit is part of a loop, the effect on the value of the 
function with which the loop begins to be described depends upon the form 
of the loop; and various results (e.g. Ex. 1, § 104) are obtained by taking 
different loops. In the first form (§ 175) in which the branch-lines were 
established as junctions between sheets, what was done was the equivalent 
of drawing a number of straight loops, which had one extremity common to 
all and the other free, and of assigning the law of junction according to the 
law of interchange determined by the description of the loop. As, however, 
there is no necessary limitation to the forms of branch-lines, we may draw 
them in other forms, always, of course, having branch-points at their free 
extremities; and according to the variation in the form of the branch-line, 
(that is, according to the variation in the form of the corresponding loop 
or, in other words, according to the deformation of the loop over other 
branch-points from some form of reference), there will be variation in the law 
of junction along the branch-lines. 


There is thus a large amount of arbitrary character in the forms of the 
branch-lines, and consequently in the laws of junction along the branch-lines, 
of the sheets of a Riemann’s surface. Moreover, the assignment of the n 
branches of the function to the n sheets is arbitrary. Hence a consider- 
able amount of arbitrary variation in the configuration of a Riemann’s 
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surface is possible within the limits imposed by the invariance of its 
connectivity. The canonical form will be established by making these 
arbitrary elements definite. 


184. After the preceding explanation and always under the hypothesis 
that the branch-points are simple, we shall revert temporarily to the use of 
loops and shall ultimately combine them into branch-lines. 


When, with an ordinary point as origin, we construct a loop round a 
branch-point, two and only two of the values of the function are affected 
by that particular loop; they are interchanged by it; but a different form of 
loop, from the same origin round the same branch-point, might affect some 
other pair of values of the function. 


To indicate the law of interchange, a symbol will be convenient. If the 
two values interchanged by a given loop be w; and w,, the loop will be 
denoted by wm; and z and m will be called the numbers of the symbol of that 
loop. 

For the initial configuration of the loops, we shall (as in § 175) take an 
ordinary point 0: we shall make loops beginning at O, forming them in the 
sequence of angular succession of the branch-points round O and drawing the 
double linear part of the loop as direct as possible from O to its branch-point : 
and, in this configuration, we shall take the law of interchange by a loop to 
be the law of interchange by the branch-point in the loop. 


In any other configuration, the symbol of a loop round any branch-point 
depends upon its form, that is, depends upon the deformation over other 
branch-points which the loop has suffered in passing from its initial form. 
The effect of such deformation must first be obtained: it is determined by 
the following lemma :— 

When one loop is deformed over another, the symbol of the deformed loop 
is unaltered, if neither of its numbers or if both of its numbers occur in the 
symbol of the unmoved loop ; but if, before deformation, the symbols have one 
number common, the new symbol of the deformed loop is obtained from the old 
symbol by substituting, for the common number, the other number in the symbol 
of the unmoved loop. 

The sufficient test, to which all such changes must be subject, is that 
the effect on the values of the function at any point of a contour enclosing 
both branch-points is the same at that point for all deformations imto two 
loops. Moreover, a complete circuit of all the loops is the same as a contour 
enclosing all the branch-points ; it therefore (Cor. IIT. § 90) restores the initial 
value with which the circuit began to be described. 

Obviously there are three cases. 


First, when the symbols have no number common: let them be mn, rs. 
The branch-point in the loop rs does not affect wy, or Wy: 1b 1s thus effectively 
25—2 
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not a branch-point for either of the values w,, and w,; and therefore (§ 91) 
the loop mn can be deformed across the point, that is, it can be deformed 
across the loop mn. 


Secondly, when the symbols are the same: the symbol of the deformed 
loop must be unaltered, in order that the contour embracing only the two 
branch-points may, as it should, restore after its complete description each of 
the values affected. 


Thirdly, when the symbols have one number common: let O be any 
point and let the loops be OA, OB in any given position such as (1), fig. 64, 
with symbols mr, nr respectively. Then OB may be deformed over OA as 
in (ii), or OA over OB as in (iii). 


(ii) 


Vig. 64. 


The effect at O of a closed circuit, including the points A and B and 
described positively beginning at O, is, in (1) which is the initial configura- 
tion, to change w, into w,, w, into Wz, W, Into W,»; this effect on the 
values at O, unaltered, must govern the deformation of the loops. 


The two alternative deformations (11) and (111) will be considered separately. 


When, as in (11), OB is deformed over OA, then OA is unmoved and 
therefore unaltered: it is still mr. Now, beginning at O with w,, the loop 
OA changes w» into w,: the whole circuit changes w, into w,, so that OB 
must now leave w, unaltered. Again, beginning with w,, it is unaltered by 
OA, and the whole circuit changes w, into w,: hence OB must change wy, 
into W,», that is, the symbol of OB must be mn. And, this being so, an 
initial w, at O is changed by the whole circuit into w,, as it should be. 
Hence the new symbol mn of the deformed loop OB in (i1) is obtained from 
the old symbol by substituting, for the common number 7, the other number 
m in the symbol of the unmoved loop OA. 


We may proceed similarly for the deformation in (111); or the new symbol 
may be obtained as follows. The loop OA in (iii) may be deformed to the 
form in (iv) without crossing any branch-point and therefore without 
changing its symbol. When this form of the loop is described in the 
positive direction, w,, initially at O is changed into w, after the first loop 
OB, for this loop has the position of OB in (i), then it is changed into wy, 
after the loop OA, for this loop has the position of OA in (i), and then w,, is 
unchanged after the second (and inner) loop OB. Thus w, is changed into 
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Wm, 80 that the symbol is mn, a symbol which is easily proved to give the 
proper results with an initial value w,, or w, for the whole contour. This 
change is as stated in the theorem, which is therefore proved. 

Ex. If the deformation from (i) to (ii) be called superior, and that from (i) to (iii) 
inferior, then # successive superior deformations give the same loop-configuration, in 
symbols and relative order for positive description, as 6—w successive inferior deform- 
ations. 

CoroLLary. A loop can be passed unchanged over two loops that have the 
same symbol. 


Let the common symbol of the unmoved loops be mn. If neither number 
of the deformed loop be m or n, passage over each of the loops mn makes no 
difference, after the lemma; likewise, if its symbol be mn. If only one of its 
numbers, say n, be in mn, its symbol is nr, where r is different from m. When 
the loop nr is deformed over the first loop mn, its new symbol is m7; when 
this loop mr is deformed over the second loop mn, its new symbol is nr, that 
is, the final symbol is the same as the initial symbol, or the loop is unchanged. 


185. The initial configuration of the loops is used by Clebsch and 
Gordan to establish their simple cycles and thence to deduce the periodi- 
city of the Abelian integrals connected with the equation /f(w, z) = 0, 
without reference to the Riemann’s surface; and this method of treating 
the functions that arise through the equation, always supposed to have 
merely simple branch-points, has been used by Casorati* and Liiroth f. 

We can pass from any value of w at the initial point O to any other 
value by a suitable series of loops; because, were it possible to inter- 
change the values of only some of the branches, an equation could be 
constructed which had those branches for its roots. The fundamental 
equation could then be resolved into this equation and an equation having 
the rest of the branches for its roots: that is, the fundamental equation 
would cease to be irreducible. 

We begin then with any loop, say one connecting w, with w,. There 
will be a loop, connecting the value w, with either w, or w,; there will 
be a loop, connecting the value w, with either w,, w., or w,; and so on, 
until we select a loop, connecting the last value w, with one of the other 
values. Such a set of loops, »—1 in number, is called fundamental. 

A passage round the set will not at the end restore the branch with 
which the description began. When we begin with any value, any other 
value can be obtained after the description of properly chosen loops of the 
set. 

Any other loop, when combined with a set of fundamental loops, gives 
a system the description of suitably chosen loops of which restores some 


* Annali di Matematica, 2 Ser., 6. iii, (1870), pp. 1—27. 
+ Abh. d. K. bay. Akad. t. xvi, i Abth., (1887), pp. 199—241. 
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initial value; only two values can be restored by the description of loops 
of the combined system. Thus if the loops in order be 12, 18, 14,..., In 
and a loop gr be combined with them, the value w, is changed into w, by 
1g, into w, by 17, into w, by qr; and similarly for w,. Such a combination 


of n loops is called a simple cycle. 
The total number of branch-points, and therefore of loops, is (§ 182) 


2{p+(n—IT)}; 
and therefore the total number of simple cycles is 2o+n—1. But these 
simple cycles are not independent of one another. 


In the description of any cycle, the loops vary in their operation 
according to the initial value of w: and, for two different initial values of 
w, no loop is operative in the same way. For otherwise all the preceding 
and all the succeeding loops would operate in the same way and would 
lead, on reversal, to the same initial value of w. Hence a loop of a given 
cycle can be operative in only two descriptions, once when it changes, say, w; 
into w;, and the other when it changes w, into w;. 


Now consider the circuit made up of all the loops. When w, is taken as 
the initial value, it is restored at the end: and in the description only a 
certain number of loops have been operative: the cycle made up of these loops 
can be resolved into the operative parts of simple cycles, that is, into simple 
cycles: hence one relation among the simple cycles is given by the considera- 
tion of the operative loops when the whole system of the loops is described 
with an initial value. 


Similarly when any other initial value is taken; so that apparently there 
are n relations, one arising from each initial value. These n relations are not 
independent: for a simultaneous combination of the operations of all the 
loops in all the circuits leads to an identically null effect (but no smaller 
combination would be effective), for each loop is operative twice (and only 
twice) with opposite effects, shewing that one and only one of the relations is 
derivable from the remainder. Hence there are n—1 independent relations 
and therefore * the number of independent simple cycles is 2p. 


186. We now proceed to obtain a typical form of the Riemann’s surface 
by deforming the initial configuration of the loops into a typical configu- 
rationt. The final arrangement of the loops is indicated by the two 
theorems :— 


* Clebsch und Gordan, Theorie der Abel’schen Functionen, p. 85. 
+ The investigation is based upon the following memoirs :— 

Liiroth, ‘‘ Note tiber Verzweigungsschnitte und Querschnitte in einer Riemann’schen Fliiche,” 
Math. Ann., t. iv, (1871), pp. 181—184; ‘“ Ueber die kanonischen Perioden der Abel’schen 
Integrale,” Abh. d. K. bay, Akad., t. xv, ii Abth., (1885), pp. 8329-—366. 

Clebsch, ‘Zur Theorie der Riemann’schen Fliichen,” Math. Ann., t. vi, (1873), pp. 216—230. 

Clifford, “On the canonical form and dissection of a Riemann’s Surface,” Lond. Math. Soe. 
Proc., vol. viii, (1877), pp. 292—304. 
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I. The loops can be made in pairs in which all loop-symbols are of the 
form (m,m +1), for m=1, 2,...,n—1. (With this configuration, w, can be 
changed by a loop only into w,, w. by a loop only into w,, and so on in 
succession, each change being effected by an even number of loops.) This 
theorem is due to Liiroth. 


Il. The loops can be made so that there is only one pair 12, only one 


pair 23,..., only one pair (n—2, n—1), and the remaining p+1 pairs are 
(n—1, x). This theorem is due to Clebsch. 


187. We proceed to prove Liiroth’s theorem, assuming that the loops 
have the initial configuration of § 184, 


Take any loop 12, say OA: beginning it with w,, describe loops positively 
and in succession; then as the value w, is restored sooner or later, for it 
must be restored by the circuit of all the loops, let it be restored first by a 
loop OB, the symbol of OB necessarily containing the number 1. Between O.A 
and OB there may be loops whose symbols contain 1 but which have been 
inoperative. Let each of these in turn be deformed so as to pass back over 
all the loops between its initial position and OA ; and then finally over OA. 
Before passing over OA its symbol must contain 1, for there is no loop over 
which it has passed that, having 1 in its symbol, could make it drop 1 in the 
passage; but it cannot contain 2, for, if it did, the effect of OA and the 
deformed loop would be to restore 1, an effect that would have been 
caused in the original position, contrary to the hypothesis that OB is the 
first loop that restores 1. Hence after it has passed over OA its symbol 
no longer contains 1. 

Next, pass OB over the loops between its initial position and OA but not 
over OA: its symbol must be 12 in the deformed position since w, is restored 
by the loop OB. Then OA and the deformed loop OB are each 12; hence each 
of the loops, between the new position and the old position of OL, can be passed 
over OA and the new loop OB without any change in its symbol. There are 
therefore, behind OA, a series of loops that do not affect w,. Thus the loops 
are 

(a) loops behind OA not affecting w,, (b) OA, OB each 12, 
(c) other loops beyond the initial position of OB. 

Begin now with w, at the loop OB and again describe loops positively 
and in succession: then w, must be restored sooner or later. It may be 
only after OA is described, so that there has been a complete circuit of 
all the loops; or it may first be by an intermediate loop, say OC. 

For the former case, when OA is the first loop by which w, is restored, 
we deform as follows. Deform all loops affecting w,, which le between 
OB and OA, in the positive direction from OB back over other loops and 
over OB, The symbol of each just before its deformation contains 1 but 
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not 2, and therefore after its deformation it does not contain 1. Moreover 
just after OB is described, w, is the value, and just before OA is described, 
w, is the value; hence the intermediate loops, which have affected w,, 
must be even in number. Let OG be the first after OB which affects w,, 
and let the symbol of OG be Ir. Then beginning OG with w,, the value 
Ww, must be restored by a complete circuit of all the loops, that is, it 
must be restored by OB; and therefore the value must be w, when 
beginning OA, or w, must be restored before OA. Let OH be the first 
loop after OG to restore w,; then, by proceeding as above, we can deform 
all the loops between OG and OH over OG, with the result that no such 
deformed loop affects w, and that OG and OH are both Ir. Hence all 
the loops affecting w, can be arranged in pairs having the same symbol. 


Since OG and OH are a pair with the same symbol, every loop between 
OB and OG can be passed unchanged over OG and OH together. When 
this is done, pass OG over OB so that it becomes 2r, and then OH over 
OB so that it also is 27. Thus these deformed loops OG, OH are a pair 
2r; and therefore OA can, without change, be deformed over both so as 
to be next to OB. Let this be done with all the pairs; then, finally, we 
have 

(a) loops not affecting w,, (b) a pair with the symbol 12, 
(c) pairs affecting w, and not w,, (d) loops not affecting w,. 


We thus have a pair 12 and loops not affecting w,, so that such a change 
has been effected as to make all the loops affecting w, possess the symbol 12. 


For the second case, when OC is the first loop to restore w,, the 
value with which the loop OB whose symbol is 12 began to be described, we 
treat the loops between OB and OC in a manner similar to that adopted in 
the former case for loops between OA and OB; so that, remembering that 
now wW, instead of the former w, is the value dealt with in the recurrence, we 
can deform these loops into 


(a) loops behind OB which change w, but not ws, 
(b) OB and OC, the symbol of each of which is 12. 
Now OB was next to OA; hence the set (a@) are now next to OA. Each of 


them when passed over OA drops the number 1 from its symbol and so the 
whole system now consists of 


(a) loops behind OA not affecting w,, (b) OA, OB, OC each of which 
is 12, (c) other loops. 


Begin again with the value w, before OA. Before OC the value is w,; 
and the whole circuit of the loops must restore w,, which must therefore 
occur before OA. Let OD be the first loop by which w, is restored. Then 
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treating the loops between OC and OD, as formerly those between the initial 
positions of OA and OB were treated, we shall have 


(a) loops behind OA not affecting w,, (b) OA, OB each being 12, 


(c) loops between OB and OC not affecting w,, (d) OC, OD each 
being 12, (e) other loops. 


Except that fewer loops affecting w, have to be reckoned with, the con- 
figuration is now in the same condition as at the end of the first stage. 
Proceeding therefore as before, we can arrange that all the loops affecting w, 
occur in pans with the symbol 12. Moreover, each of the loops in the set 
(c) can be passed unchanged over OA and OB; so that, finally, we have 


(a) pairs of loops with the symbol 12, (6’) loops not affecting w,. 
We keep (a) in pairs, so that any desired deformation of loops in (b’) over 


them can be made without causing any change; and we treat the set (b’) in 
the same manner as before, with the result that the set (b’) is replaced by 


(b) pairs of loops with the symbol 23, (c’) loops not affecting w, or w,. 


And so on, with the ultimate result that the loops can be made in pairs in 
which each symbol ws of the form (m, m+1) for m=1,...,n—1. 


188. We now come to Clebsch’s Theorem that the loops thus made can 
be so deformed that there is only one pair 12, only one pair 23, and so on, 
until the last symbol (nm — 1, »), which is the common symbol of p + 1 pairs. 


This can be easily proved after the establishment of the lemma. that, if 
there be two pairs 12 and one pair 23, the loops can be deformed into one pair 
12 and two pairs 23. 

The actual deformation leading to the lemma is shewn in the accompany- 
ing scheme: the deformations impled by the 
continuous lines are those of a loop from the left 
to the right of the respective lines, and those 12 12 12 23 13 28 
implied by the dotted lines are those of a loop jg jg 93 13 13 98 
from the right to the left of the respective lines. 
It is interesting to draw figures, representing (7 fe 
the loops in the various configurations. 2 28 12 13) 23" 23 


Wey ee Ry By} 


By the continued use of this lemma we can 12 23° 238 12 23 23 
change all but one of the pairs 12 into pairs 23, j9 12 93 93 93 93 
all but one of the pairs 23 into pairs 34, and 
so on, the final configuration being that there are one pair 12, one pair 23, ... 


and p+1 pairs (n—1,n). Thus Clebsch’s theorem is proved. 
189. We now proceed to the construction of the Riemann’s surface. 
Each loop is associated with a branch-point, and the order of interchange 
for passage round the branch-point, by means of the loop, is given by the 
numbers in the symbol of the loop. 


394. CONSTRUCTION OF [189. 


Hence, in the configuration which has been obtained, there are two branch- 
points 12: we therefore connect them (as in § 176) by a line, not necessarily 
along the direction of the two loops 12 but necessarily such that it can, 
without passing over any branch-point, be deformed into the lines of the’ 
two loops; and we make this the branch-line between the first and the 
second sheets. There are two branch-points 23: we connect them by a line 
not meeting the former branch-line, and we make it the branch-line between 
the second and the third sheets. And so on, until we come to the last two 
sheets. There are 2p +2 branch-points n — 1, n: we connect these in pairs 
(as in § 176) by p+1 lines, not meeting one another or any of the former 
lines, and we make them the p+ 1 branch-lines between the last two sheets. 


It thus appears that, when the winding-points of a Riemann’s surface with 
n sheets of connectivity 2p +1 are all simple, the surface can be taken in such 
a form that there is a single branch-line between consecutive sheets except for the 


last two sheets: and between the last two sheets there are p+ 1 branch-lines. 


This form of Riemann’s surface may be regarded as the canonical form for a 
surface, all the branch-points of which are simple. 


Further, let AB be a branch-line such as 12. Let two points P and Q 
be taken in the first sheet on opposite sides of AB, so that PQ in space is 
infinitesimal; and let P’ be the point in the second sheet determined by the 
same value of z as P, so that P’@ in the sheet is infinitesimal. Then the 
value w, at P is changed by a loop round A (or round £) into a value at Q 
differing only infinitesimally from w,, which is the value at P’: that is, the 
change in the function from Q to P’ is infinitesimal. Hence the value of the 
function is continuous across a line of passage from one sheet to another. 


190. The genus of the foregoing surface is p; and it was remarked, in 
§ 170, that a convenient surface of reference of the same genus is that of a 
solid sphere with p holes bored through it. It is, therefore, proper to in- 
dicate the geometrical deformation of a Riemann’s surface of this canonical 
form into a p-holed sphere. 


The Riemann’s surface consists of n sheets connected chainwise each with 
a single branch-line to the sheet on either side of it, except that the first is 
connected only with the second and that the last two have p+1 branch- 
lines. We may also consider the whole surface as spherical and the sequence 
of the sheets from the inside outwards: and the outmost sheet can be con- 
sidered as bounded. 


Let the branch-line between the first and the second sheets be made to 
he along part of a great circle. Let the first sheet of the Riemann’s surface 
be reflected in the plane of this great circle: the line becomes a long 
narrow hole along the great circle, and the reflected sheet becomes a large 
indentation in the second sheet. Reversing the process of § 169, we can 
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change the new form of the second sheet, so that it is spherical again : it is 
now the inmost of the n—1 sheets of the surface, the connectivity and the 
ramification of which are unaltered by the operation. 


Let this process be applied to each surviving inner sheet in succession. 
Then, after n—2 operations, there will be left a two-sheeted surface; the 
outer sheet is bounded and the two sheets are joined by p+1_ branch- 
lines; so that the connectivity is still 29+1. Let these branch-lines be 
made to le along a great circle: and let the inner surface be reflected 
in the plane of this circle. Then, after the reflexion, each of the branch-lines 
becomes a long narrow hole along the great circle; and there are two 
spherical surfaces which pass continuously into one another at these holes, 
the outer of the surfaces being bounded. By stretching one of the holes 
and flattening the two surfaces, the new form is that of a bifacial flat 
surface: each of the p holes then becomes a hole through the body 
bounded by that surface; the stretched hole gives the extreme geo- 
metrical limits of the extension of the surface, and the original boundary of 
the outer surface becomes a boundary hole existing in only one face. The 
body can now be distended until it takes the form of a sphere, and the final 
form is that of the surface of a solid sphere with p holes bored through it 
and having a single boundary. 

This is the normal surface of reference (§ 170) of connectivity 2p + 1. 


As a last ground of comparison between the Riemann’s surface in its 
canonical form and the surface of the bored sphere, we may consider the 
system of cross-cuts necessary to transform each of them into a simply 
connected surface. 

We begin with the spherical surface. The simplest irreducible circuits 
are of two classes, (1) those which go round a hole, (11) those which go through 
a hole; the cross-cuts, 2p in number, which make the surface simply con- 
nected, must be such as to prevent these irreducible circuits. 

Round each of the holes we make a cut a, the first of them beginning 
and ending in the boundary: these cuts prevent circuits through the holes. 
Through each hole we make a cut 6, beginning and ending at a point in the 
corresponding cut a: we then make from the first b a cut ¢, to the second a, 
from the second 6 a cut c, to the third a, and so on. The surface is then 
simply connected: a, is a cross-cut, b, iS a cross-cut, ¢,+@, 18 a cross-cut, 
b, is a cross-cut, C¢,+a, 18 a cross-cut, and so on. The total number is 
evidently 2p, the number proper for the reduction; and it is easy to verify 
that there is a single boundary. 

To compare this dissection with the resolution of a Riemann’s surface by 
cross-cuts, say of a two-sheeted surface (the n-sheeted surface was trans- 
formed into a two-sheeted surface), it must be borne in mind that only p of 
the p+1 branch-lines were changed into holes and the remaining one, which, 
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after the partial deformation, was a hole of the Riemann’s surface, was 
stretched out so as to give the boundary. 


It thus appears that the direction of a cut a round a hole in the normal 
surface of reference is a cut round a branch-line in one sheet, that is, it is a 
cut @ as in the resolution (§ 180) of the Riemann’s surface into one that is 
simply connected. 


Again, a cut b is a cut from a point in the boundary across a cut a and 
through the hole back to the initial point; hence, in the Riemann’s surface, 
it is a cut from some one assigned branch-line across a cut a,, meeting the 
branch-line surrounded by a,, passing into the second sheet and, without 
meeting any other cut or branch-line in that surface, returning to the initial 
point on the assigned branch-line. It is a cut b as in the resolution of the 
Riemann’s surface. 

Lastly, a cut ¢ is made from a cut b toacut a. It is the same as in the 
resolution of the Riemann’s surface, and the purpose of each of these cuts is 
to change each of the loop-cuts a (after the first) into cross-cuts. 


A simple illustration arises in the case of a two-sheeted Riemann’s surface, of genus p=2. 
The various forms are : 

(i) the surface of a two-holed sphere, with the directions of cross-cuts that resolve it 
into a simply connected surface ; as in (i), fig. 65, B, K being at opposite edges 
of the cut c, where it meets a,: H, Cat opposite edges where it meets b,: and 
So on ; 

(1) the spherical surface, resolved into a simply connected surface, bent, stretched, 
and flattened out ; as in (ii), fig. 65 ; 


(iil) the plane Riemann’s surface, resolved by the cross-cuts ; as in fig. 63, p. 384. 


Numerous illustrations of transformations of Riemann’s surfaces are given by 
Hofmann, Methodik der stetigen Deformation von zweibliittrigen Riemann’schen Fltchen, 
(Halle a. S., Nebert, 1888). 
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191. We have seen that a bifacial surface with a single boundary can be 
deformed, at least geometrically, into any other bifacial surface with a single 
boundary, provided the two surfaces have the same connectivity; and the 
result is otherwise independent of the constitution of the surface, in regard 
to sheets and to form or position of branch-lines. Further, in all the geo- 
metrical deformations adopted, the characteristic property is the uniform 
correspondence of points on the surfaces. 


Now with every Riemann’s surface, in its initial form, an algebraical 
equation f(w,z)=0 is associated; but when deformations of the surface 
are made, the relations that establish uniform correspondence between 
different forms, practically by means of conformal representation, are often 
of a transcendental character (Chap. XX.). Hence, when two surfaces are 
thus equivalent to one another, and when points on the surfaces are 
determined solely by the variables in the respective algebraical equations, 
no relations other than algebraical being taken into consideration, the 
uniform correspondence of points can only be secured by assigning a new 
condition that there be uniform transformation between the variables w and 
z of one surface and the variables w’ and z’ of the other surface. And, when 
this condition is satisfied, the equations are such that the deficiencies of the 
two (generalised) curves represented by the equations are the same, because 
they are equal to the common connectivity. It may therefore be expected 
that, when the variables in an equation are subjected to uniform transfor- 
mation, the genus of the equation is unaltered; or in other words, that the 
deficiency of a curve is an invariant for uniform transformation. 


This inference is correct: the actual proof is directly connected with 
geometry and the theory of Abelian functions, and is given in treatises 
on those subjects*. We shall return to the theorem in connection with 
birational transformation, which will be discussed later: merely remarking 
now that the result is of importance here, because it justifies the adoption 
of a simple normal surface of the same genus as a surface of reference. 


* Clebsch’s Vorlesungen iiber Geometrie, t.i, p. 459, where other references are given ; Salmon’s 
Higher Plane Curves, pp. 93, 319; Clebsch und Gordan, Theorie der Abe?schen Functionen, 
Section 3; Brill, Math. Ann., t. vi, pp. 33—65. 


CHAPTER XVi 
ALGEBRAIC FUNCTIONS AND THEIR INTEGRALS. 


192. IN the preceding chapter sufficient indications have been given as 
to the character of the Riemann’s surface on which the n-branched function 
w, determined by the equation 


fu, 2)=0, 


can be represented as a uniform function of the position of the variable. 
It is unnecessary to consider algebraically multiform functions of position 
on the surface, for such multiformity would merely lead to another surface 
of the same kind, on which the algebraically multiform functions would 
be uniform functions of position; transcendentally multiform functions of 
position will arise later, through the integrals of algebraic functions. It 
therefore remains, at the present stage, only to consider the most general 
uniform function of position on the Riemann’s surface. 


On the other hand, it is evident that a Riemann’s surface of any number 
of sheets can be constructed, with arbitrary branch-points and assigned 
sequence of junction; the elements of the surface being subject merely to 
general laws, which give a necessary relation between the number of sheets, 
the ramification and the connectivity, and which require the restoration of 
any value of the function after the description of some properly chosen 
irreducible circuit. The essential elements of the arbitrary surface, and the 
merely general laws indicated, are independent of any previous knowledge 
of an algebraical equation associated with the surface ; and a question arises 
whether, when a Riemann’s surface is given, an associated algebraical equa- 
tion necessarily exists. 

Two distinct subjects of investigation, therefore, arise. The first is the 
most general uniform function of position on a surface associated with a given 
algebraical equation, and its integral; the second is the discussion of the 
existence of functions of position on a surface that is given independently 
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of an algebraical equation. Both of them lead, as a matter of fact, to the 
theory of transcendental (that is, non-algebraical) functions of the most 
general type, commonly called Abelian transcendents. But the first is, 
naturally, the more direct, in that the algebraical equation is initially given: 
whereas, in the second, the prime necessity is the establishment of the so- 
called Existence-Theorem—that such functions, algebraical and transcend- 
ental, exist. 


193. Taking the subjects of investigation in the assigned order, we 
suppose the fundamental equation to be irreducible, and rational as 
regards both the dependent and the independent variable; the general form 
is therefore 

w” Fy (2) + Ww? Gy (Zz) +... + WH (2) + Gn (2) = 9, 


the coefficients G,(z), Gi(z), ..., Gr(z) being rational integral functions of 
the variable z. 

The infinities of w are, by § 95, the zeros of G(z) and, possibly, z= 0. 
But, for our present purpose, no special interest attaches to the infinity of a 
function, as such; we therefore take wG,(z) as a new dependent variable, 
and the equation then is 


FS (, 2) = w" + wg, (2) +... + WIna (2) + In (2) = 9, 
in which the functions g(z) are rational integral functions of z. 


The distribution of the branches for a value of z which is an ordinary 
point, and the determination of the branch-points together with the cyclical 
grouping of the branches round a branch-point, may be supposed known. 
When the corresponding n-sheeted Riemann’s surface (say of connectivity 
2p +1) is constructed, then w is a uniform function of position on the 
surface. 


Now not merely w, but every rational function of w and z, is a uniform 
function of position on the surface; and its branch-points (though not 
necessarily its infinities) are the same as that of the function w. 


Conversely, every uniform function of position on the Rremann’s surface, 
having accidental singularities and infinities only of finite order, is a rational 
function of w and z. The proof* of this proposition, to which we now 


proceed, leads to the canonical expression for the most general uniform 
function of position on the surface, an expression which is used in Abel’s 
Theorem in transcendental integrals. 

Let w’ denote the general uniform function, and let wy’, wy, ..., Wn’ denote 


the branches of this function for the points on the nm sheets determined by 


* The proof adopted follows Prym, Crelle, t. Ixxxiii, (1877), pp. 251—261; see also Klein, 
Ueber Riemann’s Theorie der algebraischen Functionen und ihrer Integrale, p. 57. 
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the arithmetical magnitude z; and let w,, w., ..., Wn be the corresponding 
branches of w for the magnitude z. Then the quantity 


ww, + we wy +... + Wi We, 


where s is any positive integer, is a symmetric function of the possible values 
of ww’; it has the same value in whatever sheet z may lie and by whatever 
path z may have attained its position in that sheet ; the said quantity is there- 
fore a uniform function of z. Moreover, all its singularities are accidental in 
character, by the initial hypothesis as to w’ and the known properties of 
w; they are finite in number; and therefore the uniform function of z is 
rational. Let it be denoted by h,(z), which is an integral function only 
when the singularities are for infinite values of z; then 


WW + WSWe +... + Wy Wy’ = hs (2), 


an equation which is valid for any positive integer s, there being of course 
the suitable changes among the rational integral functions h (z) for changes 
in s. It is unnecessary to take s>n, when the equations for the values 
0,1, ..., —1 of s are retained: for the equations corresponding to values 
of s>n can be derived, from the n equations that are retained, by using 
the fundamental equation determining w. 
Solving the equations 
Wy + wy +... + Wy’ = hy (2), 


WW, + WeWe +... + WpWn’ = h, (2), 


rat / = 
Wy Pon i, = Mag (2), 


to determine w,', we have 


/ | \ 
W, aks | eel =| h, (2), Ue meren a) 
WR: WD oe OE, h, (2), Ws, so fits 
2 7 2 0 2 ¢ ‘ 
| Wy, Wy, +++) Wn h, (2), Qe. eeey Wy? 
gy nl n-1 = e n— n— 
We MOON cman bina (2) we 


The right-hand side is evidently divisible by the product of the differences 
of W,, Ws, -.-, W,; and this product is a factor of the coefficient of wy. 


Then, if 
n 
(w — Wy) (W — Ws)... (W— Wn) = & kypw"™, 
r=1 


where k, is unity, we have, on removing the common factor, 


age hls (2) + Kin ahy (2) +... + kghn-o(Z) + hn (2) 
a (Ww, — W2) (W, — Ws) «.. (Wy — Wn) ‘ 
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But I (wu, 2) =(w — Ww) (w— w,) ... (W— Un), 
so that k, = w,+ 9, (2), 
ks = w? + wg; (2) + 92 (2), 


Beemer ewer eres es 6 see eeneseeses 


k= WP + wy 2gr (2) + + Ina (2): 
When these expressions for & are substituted in the numerator of the ex- 
pression for w,’, it takes the form of a rational integral function of w. of 
degree n —1 and of z, say 
W@)oe + Are) we... + Ay 34) wy + Ay @): 
The denominator is evidently 0f/dw,, when w is replaced by w, after differen- 
tiation, so that we now have 


The corresponding form holds for each of the branches of w’: and therefore we 
have 
re hy (2) eS: HTK 2) 2 ferent yy (z) 
acts of /ow 
_ hy (2) wu + A(z) w+... + Ana (2) 
nw" + (n—1) wg, (2) +. + Jn a2)’ 
so that w’ is a rational function of w and z. The proposition is therefore 


proved. 

By eliminating w between f(w, z)=0 and the equation which expresses 
w’ in terms of w and z, or by the use of § 99, it follows that w’ satisfies an 
algebraical equation 

Wil 2 =O, 

where f, is of order nin w’. As will be seen later (§ 245), f:(w’, z) either is 
irreducible, or is an exact power of an irreducible polynomial. When /, (w’, z) 
is irreducible, the equations f(w, z)=0 and f,\(w’, z)=0 have the same 
Riemann’s surface associated with them*, 


194. It thus appears that there are uniform functions of position on 
the Riemann’s surface just as there are uniform functions of position in 
a plane. The preceding proposition is limited to the case in which the 
infinities, whether at branch-points or not, are merely accidental; had the 
function possessed essential singularities, the general argument would stall 
be valid, but the forms of the uniform functions h(z) would no longer be 
polynomial. In fact, taking account of the difference in the form of the 
surface on which the independent variable is represented, we can extend 
to multiform functions, which are uniform on a Riemann’s surface, those 
propositions for uniform functions which relate to expansion near an ordinary 

* Functions related to one another, as w and w’ then are, are called gleichverzweigt, 


Riemann, p. 93. 


Pr. 26 
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point or a singularity or, by using the substitution of § 93, a branch 
singularity, those which relate to continuation of functions, and so on; 
and their validity is not limited, as in Cor. VI, § 90, to a portion of the 
surface in which there are no branch-points. 


Thus we have the theorem that a wniform rational function of position on 
the Riemann’s surface has as many zeros as it has infinttves. 


The number is called* the degree of the function. 


This theorem may be proved as follows. 


The function is a rational function of w and z If it be also integral, let it be 
w'=U(w, 2), where U is integral. 

Then the number of the zeros of w' on the surface is the number of simultaneous roots 
common to the two equations U (w, z)=0, f(w, z)=0. If u, and f, denote the aggregates 
of the terms of highest dimensions in these equations—say of dimensions A and p respec- 
tively—then Ap is the number of common roots, that is, the number of zeros of w’. 


The number of points, where w’ assumes a value d, is the number of simultaneous 
roots common to the equations U (w, z)=A, f(w, z)=0, that is, it is Aw as before. Hence 
there are as many points where w’ assumes a given value as there are zeros of w'; and 
therefore the number of the infinities is the same as the number of zeros. The number 
of infinities can also be obtained by considering them as simultaneous roots common to 
u,=0, Vpn 
U (w, 2) 
Vener 
U and V are rational integral functions. The zeros of w' are the zeros of U and the 
infinities of V, the numbers of which, by what precedes, are respectively the same as the 
infinities of VU and the zeros of V. The latter are the infinities of w’; and therefore w’ has 
as many zeros as it has infinities. 


If the function be not integral, it can ($ 193) be expressed in the form w’= where 


Note 1. When the numerator and the denominator of a uniform fractional 
function of z have a common zero, we divide both of them by their greatest 
common measure; and the point is no longer a common zero of their new 
forms. But when the numerator U(w, z) and the denominator V (w, z) of a 
uniform function of position on a Riemann’s surface have a common zero, so 
that there are simultaneous values of w and z for which both vanish, U and V 
do not necessarily possess a rational common factor; and then the common 
zero cannot be removed. 

It is not difficult to shew that this possibility does not affect the preceding theorem. 

Note 2. In estimating the degree of a function through (say) its zeros, it 
is necessary to have a clear mode of estimating the multiplicity of a zero; 
likewise of course for its infinities, and for its level points. 


Let w=a, z=a, be a zero of a uniform rational function U (w, 2) of 
position on a Riemann’s surface: the multiplicity of the zero is estimated by 
the expression of U in the immediate vicinity of the position. For this 
purpose, let 

W=at+ty, 2=a+4. 


* Sometimes it is called the order of the function. 
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(If a be infinite, we take war; if z be infinite, we take fesids if both be 
x 


infinite, we use both these substitutions.) 


First, let a, @ be an ordinary point on the Riemann’s surface, that is, not a 
branch-point; then the equation 


S(aty, a+2)=0=f(a, a) 
determines y as a uniform function of # in the immediate vicinity of a, a, so 


that we have 
Y= M+ AW +... 


Now U(w, z)=U (a+y,a+2) 


substitute for y on the right-hand side the above value, and suppose that 
then ) 
U@, ah Ping e..., v 

in the immediate vicinity of the point on the surface. We then say that the 
zero a, a of U(w, 2) is of multiplicity I. 

Next, let the point «, w be a branch-point on the Riemann’s surface, so 
that a number of sheets wind into one another at the point. Then, by § 97, 
there exists a variable € such that 


Z—Q= CF 

w—a=C?(v,+%64+...), 
in the immediate vicinity of a, a: the positive integers p and q having no 
common factor. (If z= give rise to a branch-point, the new variable would 
be given by z=t~4; if a were infinite, the expression for w would be of the 
form w= €?(v,+0,6+...); and similarly if both « and a were infinite.) As 
a, a 1s a zero of U, we have 


a 


U U 
U (w, = (w—a) + (2-8) +... 


Substitute for both w—a and z—c on the right-hand side: and suppose that 
then 

OW, 2) = hoo GN ous 
valid in the immediate vicinity of the point. We then say* that ¢ is an 
infinitesimal of the first order, and therefore that the zero a, a is of multi- 
plicity Xr. 


* Riemann, Ges. Werke, p. 96. The justification for regarding ¢ as a small quantity of the 
first order, that is, the same as # when the point is not a branch-point, is that the value of 


1 dz 
Qri | z-a 


taken round a simple closed curve enclosing a is q, because the curve passes round a in each of the 
q sheets. Thus ¢% counts as having q zeros, and therefore ¢ is of the first order. 


26—2 
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195. In the case of uniform functions it was seen that, as soon as their 
integrals were considered, deviations from uniformity entered. Special invest- 
igations indicated the character of the deviations and the limitations to 
their extent. Incidentally, special classes of functions were introduced, 
such as many-valued functions, the values differing by multiples of a 
constant; and thence, by inversion, simply-periodic functions were deduced. 


So, too, when multiform functions defined by an algebraical equation are 
considered, it is necessary to take into special account the deviations from 
uniformity of value on the Riemann’s surface which may be introduced by 
processes of integration. It is, of course, in connection with the branch- 
points that difficulties arise; but, as the present method of representing the 
variation of the variable is distinct from that adopted in the case of uniform 
functions, it is desirable to indicate how we deal, not merely with branch- 
points, but also with singularities of functions when the integrals of such 
functions are under consideration. In order to render the ideas familiar 
and to avoid prolixity in the explanations relating to general integrals, we 
shall, after one or two propositions, discuss again some of the instances 
given in Chapter IX., taking the opportunity of stating general results as 
occasion may arise. 


One or two propositions already proved must be restated: the difference 
from the earlier forms is solely in the mode of statement, and therefore the 
reasoning which led to their establishment need not be repeated. 


I, The path of integration between any two points on a Riemann’s surface 
can, without affecting the value of the integral, be deformed_in any possible 
continuous manner that does not make the path pass over any discontinuity of 
the subject of integration. 


This proposition is established in § 100. 


II. A simple closed curve on a Riemann’s surface, which is a path of 
integration, can, without affecting the value of the integral, be deformed in 
any possible continuous manner that does not make the curve pass over any 


discontinuity of the subject of integration. 


Since the curve on the surface is closed, the initial and the final points 
are the same;. the initial branch of the function is therefore restored after 
the description of the curve. This proposition is established in Corollary IL., 
§ 100. 

III. Lf the path of integration be a curve between two points on different 
sheets, determined by the same algebraical value of 2, the curve is not a closed 
curve ; 1t must be regarded as a path between the two pownts ; 1ts deformation 
is subject to Proposition I. 

No restatement, from Chapter IX., of the value of an integral, along 
a path which encloses a branch-point, is necessary. The method of dealing 
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with the point when that value is infinite will be the same as the method of 
dealing with other infinities of the function. 


196. We have already obtained some instances of multiple-valued 
functions, in the few particular integrals in Chapter IX.; the differences in 
the values of the functions, arising as integrals, consist solely of multiples of 
constants. ‘The way in which these constants enter in Riemann’s method is 
as follows. 


When the surface is simply connected, there is no substantial difference 
from the previous theory for uniform functions; we therefore proceed to the 
consideration of multiply connected surfaces. 


On a general surface, of any connectivity, take any two points 2 and z. 
As the surface is one of multiple connection, there will be at least two 
essentially distinct paths between z and z, that is, paths which cannot be 
reduced to one another; one of these paths can be deformed so as to be 
made equivalent to a combination of the other with some irreducible circuit. 
Let z, denote the extremity of the first path, and let z denote the same point 
when regarded as the extremity of the second; then the difference of the 
two paths is an irreducible circuit passing from z, to z. When this circuit 
is made impossible by a cross-cut C passing through the point z, then 2, 
and z, may be regarded as points on the opposite edges of the cross-cut: and 
the irreducible circuit on the unresolved surface becomes a path on the 
partially resolved surface passing from one edge of the cross-cut to the other. 

When the surface is resolved by means of the proper number of cross-cuts 
into a simply connected surface, there is still a path in the surface from 
z, to Z on opposite edges of the cross-cut C: and all paths between z, and 
Z in the resolved surface are reconcileable with one another. One such path 
will be taken as the canonical path from z, to z; it evidently does not meet 
any of the cross-cuts, so that we consider only those paths which do not 
intersect any cross-cut. 

If then Z be the function of position on the surface to be integrated, the 
value of the integral for the first path from z to 2, 1s 


ie Ldz ; 


2 
. . 29 
and for the second path it is | Lidz, 
Zo 
or, by the assigned deformation of the second path, it is 
2, 25 
| Ldz +| Ldz, 
Ep zy 


the second integral being taken along the canonical path from 2, to z, in the 
surface, that is, along the irreducible circuit of canonical form, which would be 
possible in the otherwise resolved surface were the cross-cut C obliterated. 
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The difference of the values of the integral is evidently 


| ‘ Zdz, 


2 
J By 


& 
which is therefore the change made in the value of the integral | Zdz, 
when the upper limit passes from one edge of the cross-cut to the other ; let 
it be denoted by 7. As the curve is, in general, an irreducible circuit, this 
integral J may not, in general, be supposed zero, 


We can arbitrarily assign the positive and the negative edges of some one 
cross-cut, say A. The edges of a cross-cut B that meets A are defined to be 
positive and negative as follows: when a point moves from one edge of B to 
the other, by describing the positive edge of A in a direction that is to the 
right of the negative edge of A, the edge of B on which the point initially 
lies is called its positive edge, and the edge of B on which the point finally 
lies is called its negative edge. And so on with the cross-cuts in succession. 


The lower limit of the integral determining the modulus for a cross-cut 
is taken to lie on the negative edge, and the upper on the positive edge. 


Regarding a point € on the cross-cut as defining two points z, and z, on 
opposite edges which geometrically are coincident, we now prove that for all 
points on the cross-cut which can be reached from § without passing over any 
other cross-cut, when the surface is resolved into one that is simply connected, 
the integral I is a constant. For, if &’ be such a point, defining 2,’ and 2,’ on 
opposite edges, then 2,22,'2,2, 18 a circuit on the simply connected surface, 
which can be made evanescent; and it will be assumed that no infinities of Z 
hie in the surface within the circuit, an assumption which will be taken into 
account in §§ 197, 199. Therefore the integral of Z, taken round the circuit, 
is zero. Hence 


[ Zae+ "dae ¥- Tae | Zae=0 
Aah: | * Zde — | et ee ihe Zaz. 


Along the direction of the ane the function Z is uniform: and 
therefore Zdz is the same for each element of the two edges, so long as the 
cross-cut 1s not met by any other. Hence the sums of the elements on the 
two edges are the same for all points on the cross-cut that can be reached 
from € without meeting a new cross-cut. The two integrals on the right- 
hand side of the foregoing equation are equal to one another, and therefore 
also those on the left-hand side, that is, 


which shews that the integral I is constant for different points on a portion of 
cross-cut that 1s not met by any other cross-cut. 
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If however the cross-cut be met by another cross-cut 0’, two cases arise 
according as C’ has only one extremity on C, or has both extremities on C. 


First, let C’ have only one extremity O on C. By what precedes, the 
integral is constant along OP, and it is constant 
along OQ; but we cannot infer that it is the same Ri[R 
constant for the two parts. The preceding proof 
fails in this case; the distance zz,’ in the resolved 


surface is not infinitesimal, and therefore there is  @’ 2%|| 25 P’ 
no element Zdz for zz, to be the same as the @ 2,0 2, P 
element for z,z,. Let J, be the constant for OP, I, Fig, 66. 


that for QO; and let QP be the negative edge. Then 
=["Zde, T= {" Zax 


Let Z’ be the constant value for the cross-cut OR, and let OR be the 
negative edge; then 


re | te 


J Bo 


In the completely resolved surface, a possible path from z, to 2, is 2, to 4, 
Z, to 2, 4 to 2; it therefore is the canonical path, so that 


ee [Zaz 4. iE Fae i's Zaz 


TAP 


#1 


=-T+1+] 


But he Zdz is an integral of a uniform finite function along an infinitesimal 


are z,0z,, and it is zero in the limit when we take z, and 2,’ as coincident. 
Thus 
dos li—d,, 

or the constant for the cross-cut OR ts the excess of the constant for the part of 
PQ at the positive edge of OR over the constant for the part of PQ at the 
negative edge. 

Secondly, let C’ have both extremities on C, close to one another so that 
they may be brought together as in the figure: it R 
is effectively the case of the directions of two cross- 
cuts intersecting one another, say at O. Let t,, /:, 
T,, I, be the constants for the portions QO, OP, OR, Z\| Zp 
SO of the cross-cuts respectively, and let 2,2, be Q 24]/ 21 rs) 
the positive edge of QOP; then zz, is the positive 
edge of SOR. Then if @(z) denote the value of 


the integral ‘2 Zdz at O, which is definite because Fig. 67. 
%o 
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the surface is simply connected and no discontinuities of Z lie within the 
paths of integration, we have 


pes | ” Zdz = @ (a) — O20, 
ies | " Tdz= © (a) 8 (2); 


and i | “Jas OG) AO | " Zdz =@ (2,)— @(z,); 


so that Io b= heady, 


or the excess of the constant for the portion of a cross-cut on the positive edge, 
over the constant for the portion on the negative edge, of another cross-cut ws 
equal to the excess, similarly estimated, for that other cross-cut. 


Ex. Consider the constants for the various portions of the cross-cuts in the canonical 
resolution ($§ 180, 181) of a Riemann’s surface. Let the constants for the two portions 
of a, be A,, 4,’; and the constants for the two portions of b, be B,, B,' ; and let the 
constant for c, be C,. 


Then, at the junction of ¢, and a,,,, we have 
Ce enced ens 
at the junction of c, and b,, we have 
C,=B, ~ By; 
and, at the crossing of a, and b,, we have 
A, coe A,’ = fave Ged Be 


Now, because 6, is the only cross-cut which meets @,, 
we have 4,=4,'; hence B,=B,’, and therefore C,=0. 
Hence A,=A,'; therefore B,=B,', and therefore also 
C,=0. And so on. 


Fig. 68. 


J Hence the constant for each of the portions of a cross-cut a 7s the same; the constant for 
each of the portions of a cross-cut b is the same; and the constant for each cross-cut ¢ is zero. 
A single constant may thus be associated with each cross-cut a, and a single constant with 
each cross-cut 6, in connection with the integral of a given uniform function of position on 
the Riemann’s surface. It has not been proved—and it is not necessarily the fact—that 
any one of these constants is different from zero ; but it is sufficiently evident that, if all 
the constants be zero, the integral is a uniform function of position on the surface, that is, 
a uniform function of w and z. 


197. Hence the values of the integral at points on opposite edges of a 
cross-cut differ by a constant. 


Suppose now that the cross-cut is obliterated: the two paths to the point 
z will be the same as in the case just considered and will furnish the same 
values respectively, say U and U+J. But the irreducible circuit which 
contributes the value Z can be described any number of times; and 
therefore, taking account solely of this irreducible circuit and of the cross-cuts 
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which render other circuits impossible on the resolved surface, the general 
value of the integral at the point z is 


U+kl, 
where / is an integer and U is the value for some prescribed path. 
The constant J is called* a modulus of periodicity. 


It is important that every modulus of periodicity should be finite ; the path 
which determines the modulus can therefore pass through a point c where 
Z=, or be deformed across it without change in the modulus, only if the 
limit of (¢—c)Z be a uniform zero at the point. If however, the limit of 
(z—c)Z at the point be a constant, implying a logarithmic infinity for the 
integral, or if it be an infinity of finite order (the order not being necessarily 
an integer), implying an algebraic infinity for the integral, we surround 
the point ¢ by a simple small curve and exclude the internal area from the 
range of variation of the independent variable+. This exclusion is secured 
by making a small loop-cut in the surface round the point; it increases 
by unity the connectivity of the surface on which the variable is represented. 


When the limit of (¢—c)Z is a uniform zero at c, no such exclusion 
is necessary: the order of the infinity for Z is easily seen to be a proper 
fraction and the point to be a branch-point. 

Similarly, if the limit of zZ for z= be not zero and the path which 
determines a modulus can be deformed so as to become infinitely large, it is 
convenient to exclude the part of the surface at infinity from the range of 
variation of the variable, proper account being taken of the exclusion. The 
reason is that the value of the integral for a path entirely at infinity (or 
for a point-path on Neumann’s sphere) is not zero; z=o is either a 
logarithmic or an algebraic infinity of the function. But, if the limit of 27 
be zero for z=, the exclusion of the part of the surface at infinity is 
unnecessary. 


198. When, then, the region of variation of the variable is properly 
bounded, and the resolution of the surface into one that is simply connected 
has been made, each cross-cut or each portion of cross-cut, that 1s marked off 
either by the natural boundary or by termination in another cross-cut, 
determines a modulus of periodicity. The various moduli, for a given 
resolution, are therefore equal, in number, to the various portions of the 
cross-cuts. Again, a system of cross-cuts 1s susceptible of great variation, 
not merely as to the form of individual members of the system (which does 
not affect the value of the modulus), but in their relations to one another. 
The total number of cross-cuts, by which the surface can be resolved into one 
that is simply connected, is a constant for the surface and is independent of 

* Sometimes the modulus for the cross-cut. 
+ This is the reason for the assumption made on p. 406. 
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their configuration: but the number of distinct pieces, defined as above, is 
not independent of the configuration. Now each piece of cross-cut furnishes 
a modulus of periodicity; a question therefore arises as to the number of 
independent moduli of periodicity. 


Let the connectivity of the surface be V + 1, due regard being had to the 
exclusions, if any, of individual points in the surface: in order that account 
may be taken of infinite values of the variable, the surface will be assumed 
spherical. The number of cross-cuts necessary to resolve it into a surface 
that is simply connected is V; whatever be the number of portions of the 
cross-cuts, the number of these portions is not less than JN. 


When a cross-cut terminates in another, the modulus for the former and 
the moduli for the two portions of the latter are connected by a relation 


@ = @ ~ ®, 


so that the modulus for any portion can be expressed linearly in terms of 
the modulus for the earlier portion and of the modulus for the dividing 
cross-cut. 


Similarly, when the directions of two cross-cuts intersect, the moduli of 
the four portions are connected by a relation 


, / 
CON (Oi, = (Os (Ohi 


and by passing along one or other of the cross-cuts, some relation is obtainable 
between , and @,’ or between @, and @,', so that, again, the modulus of any 
portion can be expressed linearly in terms of the modulus for the earlier 
portion and of moduli independent of the intersection. 


Hence it appears that a single constant must be associated with each 
cross-cut as an independent modular constant; and then the constants 
for the various portions can be linearly expressed in terms of these inde- 
pendent constants. There are therefore N linearly independent moduli of 
periodicity: but no system of moduli is unique, and any system can be 
modified partially or wholly, if any number of the moduli of the system be 
replaced by the same number of independent linear combinations of members 
of the system. These results are the analytical equivalent of geometrical 
results, which have already been proved, viz., that the number of independent 
simple irreducible circuits in a complete system is JV, that no complete 
system of circuits is unique, and that the circuits can be replaced by 
independent combinations reconcileable with them. 


199. If, then, the moduli of periodicity of a function U at the cross-cuts 
in a resolved surface be J,, Jy, ..., Dy, all the values of the function at 
any point on the unresolved surface are included in the form 


tO m1,+ mJ,+...+myly, 


where ™,, Mz, ..., My are integers, 
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Some special examples, treated by the present method, will be useful in leading up to 
the consideration of integrals of the most general functions of position on a Riemann’s 
surface. 


Hx, 1. Consider the integral i aS 


The subject of integration is uniform, so that the surface is one-sheeted. The origin 
is an accidental singularity and gives a logarithmic infinity for the integral ; it is therefore 
excluded by a small circle round it. Moreover, the value of the integral round a circle 
of infinitely large radius is not zero: and therefore z= is excluded from the range of 
variation. The boundary of the single spherical sheet can be taken to be the point 
z= ; and the bounded sheet is of connectivity 2, owing to the small circle at the origin. 
The surface can be resolved into one that is simply connected by a single cross-cut drawn 
from the boundary at z= to the circumference of the small circle. 


If a plane surface be used, this cross-cut is, in effect, a section (§ 103) of the plane 
made from the origin to the point z=a. 


There is only one modulus of periodicity: its value is evidently | ee, taken round the 


origin, that is, the modulus is 27. Hence whenever the B 5 
path of variation from a given point to a point z passes 77 A =o) 
from A to B, the value of the integral increases by 277; but Fie. 69 

g. bo. 


if the path pass from B to A, the value of the integral 

decreases by 277. Thus 4 is the negative edge, and B the positive edge of the cross-cut. 
2 dz ete 

— be denoted by w, all values at the point in the 
co. © 


unresolved surface are of the form w+2mt, where m is an integer ; when z is regarded 
as a function of w, it is a simply-periodic function, having 277 for its period. 


Ex. 2. Consider | ~—-;. The subject of integration is uniform, so that the surface 
Dah § ) 


If, then, any one value of i 


consists of a single sheet. There are two infinities +a, each of the first order, because 
(z# a) Z is finite at these two points: they must be excluded by small circles. The limit, 
when z=, of z/(z? — a?) is zero, so that the point z= does not need to be excluded. We 
can thus regard one of the small circles as the boundary of the surface, which is then 
doubly connected : a single cross-cut from the other circle to the boundary, that is, in 
effect, a cross-cut joining the two points a and —a, resolves the surface into one that is 
simply connected. 
: etree ul : : 

It is easy to see that the modulus of periodicity is a that A is the negative edge and 

B the positive edge of the cross-cut: and that, if w be 
B 


a value of the integral in the unresolved surface at any  -a@ Da 


point, all the values at that point are included ‘in the A 
Fig. 70. 


form 
7d 
(Hh 0 
a 
where 7 is an integer. 
‘3 —0". . sine rs . 

Ex. 3. Consider {(a2—2)~* dz. The subject of integration is two-valued, so that the 
surface is two-sheeted. The branch-points are +a, and © is not a branch-point, so that 
the single branch-line between the sheets may be taken as the straight line joining a 

es oe ; may ‘: ; A 
and —a. The infinities are +a; but as (¢#a)(a@—2) ? vanishes at the points, they do 
my , oes 3 
not need to be excluded. As the limit of z(a@—<*)”, for z=, is not zero, we exclude 
z= by small curves in each of the sheets. 
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Taking the surface in the spherical form, we assign as the boundary the small curve 
round the point z= in one of the sheets. The connectivity of the surface, through its 
dependence on branch-lines and branch-points, is unity : owing to the exclusion of the point 
z= by the small curve in the other sheet, the connectivity is increased by one unit: the 
surface is therefore doubly connected. A single cross-cut will resolve the surface into one 
that is simply connected : and this cross-cut must pass from the boundary at z= which 
is in one sheet to the excluded point z=. 


Since the (single) modulus of periodicity is the value of the integral along a circuit in 
the resolved surface from one edge of the cross-cut to 
the other, this circuit can be taken so that in the un- oe aeen=es ee 
resolved surface it includes the two branch-points ; Ry Ss 
and then, by II. of § 195, the circuit can be deformed ka r a) ; ' 
until it is practically a double straight line in the upper all p if 
sheet on either side of the branch-line, together with two ea 
small circles round a and —a respectively. Let P be the Bee 
origin, practically the middle point of these straight lines. eter 


Consider the branch (a? — 22)~? belonging to the upper 
sheet. Its integral from P to a is 


i (a2 —2)~* dz. 
Ihe 


From a to —a the branch is —(a?—2)~*; the point # is contiguous in the surface, 
not to P, but (asin § 189) to the point in the second sheet beneath P at which the branch is 


2 


—(a2—2)~*, the other branch having been adopted for the upper sheet. Hence, from a 
to —a by &, the integral is 
— 1 
| — (a? — 2)? dz. 


a 
: ; . ee 2 
From —a to Q, the branch is +(a?—z*)~*, the same branch as at P?: hence from —a to Q, 
the integral is 
0 Re) 
| (a? — 22)? dz. 
—a 


The integral, along the small arcs round @ and round a’ respectively, vanishes for each. 
Hence the modulus of periodicity is 


a 5 —a 1 0 1 
| (a?@—2) "7 dz +f — (a? — 2) ~? dz +f (a? — 2)? dz, 
( 6 


t pond * 
that is, it is 27. 


This value can be obtained otherwise thus. The modulus is the same for all points 


on the cross-cut ; hence its value, taken at O' where z=, is 


\(@-2#)~ 3 dz, 


passing from one edge of the cross-cut at O' to the other, that is, round a curve in the 
plane everywhere at infinity. This gives 


Qnt Lt z(a?—22)  F#=— =2r, 
Z=0 v 


the same value as before, 


The latter curve round 0’, from edge to edge, can easily be deformed into the former 
curve round @ and — a from edge to edge of the cross-cut. 
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Again, let w, be a value of the integral for a point z, in one sheet and w, be a value for 
a point z, in the other sheet with the same algebraical value as z,: take zero as the 
common lower limit of the integral, being the same zero 
for the two integrals. As this zero may be taken in 
either sheet, let it be in that in which z, lies: and then 


ca 1 = 
= DYN yah L 
se ig asst) ae oe Fig. 72. 72 


To pass from O to z for w,, any path can be justifiably deformed into the following : 
(i) a path round either branch-point, say a, so as to return to the point under O in the 
second sheet, say to OQ, (ii) any number m of irreducible circuits round a and —a, always 
returning to Q, in the second sheet, (ili) a path from 0, to z, lying exactly under the path 
from O to z, for w,. The parts contributed by these paths respectively to the integral w, 
are seen to be 
a . 0 7 
(i) a quantity +7, arising from i (a? — 22)" ? dz+ | —(a*— 2)? dz, for reasons 
0 aw 
similar to those above ; 


(ii) a quantity m27, where mm is an integer positive or negative ; 


z. 
(i) a quantity | ; — (a2 - 2)? dz. 
Or 
In the last quantity the minus sign is prefixed, because the subject of integration is 
everywhere in the second sheet. Now z,=z,, and therefore the quantity in (111) is 


cay 1 
-|° (a? — 2")? dz, 
that is, it is —w,; hence W,=(2M+1)r—-w,. 


os ap! : : 
If then we take w= | (a®— 2")? dz, the integral extending along some defined curve from 
0 


an assigned origin, say along a straight line, the values of w belonging to the same 
algebraical value of z are 2n7+w or (2m+1)*—w; and the inversion of the functional 
relation gives 
pb (w)=2=h (Qar +w) 
= {(2m+1) r-v}, 
where m and 7 are any integers. 


, dz ‘ 
Ex. 4. Consider {| —— —,, assuming |c 
(2—¢) (a? — 2)? 


with branch-points at +a but not at o: hence the line joining a and —a is the sole 
branch-line. The infinities of the subject of integration are a, —a, and c. Of these a 
and —qa need not be excluded, for the same reason that 
their exclusion was not required in the last example. But 
ce must be excluded; and it must be excluded in both 
sheets, because z=e makes the subject of integration 
infinite in both sheets. There are thus two points of 
accidental singularity of the subject of integration ; in 
the vicinity of these points, the two branches of the 
subject of integration are 


> |a|. The surface is two-sheeted, 


il ae 1 Be 
— 2 p2)\72 = 2_ 72 Lene 
Peas CN tes prea c?) cone 
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the relation between the coefficients of (z—c)~1 in them being a special case of a more 
general proposition (§ 210). And since 2z/{(z—e¢) (a2— 2) when z= is zero, © does not 
need to be excluded. 

The surface taken plane is doubly connected, as in the last example, one of the curves 
surrounding ¢, say that in the upper sheet, being taken as the boundary of the surface. 
A single cross-cut will suffice to make it simply connected : the direction of the cross-cut 
must pass from the e-curve in the lower sheet to the branch-line and thence to the 
boundary in the upper sheet. 


There is only a single modulus of periodicity, being the constant for the single cross-cut. 
This modulus can be obtained by means of the curve AB in the first sheet; and, on 
contraction of the curve (by II. § 195) so as to be infinitesimally near ¢, it is easily seen to be 
Qi (a2—c?)~*, or say 2m (c2—a2)~?. But the modulus can be obtained also by means of 
the curve (CD; and when the curve is contracted, as in the previous example, so as 
practically to be a loop round @ and a loop round —a, the value of the integral is 


9 Me dz 
—a(4—¢) (a— 2) 


. . . nae | 
which is easily proved to be 2m (c?— a?) ~?. 

As in Ex. 3, a curve in the upper sheet, which encloses the branch-points and the 
branch-lines, can be deformed into the curve dB. 

: =si 

Ex. 5. Consider w= (4 — 992-95)? dz=fudz. 

The subject of integration is two-valued, and therefore the Riemann’s surface is two- 
sheeted. The branch-points are z=, ¢;, €2, ¢, where ¢,, é,, e, are the roots of 

42 — gyz -g,=0 ; 

and no one of them needs to be excluded from the range of variation of the variable. 


The connectivity of the surface is 3, so that two cross-cuts are necessary to resolve 
the surface into one that is simply connected. The configurations of the branch-lines and 


Qe 


Vig. 74. 


of the cross-cuts admit of some variety ; two illustrations of branch-lines are given in 
fig. 74, and a point on Q, in each diagram is taken as boundary. 


The modulus for the cross-cut @,—say from the inside to the outside—can be obtained 
in two different ways. First, from P, a point on Q,, draw a line to e, in the first sheet, 
then across the branch-line, then in the second sheet to e, and across the branch-line, 
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then in the first sheet round e, and back to P: the circuit is represented by the double 
line between e, and e,. The value of the integral is 


(ce 
| * ude + i (a) dz, that is, 2 | * ude. 
€2 €3 é 


2 
Again, it can be obtained by a line from P’, another point on @,, to «©, round the branch- 
point there and across the branch-line, then in the second sheet to e, and round e,, then 
across the branch-line and back to P’: the value of the 
integral is 
ica) 
E,=2 | udz. 
at 


But the modulus is the same for P as for P’: hence 


So TED | oe [iva 


e 2 


This relation can be expressed in a different form. The 9 %S>------=-=-= < 
path from e, to e, can be stretched into another form 
towards z= in the first sheet, and similarly for the 
path in the second sheet, without affecting the value of 
the integral. Moreover as the integral is zero for z=0, 
we can, without affecting the value, add the small part 
necessary to complete the circuits from e, to © and from e, to ©. The directions of these 
circuits being given by the arrows, we have 


3 fa 3 
2) | udz=2 i udz+2 | udz, 
4 eg ” 


or, if Ly =2 | udz, 
— er 
é 
for \=1, 2, 3, we have* hea * ude=E,— Es, 
C9 
say fH, =H, 4+ £5 ; 


and £, is the modulus of periodicity for the cross-cut Q,. 


In the same way, the modulus of periodicity for Y, is found to be 


H,=2{ “ude and to be 2 |” udz, 


e3 ey 


the equivalence of which can be established as before. 


Hence it appears that, if w be the value of the integral at any point in the surface, 
the general value is of the form w+ml,+nZ,, where m and n are integers. As the 
integral is zero at infinity (and for other reasons which have already appeared), it is 
convenient to take the fixed limit z so as to define w by the relation 


wo 
w= | udz. 


jf @ 


Now corresponding to a given arithmetical value of z, there are two points in the 
surface and two values of w: it is important to know the relation to one another of these 
two values. Let z denote the value in the lower sheet: then the path from z to o« can 
be made up of 


(i) a path from 2’ to &’; (ii) any number of irreducible circuits from 2’ to ©’; and 
(i11) across the branch-line and round its extremity to «. 


* See Ex. 7, § 104. 
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These parts respectively contribute to the integral 


oo 


nD 
(i) a quantity (—u) dz, that is, — i udz, or, —w; (ii) a quantity m#,+nF,, 
Zz z 


where m and m are integers ; (iii) a quantity zero, since the integral vanishes 


at infinity : so that 
w=mi,+nk,—w. 


If now we regard z as a function of w, say z=@ (w), we have 
Q (w)=z=0 (mE, +nb,+w), @(w')=zZ. 
But 2’ =z arithmetically, so that we have 
2=9 (wv) = (mi, +nE, tw) 
as the function expressing z in terms of w. 
Similarly it can be proved that 
?' (w)= £9’ (mL, + nk, +w), 


the upper and the lower signs being taken together. Now @(w), by itself, determines a 
value of z, that is, it determines two points on the surface: and @ (w) has different values 
for these two points. Hence a point on the surface is uniquely determined by @ (w) and 
Q' (w). 
Ex. 6. Consider w= [* {(1-2) (1 = Bat hde= | ud The subject of integration is 
0 


: : 1 
two-valued, so that the surface is two-sheeted. The branch-points are +1, +7: but 


not ©; no one of the branch-points need be excluded, nor need infinity. 


The connectivity is 3, so that two cross-cuts will render the surface simply connected : 
let the branch-lines and the cross-cuts be taken as in the figure. 


The details of the argument follow the same course as in the previous case. 


1 1 
The modulus of periodicity for Q, is 2 | mem | udz=4K, in the ordinary 
=I 0 


notation, 
1 


. . . . ie \*trr 
The modulus of periodicity for Q, is 2 | udz=27K"', as before. 
1 


Hence, if w be a value of the integral for a point z in the first sheet, a more general 


value for that point is 
w+m4k +n27k". 


Let w' be a value of the integral for a point 2 in the second sheet, where 7 is 
arithmetically equal to z—the point in the 
first sheet at which the value of the integral 
is w; then 


w=2K4+m4Kh+n2k'—w, 


so that, if we invert the functional relation 


and take z=sn w, we have 
sn w=z=sn (w+4mK + 2K’) 


=sn {((4m+2) K+2niK'—w}. 
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Hx,'7. Consider the integral w= | a5 , where w ={(1 — 22) (1— 2222)}3, 


As in the last case, the surface is two-sheeted : the branch-points are +1, + 7, but no 


1 
i? 
one of them need be excluded, nor need z=oo. But the point z=c must be excluded in 
both sheets ; for expanding the subject of integration for points in the first sheet in the 
vicinity of z=c, we have 

1 


AE 


{(1—c2) (1— Fe} “8+... 


and for points in the second sheet in the vicinity of z=c, we have 


1 ~} 
ae C2) e202) 2 Paras 


in each case giving rise to a logarithmic infinity for z=c. 


We take the small curves excluding z=c in both sheets as the boundaries of the 
surface. Then, by Ex. 4, § 178, (or because one of these curves may be regarded as a 


ale 


Fig. 77. 


boundary of the surface in the last example, and the curve excluding the infinity in the 
other sheet is the equivalent of a loop-cut which (§ 161) increases the connectivity by 
unity), the connectivity is 4. The cross-cuts necessary to make the surface simply 
connected are three. They may be taken as in the figure; Q, is drawn from the boundary 


1 : . 
in one sheet to a branch-line and thence round 3 to the boundary in the other sheet: @, 


beginning and ending at a point in Q,, and Y, beginning and ending at a point in @y. 
The moduli of periodicity are :— 
for Q,, the quantity (Q,=) 2m7 {(1—c?) (1— k2)\*, obtained by taking a small curve 
round ¢ in the upper sheet : 
1 da 


=1@-0)% 


and ~ passing from one edge of Q, to the other at F’: 


@,, the quantity (Q,=) 2 | , obtained by taking a circuit round 1 


as 
k ah 


Cas a obtained by taking a circuit round —1 
st KZ 


Q,, the quantity (Q,=) 2 | 


and Ss passing from one edge of @Q; to the other at G: 


so that, if any value of the integral at a point be w, the general value at the point is 
W+MQD, + MQ, +7305, 
where 12,, ™., m, are integers. 


Conversely, z is a triply-periodic function of w; but the function of w is not uniform 
(§ 108). 
i 27 
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Ex. 8. As a last illustration for the present, consider 


2/1 —f2er* 
#5 |) rae) 
; Fi 1 
The surface is two-sheeted ; its connectivity is 3, the branch-points being +1, + RP but not 


z=. Noone of the branch-points need be excluded, for the integral is finite round each 


; A F 1 
of them. To consider the integral at infinity, we substitute z= 2 and then 
M728 (dd 
w=|(Toa) (“7 


dz’ Res 
= 7 (F552 +...) 


see 
~~ f oh eeey 


giving for the function at infinity an accidental singularity of the first order in each 
sheet. 


The point z= must therefore be excluded from each sheet: but the form of w, for 
infinitely large values of z, shews that the modulus for the cross-cut, which passes from 
one of the points (regarded as a boundary) to the other, is zero. 


The figure in Ex. 6 can be used to determine the remaining moduli. The modulus 


for Q, is 
i _ J2y2\ 5 
2 | Cay da 
aay lhedi 


l yh 
=4f = inte ag: 
0 {(1—w?) (1 — hx?) 


=e 


with the notation of Jacobian elliptic functions. The modulus for Q, is 


1 12/2 
=2i | oe A a —— de 
i=) l eee 


on transforming by the relation 4°2?+hy?=1: the last expression can at once be changed 
into the form 27 (A’— #’), with the same notation as before. 


If then w be any value of the integral at a point on the surface, the general value 
there is 
w+4m+ Ini (K'— #’), 
where m and 2 are integers. 


200. After these illustrations in connection with simple cases, we may 
proceed with the consideration of the integral of the most general uniform 
rational function w’ of position on a Riemann surface, constructed in connec- 
tion with the algebraical equation 7 


SF (w, 2) = w™ + wg, (2) + 0. + WYn—-1 (2) + Jn (2) = 0, 
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where the functions g (z) are rational and integral. Subsidiary explanations, 
which are merely generalised from those inserted in the preceding particular 
discussions, will now be taken for granted. 


Taking w’ in the form of § 193, we have 


eal hy (2) We + we lin a (Z) 1 U (w, 2) 
Ww =~ ho (z) + ee ae eT <2 Cares 
Ow ow 


so that in taking the integral of w’ we shall have a term : i h, (z) dz, where 


h, (z) is a rational function. This.kind of integral has been discussed in 
Chapter II.; as it has no essential importance for the present investigation, 
it will be omitted, so that, without loss of generality merely for the present 
purpose*, we may assume h,(z) to vanish; and then the numerator of w' 


is of degree not higher than n—2 in w. 


The value of z is insufficient to specify a point on the surface: the values 
of wand z must be given for this purpose, a requisite that was unnecessary 
in the preceding examples because the point z was spoken of as being in the 
upper or the lower of the two sheets of the various surfaces. Corresponding 
to a value a of 2, there will be n points: they may be taken in the form 
(ay, %), (Ge, %),--+) (An, &n), Where d,..., dn are each arithmetically equal to 
a, and @,..., 4, are the appropriately arranged roots of the equation 


J (w, a) =0. 
; ; : U (w, 2) : 
The function w’ to be integrated is of the form Saas where U is 
| Ow 


polynomial of degree n—2 in w, but though rational it is not necessarily 
integral in z. 

An ordinary point of w’, which is neither an infinity nor a branch-point, 
is evidently an ordinary point of the integral. 


They are: 
(i) the infinities of the numerator, 
(ii) the zeros of the denominator. 


The former are constituted by (a), the poles of the coefficients of powers of w 
in U (w, 2), and (8), z=: this value is included, because the only infinities 
of w, as determined by the fundamental equation, arise for infinite values of 
z, and infinite values of w and of z may make the numerator U (w, z) 
infinite. 

* See § 207, where hy (z) is retained. 


27—2 
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So far as concerns the infinities of w’ which arise when z= (and there- 
fore w= ), it is not proposed to investigate the general conditions that the 
integral should vanish there. The test is of course that the limit, for z=, 
of zU (w, zZ) 

Sans 
ow 

But the establishment of the general conditions is hardly worth the 
labour involved; it can easily be made in special cases, and it will be 
rendered unnecessary for the general case by subsequent investigations. 


should vanish for each of the 2 values of w. 


201. The simplest of the instances, less special than the examples 
already discussed, are two. 


The first, which is really that of most frequent occurrence and is of very 
great functional importance, is that in which f(w, 2) =0 has the form 


—S(z)=0, 


where S(z) is of order 2m—1 or 2m and all its roots are simple: then 


Sf = 2w = 2V8 (z). In order that the hmit of ae may be zero when 
ow 
z=, we see (bearing in mind that U, in the present case, is independent of 


w) bik the excess of the degree of the numerator of U over its denominator 
may not be greater than m—2. In particular, if U be an integral function 
of z, a form of U which would leave fw’dz zero at z= is 


UG," ica +e og eC cge te Cree 


As regards the other infinities of U/VS(z), they are merely the roots of 
S(z)=0 or they are the branch-points, each of the first order, of the 
equation 
w —S(z)= 

By the results of § 101, the integral vanishes round each of these points; and 
each of the points is a branch-point of the integral function, The integral is 
finite everywhere on the surface: and the total number of such integrals, 
essentially different from one another, is the number of arbitrary coefficients 


im U, that is, it is m—1, the same as the genus of the Riemann’s surface 
associated with the equation. 


a , : : : ; 

202. The other important instance is that in which the fundamental 
equation 18, so to speak, a generalised equation of a plane curve, so that 
gs(Z) 18 @ polynomial function of z of degree s: then it is easy to see that, 


af 
at zg=00, each branch w«z, so that Tog gn : hence U (w, z) can vary only 


ow 
as 2”~*, in order that the condition may be satisfied. If then U (w,z) be an 
integral function of z, it is evident that it can at most take a form which 
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makes U =0 the generalised equation of a curve of degree n — 3; while, if it be 
V : : : 
ao then V (w, 2), supposed integral in z, can at most take a form which 


makes V=0 the generalised equation of a curve of degree n — 2. 


Other forms are easily obtainable for accidental singularities of coefficients 
of w in U (w, z) that are of other orders. 


As regards the other possible infinities of the integral, let c be an acci- 
dental singularity of a coefficient of some power of win U(w,z); it may be 
of 
ap 
(¢,, k,), (C2, h2), -.+ (Cn Kn), where @, Co, ..., Cn are arithmetically equal to c. 
In the vicinity of each of these points let w’ be expanded: then, near (c,, k,), 
we have a set of terms of the type 


: Am, po Amar rt 
(2 = Cy)™ (2 e> Cy) at (2 im Cr) ham 


assumed not to be a zero of Denote the n points on the surface by 


yn ke 
Ct) 


where P(z—c,) is a converging series of positive integral powers of z—c,. 
A corresponding expansion exists for every one of the n points. 


The integral of w’ will therefore have a logarithmic infinity at (c,, k,), 
unless A,, is zero; and it will have an algebraic infinity, unless all the 
coefficients A, x, «..... Aga aTeiZero: 

The simplest cases are 

(i) that in which the integral has a logarithmic infinity but no 
algebraic infinity ; and 


(ii) that in which the integral has no logarithmic infinity. 


eee W (w, Z ; ce 
For the former, w’ is of the form ( Z). , and therefore in the vicinity of c, 
0 
Z—c)—— 
( ) Ow 
ees ee 
we have w=— "+ P(z-¢,), 
Z— Cr 
; Lean : : ; : : 
the value of A,, being we and W is an integral function of /,, of 


Ok, 


n Wiles Gp) 
iy 
r=1 r=1 of 
Ok, 

pee W (kr, ¢) 

r=1 of 
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since c is the common arithmetical value of the quantities ¢,, C, .--, Cn: Now 
ky, ka, «-», kn are the roots of 
St (w,c) = 9 


an equation of degree n, while W is of degree not higher than n—2; hence, 
by a known theorem*, 


so that 2 Ay, = 9. 


The validity of the result is not affected if some of the coefficients A vanish. 
But it is evident that a single coefficient A cannot be the only non-vanishing 
coefficient ; and that, if all but two vanish, those two are equal and opposite. 


This result applies to all those accidental singularities of coefficients of 
powers of w in the numerator of w’ which, being of the first order, give rise 
solely to logarithmic infinities in the integral of w’. It is of great importance 
in regard to moduli of periodicity of the integral. 


(ii) The other simple case is that in which each of the coefficients 
A,, vanishes, so that the integral of w’ has only an algebraic infinity at 
EO ae . . . . . a TRS Se . 
the point ¢,, which is then an accidental singularity of order less by unity 
than its order for w’. 


In particular, if in the vicinity of c,, the form of w' be 
2 
—¢, = 


the integral has an accidental singularity of the first order. 


+P (z-c¢,), 


It is easy to prove that 
S As,» = = 0, 


f=) — ese 
so that a single coefficient A cannot be the only non-vanishing coefficient ; 
but the result is of less importance than in the preceding case, for all the 
moduli of periodicity of the integral at the cross-cuts for these points vanish. 
And it must be remembered that in order to obtain the subject of integration 
in this form, some terms have been removed in § 200, the integral of which 
would give rise to infinities for either finite or infinite values of z. 


It may happen that all the coefficients of powers of w in the numerator 
of w’ are integral functions of z. Then z= is their only accidental 
singularity; this value has already been taken into account. 


* Burnside and Panton, Theory of Hquations, (4th ed.) vol. i, p. 172. 
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203. The remaining source of infinities of w’, as giving rise to possible 
infinities of the integral, is constituted by the aggregate of the zeros of 
of ‘ ; 
ee 0. Such points are the simultaneous roots of the equations 


ow 


0 Jw, 2) = 0. 


In addition to the assumption already made that f=0 is the equation of a 
generalised curve of the nth order, we shall make the further assumptions 
that all the singular points on it are simple, that is, such that there are only 
two tangents at the point, either distinct or coincident, and that all the 
branch-points are simple. 


The results of § 98 may now be used. The total number of the points 
given as simultaneous roots is n(n—1): the form of the integral in the 
immediate vicinity of each of the points must be investigated. 


Let (c, 9) be one of these points on the Riemann’s surface, and let 
(c+, y+v) be any point in its immediate vicinity. 
of (w, 3 oe : 
ike Obs Ae) do not vanish at the point, then (c¢, y) is a branch-point 
Oz a 
for the function w. We then have 
fw, 2) = A'E+ Bv’? + quantities of higher dimensions, A 
for points in the vicinity of (c, y), so that ve ¢* when |&| is sufficiently small. 
Then 


a 2B’v + quantities of higher dimensions 


ow 
= 
when |¢| is sufficiently small. Hence, for such values, the subject of integra- 
tion is a constant multiple of 


U (y, ¢) + positive integral powers of v and ¢ JS 


d 


¢* + powers of £ with index >} 
that is, of €~', when |£| is sufficiently small. The integral is therefore a 
constant multiple of ¢*, when \¢| is sufficiently small; and its value is there- 
fore zero round the point, which is a branch-point for the function repre- 
sented by the integral. 
=e OF (Ws 2) ; : : ' : 

II. If “~~ vanish at the point, we have (with the assumptions 
of § 98), 

fu, 2) =AlG + 2Bou + Cv? + terms of the third and higher degrees; —v 
and there are two cases. 

(i) If BZ AC, the point is not a branch-point, and we have 
Ries Be = ¢( 8? — AC) + integral powers ¢, €%,... 
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as the relation between v and ¢ deduced from f=0. Then 


a 
o = 2(BE+ Cv) + terms of second and higher degrees 


=)¢ + higher powers of €. 
In the vicinity of (¢, y), the subject of integration is 


U (y, c) + Du + EE + positive integral powers: / 
r€+ higher powers of € 


UO (y, 


Hence when it is integrated, the first term is EE cere and the remain- 


ing terms are positive integral powers of ¢: me is, such a point is a 
logarithmic infinity for the integral, unless U (y, c) vanish. 


If, then, we seek integrals which have not the point for a logarithmic 
infinity and we begin with U as the most general function possible, we can 
prevent the point from being a logarithmic infinity by choosing among the 
arbitrary constants in U a relation such that 


U(y,¢)=9. 


There are 6 such points (§ 98); and therefore 8 relations among the 
constants in the coefficients of U must be chosen, in order to prevent the 
integral 


from having a logarithmic infinity at these points, which are then ordinary 
points of the integral. 


(i) If b*=AC, the point is a branch-point ; we have 
Bo+ Ov=4Le'+ Me+ Nei +... 
as the relation between ¢ and uv deduced from f=0, In that case, 
ee = 2(Bf+ Cv) + terms of the second and higher degrees 
= Le" + powers of £ having indices > 3, 
In the vicinity of (c, y), the subject of integration is 


U (y, c) + Du + HE + higher powers: / 
Le + higher powers of € 


Hence when it is integrated, the first term is — ae 2) ¢*, and it can be 


proved that there is no logarithmic term; the ee is an infinity for the 
integral, unless U (y, c) vanish. 
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If, however, among the arbitrary constants in U we choose a relation such 
that 
Cig c= 0} 


then the numerator of the subject of integration 
= Du + Ef + higher positive powers 
=NVe+ Wet higher powers of £, 
on substituting from the relation between v and ¢ derived from the funda- 
mental equation. The subject of integration then is 
NC Coo ate 
De eM 
IW de wee cfeslgee 
Le a oe 


that is, 
the integral of which is 


Nae oe 
2 TR f° + positive powers. 


The integral therefore vanishes at the point: and the point is a branch-point 
for the integral. It therefore follows that we can prevent the point from 
being an infinity for the function by choosing among the arbitrary constants 
in U a relation such that 

U (y,c) =9. 

There are « such points (§ 98): and therefore « relations among the 
constants in the coefficients of U must be chosen in order to prevent the 
integral from becoming infinite at these points. Each of the points is a 
branch-point of the integral. 


204. All the possible sources of infinite values of the subject of integra- 
poe U (2U,2) 
=e h 


ave now been considered. A summary of the preceding 


results leads to the following conclusions relative to fw'dz: 
(i) an ordinary point of w’ is an ordinary point of the integral : 


(ii) for infinite values of z, the integral vanishes if we assign proper 


limitations to the form of U (w, z): 


(iii) accidental singularities of the coefficients of powers of w in 


U (w, 2) are infinities, either algebraic or logarithmic or both 
algebraic and logarithmic, of the integral : 


(iv) if the coefficients of powers of w in U(w,z) have no accidental 
singularities except for z=, then the integral is finite for 
infinite values of z (and of w) when U (w, z) is the most general 
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rational integral function of w and z of degree n—3; but, if 
the coefficients of powers of w in U (w,z) have an accidental 
singularity of order yw, then the integral will be finite for 
infinite values of z (and of w) when U(w,z) is the most 
general rational integral function of w and z, the degree in w 
being not greater than n—2 and the dimensions in w and z 
combined being not greater than n+ w—3: 


(v) those points, at which @f/0w vanishes and which are not branch- 
points of the function, can be made ordinary points of the 
integral, if we assign proper relations among the constants 
occurring in U (w, z): 

(vi) those points, at which df/dw vanishes and which are_branch- 
points of the function, can, if necessary, be made to furnish 
zero values of the integral by assigning limitations to the 
form of U(w,z); each such point is a branch-point of the 
integral in any case. 


These conclusions enable us to select the simplest and most important 
classes of integrals of uniform functions of position on a Riemann’s surface. 


205. The first class consists of those integrals which do not acquire* 
an infinite value at any point; they are called integrals of the first kind F. 


The integrals, considered in the preceding investigations, can give rise to 
integrals of the first kind, if the numerator U (w,z) of the subject of integra- 
tion satisfy various conditions. The function U (w, z) must be a polynomial 
function of dimensions not higher than n—3 in w and z, in order that the 
integral may be finite for infinite values of z and for all finite values of z 
not specially connected with the equation f(w,z)=0; for certain points 
specially connected with the fundamental equation, being 8+. in number, 
the value of U(w,z) must vanish, so that there must be 8+« relations 
among its coefficients. But when these conditions are satisfied, then the 
integral function is everywhere finite, it being remembered that certain 
limitations on the nature of f(w,z)=0 have been made. 


Usually these conditions do not determine U (w,z) uniquely save as to a 
constant factor; and therefore in the most general integral of the first kind a 
number of independent arbitrary constants will occur, left undetermined by 
the conditions to which U is subjected. Each of these constants multiplies 
an integral which, everywhere finite, is different from the other integrals so 
multiplied ; and therefore the number of different integrals of the first kind 


* They will be seen to be multiform functions even on the multiply connected Riemann’s 
surface, and they do not therefore give rise to any violation of the theorem of § 40. 

+ The German title is erster Gattung ; and similarly for the integrals of the second kind and 
the third kind. 
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is equal to the number of arbitrary independent constants, left undetermined 
in U. It is evident that any linear combination of these integrals, with 
constant coefficients, is also an integral of the first kind; and therefore a 
certain amount of modification of form among the integrals, after they have 
been obtained, is possible. 


The number of these integrals, linearly independent of one another, is 
easily found. Because U is a polynomial function of w and z of dimen- 
sions n —3, it contains $(n—1)(m—2) terms in its most general form; but 
its coefficients satisfy 6+. relations, and these are all the relations that 
they need satisfy. Hence the number of undetermined and independent 
constants which it contains is 


js iar MEE 


which, by § 182, is the genus p of the Riemann’s surface; and therefore, for 
the present case, the number of integrals, which are fimite everywhere on the 
surface and are linearly independent of one another, is equal to the genus 
of the Riemann’s surface. — 


Moreover, the integral of the first kind has the same branch-points as the 
function w. Though the integral is finite everywhere on the surface, yet its 
derivative w' is not so: the infinities of w’ are the branch-points. 


The result has been obtained on the original suppositions of § 98, which 
were, that all the singular points of the generalised curve f(w,z)=0 are 
simple, that is, only two tangents (distinct or coincident) to the curve can 
be drawn at each such point, and that all the branch-points are simple. 
Other special cases could be similarly investigated. But it is superfluous to 
carry out the investigation for a series of cases, because the result just 
obtained, and the result of § 201, are merely particular instances of a general 
theorem which will be proved in Chapter XVIII, viz. that, associated with 
a Riemann’s surface of connectivity 2p+1, there are p linearly independent 
integrals of the first kind which are finite everywhere on the surface. we 


The function U(w,z), which occurs in the subject of integration im an 
integral of the first kind, is often called an adjoint polynomial of order n— 3; 
and the generalised curve 


U @,2z)=0 


is called an adjoint curve of order n — 3. 


206. The functions, which thus arise out of the integral of an algebraic 
function and are finite everywhere, are not uniform functions of position on 
the unresolved surface. If the surface be resolved by 2p cross-cuts into one 
that is simply connected, then the function is finite, continuous and uniform 
everywhere in that resolved surface, which is limited by the cross-cuts as a 
single boundary. But at any point on a cross-cut, the integral, at the two 
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points on opposite edges, has values that differ by any integer multiple of 
the modulus of the function for that cross-cut (and possibly also by integer 
multiples of the moduli of the function for the other cross-cuts). 


Let the cross-cuts be taken as in § 181; and for an integral of the first 
kind, say W, let the moduli of periodicity for the cross-cuts be 


J @j, @z, 0007 Op, LOL Oy, Aas sary Cy; 


and Wp pi Opyay tg Oap; 100 0g Orcery Ops 
respectively ; the moduli for the portions of cross-cuts ¢,, ¢;, ..., ¢p have been 
proved to be zero. 


Some of these moduli may vanish; but it will be proved later (§ 231) that 
all the moduli for the cross-cuts a, or all the moduli for the cross-cuts b, cannot 
vanish unless the integral is a mere constant. In the general case, with which 
we are concerned, we may assume that they do not vanish; and so it follows 
that, if W be a value of an integral of the first kind at any point on the 
Riemann’s surface, all its values at that point are of the form 


2p 
W+ > m,o,, 
r=1 


where the coefficients m are integers. 


The foregoing functions, arising through integrals that are finite every- 
where on the surface, will be found the most important from the point of 
view of Abelian transcendents: but other classes arise, having infinities on 
the surface, and it is important to indicate their general nature before passing 
to the proof of the Existence-Theorem. 

207. F irst, consider an integral which has alg ebraic, but not logarithmic, 
infinities. Taking the subject of integration, as in the preceding case, to be 
the most general possible, so that arbitrary coefficients enter, we can, by 
assigning suitable relations among these coefficients, prevent any of the 
points, given as zeros of Y=, from being infinities of the integral. It 

; pen A LN 
follows that then the only infinities of the integral will be the points that are 
accidental singularities of coefficients of powers of w in the numerator of the 
general expression for w’. These singularities must each be of the second 
order at least: and, in the expansion of w’ in the vicinity of each of them, 
there must be no term of index — 1, the index that leads, on integration, to a 
logarithm. 

Such integrals are called integrals of the second kind. 


The simplest integral of the second kind has an infinity for only a single 
point on the surface, and the infinity is of the first order only: the integral 
is then called an elementary integral of the second kind. After what has 
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been proved in § 202 (ii), it is evident that an elementary integral of the 
second kind cannot occur in connection with the equation f/(w, z) =0, unless 
the term h, (z) of § 200 be retained in the expression for w’. 


Ex. 1. Adopting the subject of integration obtained in § 200, we have 
U (w, 2) 
Of By 
ow 
where U is of the character considered in the preceding sections, viz., it is of degree n—2 
in w; various forms of w’ lead to various forms of hy (z) and of U (w, 2). 


La Nate 
Ww a8 Qs 


il _ ; : ° é 
If 7/0 @= Cae and if ¢ be not a singularity of the coefficient of any power of w 
ey 
in U, it is then evident that 
nay ee LC 
Jo'de=—~ + F dz; 
ow 


and the integral on the right-hand side can by choice among the constants be made an 
integral of the first kind. The integral is not, however, an elementary integral of the 
second kind, because z=c is an infinity in each sheet. 


Ez. 2. A special integral of the second kind occurs, when we take an accidental 
singularity, say z=c, of the coefficient of some power of w in U(w, z) and we neglect hy (2) ; 
so that, in effect, the subject of integration w’ is limited to the form 


U being of degree not higher than n—2 in w. To the value z=c, there correspond 7 points 
in the various sheets ; if, in the immediate vicinity of any one of the points, w’ be of the 


form 
Ay p 


(@—e,) at 1B iG i Oo.) 
in that vicinity the integral is of the form 
rare 
“+ P(z—¢,). 
Z— Cy 


For such an integral the sum of the coefficients A, is zero: the simplest case arises 
when all but two, say A, and dg, of these vanish. The integral is then of the form 
ee ea 
Z—Cy 
in the vicinity of ¢c,, and of the form 
—A 
B) ” 
jae, +P (@- ¢) 
g 2 
in the vicinity of c,. But the integral is not an elementary integral of the second kind. 


208. To find the general value of an integral of the second kind, 
all the arithmetically infinite points would be excluded from the Riemann’s 
surface by small curves: and the surface would be resolved into one that is 
simply connected. The cross-cuts necessary for this purpose would consist of 
the set of 2p cross-cuts, necessary to resolve the surface as for an integral of 
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the first kind, and of the k additional cross-cuts in relation with the curves 
excluding the algebraically infinite points. 
Let the moduli for the former cross-cuts be 
if €, 3, «--; €p, for the cuts a, de, ..., Gp, 
Epiny Gpiar ->+s Cp forsthe cuts by,°by,.-<. <p, respectively - 

the moduli for the cuts ¢ are zero. It is evident from the form of the 
integral in the vicinity of any infinite point that, as the integral has only 
an algebraic infinity, the modulus for each of the k cross-cuts, obtained by a 
curve from one edge to the other round the point, is zero. Hence if one 
value of the integral of the second kind at a point on the surface be F(z), 
all its values at that point are included in the form 


2p 
V E(z)+ & np, 
r=1 
where 2, %, ..., Nop are integers. 

The importance of the elementary integral of the second kind, inde- 
pendently of its simplicity, is that 7 1s determined by tts infinity, save as to an 
additive integral of the first kind. 

Let F(z) and £,(z) be two elementary integrals of the second kind, 
having their single infinity common, and let a be the value of z at this point; 
then in its vicinity we have 


A ot As 
Ei (2) =~ + Piz —a), h,(z)= —_ + Pilz -a), 
and therefore A,H,(z)—A,H#,(z) is finite at z=a. This new function is 
therefore finite over the whole Riemann’s surface: hence it is an integral of 
the first kind, the moduli of periodicity of which depend upon those of £, (z) 


and £, (2). 


Ex. It may similarly be proved that for the special case in Ex. 2, § 207, when the 
integral of the second kind has two simple infinities for the same arithmetical value of z in 
different sheets, the integral is determinate save as to an additive integral of the first kind. 

Let a, and a, be the two points for the arithmetical value @ of z; and let /’(z) and G (2) 
be two integrals of the second kind above indicated having simple infinities at a, and a, 
and nowhere else. 

Then in the vicinity of a, we have 


: A ; 
Paj=— + Pi @-%), G (z)= 
Z—Qy 


+, (2—a,), 


zZ-—Q 
so that BF’ (z)— AG (z) is finite in the vicinity of a. 
Again, in the vicinity of a,, we have, by § 202, 
-A B 


F@)=. 


so that B#' (z)— AG (z) is finite in the vicinity of a, also. Hence BF (z)— AG (z) is finite 
over the whole surface, and it is therefore an integral of the first kind; which proves the 
statement. 


=n = lies (2 7) ty), G (2) = me WY» (Z = dy), 
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It therefore appears that, if /"(z) be any such integral, every other integral of the same 
nature at those points is of the form #'(z)+ W, where W is an integral of the first kind. 
Now there are p linearly independent integrals of the first kind: it therefore follows that 
there are p+1 linearly independent integrals of the second kind, having simple infinities 
with equal and opposite residues at two points, (and at only two points), determined by 
one algebraical value of 2. 


From the property that an elementary integral of the second kind is 
determined by its infinity save as to an additive integral of the first kind, we 
infer that there are p+1 linearly independent elementary integrals of the 
second kind with the same single infinity on the Riemann’s surface. 


This result can be established in connection with f(w, z)=0 as follows. The subject 
of integration is 


U (w, 2) 
5 if 
(—-ap x 


where for simplicity it is assumed that a is neither a branch-point of the function 
nor a singular point of the curve f(w, z)=0, and in the present case U is of degree 
n—1 in w. To ensure that the integral vanishes for z=o, the dimensions of U(w, z) 
may not be greater than n—1. Hence U(w, 2), in its most general form, is a polynomial 
function of w and z of degree n—1; the total number of terms is therefore }$n(n+1), 
which is also the total number of arbitrary constants. 

In order that the integral may not be infinite at each of the 6+« singularities of the 
curve f(w, z)=0, a relation U(y, c)=0 must be satisfied at each of them ; hence, on this 
score, there are 6+« relations among the arbitrary constants. 

Let the points on the surface given by the arithmetical value a of z be (a,, a4), (da, ag), 
sss) (Gn; a). The integral is to be infinite at only one of them ; so that we must have 

U (Gy, a;) =0, 
for r=2, 3,...,2; and n—1 is the greatest number of such points for which U can vanish, 
unless it vanish for all, and then there would be no algebraic infinity. Hence, on this 
score, there are 2 —1 relations among the arbitrary constants in U. 
In the vicinity of z=a, w=a, let 
z=at+G, w=atv; 


vl 


then we have ee ae 


where o is the value of ee and m that of ae for z=a and w=a. For sufficiently small 
a 


values of | v| and | ¢|, we may take 


Rae 
Om "a +¢ 0a” 


For such points we have F 
U 
U (uw, 2)=U (a, a)+v a ae ot 
£2 (4, UO 
nln (as a) +e a (a, a sly 
da 
cia) 
af _ of » Ba 
gud es int 9 Sara 
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af 
b Sh Duels a(4 5) 
U (a, a) 0 (a, a) . 0 (a, a) 


Then unless 


0(f, U)_ 
for (a@,, a,), and aan) =0 
for (@p, ay), (43, a3), +++) (Gny Gm), there will be terms in : in the expansion of the subject of 


¢ 
integration in the vicinity of the respective points, and consequently there will be 
logarithmic infmities in the integral. Such infinities are to be excluded ; and therefore 
their coefficients, being the residues, must vanish, so that, on this score, there appear to 
be 2 relations among the arbitrary constants in U. But, as in § 210, the sum of the 
residues for any point is zero: and therefore, when x—1 of them vanish, the remaining 
residue also vanishes. Hence, from this cause, there are only n—1 relations among the 
arbitrary constants in U. 
The tale of independent arbitrary constants in U(w, z), remaining after all the 

conditions are satisfied, is 

$n (n+1)—(8+«) —(n—-1)-(n—-1) 

=pt+1; 
as each constant determines an integral, the inference is that there are p+1 linearly 
independent elementary integrals of the second kind with a common infinity. 


209. Next, consider integrals which have logarithmic infinities, inde- 
pendently of or as well as algebraic infinities. They are called integrals of 
the third kind. As in the case of integrals of the first kind and the second 
kind, we take the subject of integration to be as general as possible so that it 
contains arbitrary coefficients; and we assign suitable relations among the 
coefficients to prevent any of the points, given as zeros of 0//dw, from becoming 
infinities of the integral. It follows that the only infinities of the integral 
are accidental singularities of coefficients of powers of w in the numerator 
of the general expression for w’; and that, when w’ is expanded for points in 
the immediate vicinity of such an expression, the term with index —1 must 
occur. 

To find the general value of an integral of the third kind, we should 
first exclude from the Riemann’s surface all the infinite points, say 

hy tases tees 
by small curves; the surface would then be resolved into one that is simply 
connected. The cross-cuts necessary for this purpose would consist of the 
set of 2p cross-cuts, necessary to resolve the surface for an integral of the 
first kind, and of the additional cross-cuts, w in number and drawn from the 
boundary (taken at some ordinary point of the integral) to the small curves 
that surround the infinities of the function. 


The moduli for the former set may be denoted by 
1, Ba, -.+, Bp for the cuts a, dy, ..., Ay, 


and pits Ty4a, ++, Sop tor the Cute Oy, O,, -.., by respectively ; 
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they are zero for the cuts c. Taking the integral from one edge to the other 
of any one of the remaining cross-cuts 1,, J,, ..., J, (where 1, is the cross-cut 
drawn from the curve surrounding J, to the boundary), its value is given by 
the value of the integral round the small curve and therefore it is 27idq, 
where the expansion of the subject of integration in the immediate vicinity 
of z=1, is 


es ee 

are: Ca ira 

Then, if II be any value of the integral of the third kind at a point on the 

unresolved Riemann’s surface, all its values at the point are included in the 
form 


eed, 
qd 


2p L# 
I+ & m,o,+27t 2 ngrq, 
1 q=1 


T= 
where the coefficients 7, ..., Mop, %, ..., Ny are integers. 
210. It can be proved that the quantities X, are subject to the relation 
Ay + Ae + eee +A, = 0, 


Let the surface be resolved by the complete system of 2p + w cross-cuts: the 
resolved surface is simply connected and has only a single boundary. The 
subject of integration, w’, is uniform and continuous over this resolved surface : 
it has no infinities in the surface, for its infinities have been excluded; hence 


fw'dz =0, 
when the integral is taken round the complete boundary of the resolved 
surface. 

This boundary consists of the double edges of the cross-cuts a, b, ¢, L, 
and the small curves round the p» points /; the two edges of the same cross- 
cut being described in opposite directions in every instance. 

Since the integral is zero and the function is finite everywhere along the 
boundary, the parts contributed by the portions of the boundary may be con- 
sidered separately. 

First, for any cross-cut, say a,: let O be the point where it is crossed by by, 
and let the positive direction of description of the whole boundary be indicated 
by the arrows (fig. 82, p. 481). Then, for the portion Ca..., the part of the 


B 
integral is | w'dz, or, if Ca...# be the negative edge (as in § 196), the part 
0 


of the integral may be denoted by 
B 
/ w dz. 
Jo 
The part of the integral for the portion F...aD, being the positive 


D F 
edge of the cross-cut, 1s | wdz, which may be denoted by = wdz. The 
JF ID 


F. 28 
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course and the range for the latter part are the same as those for the 
former, and w’ is the same on the two edges of the cross-cut; hence the 
sum of the two is 


H 
= | (w! — w') de, 
C 


which evidently vanishes*. Hence the part contributed to fw’dz by the two 
edges of the cross-cut dq 1s zero. 

Similarly for each of the other cross-cuts a, and for each of the cross-cuts 
lenaccaad op 

The part contributed to the integral taken along the small curve enclosing 
1, 18 Qrridy, for g=1, 2,..., w: hence the sum of the parts contributed to the 
integral by all these small curves is 

Int & Ng: 
q=1 

All the other parts vanish, and the integral itself vanishes; hence 


ve 
2rt & Ay = 0, 
Gi 
establishing the result enunciated. 


CoROLLARY. An integral of the third kind, that 2s, having logarithmic 


infimities on a Riemann’s surface, must have at least two logarithmic infinitres. 


If it had only one logarithmic infinity, the result just proved would 
require that , should vanish, and the infinity would then be purely 
algebraic. 


211. ‘The simplest instance is that im which there are only two 

logarithmic infinities; their constants are connected by the equation 

Ay + Ay = 0. 
If, in addition, the infinities be purely logarithmic, so that there are no 
algebraically infinite terms in the expansion of the integral in the vicinity 
of either of the points, the integral is then called an elementary integral 
of the third kind. If two points C, and C, on the surface be the two infini- 
ties, and if they be denoted by assigning the values c, and c, to z; and if 
A, =1=—dr, (as may be assumed, for the-assumption only implies division 
of the integral by a constaut factor), the expansion of the subject of inte- 
gration for points in the vicinity of c, is 

1 

J ee oe (z-—), 


* It vanishes from two independent causes, first through the factor w’—w', and secondly 
because z,,=2,, the breadth of any cross-cut being infinitesimal. 

The same een holds for each of the cross-cuts a and b. 

For each of the cross-cuts ¢ and L, the sum of the parts contributed by opposite edges vanishes 
only on account of the factor w’—w’; in these cases the variable z is not the same for the upper 
and the lower limit of the integral. 


211.] OF THE THIRD KIND 435 


and for points in the vicinity of c, the expansion is 


Z— Cy 


JDC 


Such an integral may be denoted by Il,.: its modulus, consequent on 
the logarithmic infinity, is 2c. 


Ex. 1. Prove that, if T,, My3, 13; be three elementary integrals of the third kind 
having ¢,, €,; ¢, ¢33 3, ¢, for their respective pairs of points of logarithmic discontinuity, 
then Ilj.+1I)3;+T,, is either an integral of the first kind or a constant. 


Clebsch and Gordan pass from this result to a limit in which the points c, and ¢, 
coincide and obtain an expression for an elementary integral of the second kind in the 
form of the derivative of I1,, with regard to c,. Klein, following Riemann, passes from an 
elementary integral of the second kind to an elementary integral of the third kind by 
integrating the former with regard to its parametric point*. 


Ex, 2. Reverting again to the integrals connected with the algebraical equation 
J (wv, z2)=0, when it can be interpreted as the equation of a generalised curve, an integral of 
the third kind arises when the subject of integration is 


__ Vo,2) 
(e-0) 


where V (w, z) is of degreen—2inw. If V(w, z) be of degree in z not higher than n — 2, 
the integral of w’ is not infinite for infinite values of z; so that V(w, z) is a general integral 
function of w of degree 7 — 2. 
Corresponding to the arithmetical value ¢ of z, there are 2 points on the surface, say 
(6, 41), (Coy ha), «++) (Cn hy) 3 and the expansion of w’ in the vicinity of (c,, &,) is 
V key Cy) 1 
of Z—Cp 
Ok, 


the coefficients of the infinite terms being subject to the relation 


5 ooo 


because V(w, z) is only of degree n—2 in w. The integral of w’ will have a logarithmic 
infinity at each point, unless the corresponding coefficient vanish. 

Not more than x —2 of these coefficients can be made to vanish, unless they all vanish ; 
and then the integral has no logarithmic infinity. Let ~—2 relations, say 

Vikp; Cp) =0, 
for r=2, 3,..., 2, be chosen; and let the +x relations be satisfied which secure that the 
d d d p) ’ 

integral is finite at the singularities of the curve f(w, z)=0. Then the integral is an 
elementary integral of the third kind, having (¢,, 4,) and (¢,, &,) for its points of 
logarithmic discontinuity. 

Ex. 3. Prove that there are p+1 linearly independent elementary integrals of the 
third kind, having the same logarithmic infinities on the surface. 


* Clebsch und Gordan, (l.c., p. 390, note), pp. 28—33; Klein-Fricke, Vorlesungen tiber die 
Theorie der elliptischen Modulfunctionen, t. i, pp. 518—522; Riemann, p. 100. 


28—2 


436 CLASSES OF FUNCTIONS [211. 


Ex. 4, Shew that, in connection with the fundamental equation 
w+e=l, 
any integral of the first kind is a constant multiple of 


dz . 
we’ 


that an integral of the second kind, of the class considered in Ex. 2, § 207, is given by 
l—w 
| Pa dz ; 
and that an elementary integral of the third kind is given by 
| E ae da. 
Zw 


Ex. 5. An elementary (Jacobian) elliptic integral of the third kind occurs in Ex. 7, 
p. 417; and a (Jacobian) elliptic integral of the second kind occurs in Ex. 8, p. 418. 


Shew that an elementary (elliptic) integral of the second kind, associated with the 
equation 
w? = 428 — goz— Jo, 


and having its infinity at (¢,, y,), is 


[* (w+1) + (Gey? — $92) (2-4) da; 


(2-c,)? w 


and that an elementary (elliptic) integral of the third kind, associated with the same 
equation and having its two infinities at (¢,, y,), (Co) v2), is 


a) (ce Ce ee 
2-0, 2-0, ] wo 


Lx. 6. Construct an elementary integral of the second kind, which is infinite of the 
first order at z=0, w=1, the equation between w and z being 


w+ (2—1) (2+1)?=0. 
(Math. Trip., Part IT., 1897.) 


A sufficient number of particular examples, and also of examples with 
a limited generality, have been adduced to indicate some of the properties 
of functions arising, in the first instance, as integrals of multiform functions 
of a variable z (or as integrals of uniform functions of position on a 
Riemann’s surface). The succeeding investigation establishes, from the most 
general point of view, the existence of such functions on a Riemann’s 


surface: they will no longer be regarded as defined by integrals of multi- 
form functions. 


CHAPTER XVII. 


SCHWARZ’s PROOF OF THE EXISTENCE-THEOREM. 


212. THE investigations in the preceding chapter were based on 
the supposition that a fundamental equation was given, the appropriate 
Riemann’s surface being associated with it. The general expression of 
uniform functions of position on the surface was constructed, and the 
integrals of such functions were considered. These integrals in general 
were multiform on the surface, the deviation from uniformity consisting 
in the property that the difference between any two of the infinite number of 
values could be expressed as a linear combination of integral multiples of 
certain constants associated with the function. Infinities of the functions 
defined by the integrals, and the classification of the functions according to 
their infinities, were also considered. 


But all these investigations were made either in connection with 
very particular forms of the fundamental equation, or with a form of not 
unlimited generality: and, for the latter case, assumptions were made, 
justified by the analysis so far as it was carried, but not established generally. 


In order to render the consideration of the propositions complete, it must 
be made without any limitations upon the general form of fundamental 
equation. 

Moreover, the second question of § 192, viz., the existence of functions 
(both uniform and multiform) of position on a surface given independently of 
any algebraical equation, is as yet unconsidered. 

The two questions, in their generality, can be treated together. In the 
former case, with the fundamental equation there is associated a Riemann’s 
surface, the branching of which is determined by that fundamental equation ; 
in the latter case, the Riemann’s surface with assigned branching is supposed 
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given*. We shall take the surface as having one boundary and being other- 
wise closed; the connectivity is therefore an uneven integer, and it will be 
denoted by 2p + 1. 


213. The problem can be limited initially, so as to prevent unnecessary 
complications. All the functions to be discussed, whether they be algebraic 
functions or integrals of algebraic functions, can be expressed in the form 
w+, where wu and v are two real functions of two independent real variables 
wand y. It has already (§ 10) been proved that both w and v satisfy the 
equation ; ; 

0 0 
= Oa? oF Oy? == 0, 


V2 


and that, if either w or v be known, the other can be derived by a quadra- 
ture at most, and is determinate save as to an additive arbitrary constant. 
Since therefore w is determined by w, save as to an additive constant, we 
shall, in the first place, consider the properties of the real function w only. 


The result is valid so long as v can be determined, that is, so long as the 
function wu has differential coefficients. It will appear, in the course of the 
present chapter, that no conditions are attached to the derivatives of wu along 
the boundary of an area, so that the determination of v along such a boundary 
seems open to question. 


It has been (§ 36) proved, in a theorem due to Schwarz, that, if w a 
function of z be defined for a half-plane and if it have real finite continuous 
values along any portion of the axis of #,it can be symmetrically continued 
across that portion of the axis. The continuation is therefore possible for the 
real part u of the function w; and the values of w are the real finite continuous 
values of w along that portion of the axis. 


It will be seen, in Chapters XIX., XX. that, by changing the independent 
variables, the axis of # can be changed into a circle or other analytical line 
(§ 221); so that a function w, defined for an interior and having real finite 
continuous values along any portion of the boundary, can be continued across 
that portion of the boundary, which is therefore not the limit of existence+ 


* The surface is supposed given; we are not concerned with the quite distinct question as to 
how far a Riemann’s surface is determinate by the assignment of its number of sheets, its 
branch-points (and consequently of its connectivity), and of its branch-lines. This question is 
discussed by Hurwitz, Math. Ann., t. xxxix, (1891), pp. 1—61. He shews that, if Q denote the 
ramification (§ 179) of the surface which, necessarily an even integer, is defined as the sum of 
the orders of its branch-points, a two-sheeted surface is made uniquely determinate by assigned 
branch-points; the number of essentially distinct three-sheeted surfaces, made determinate by 
assigned branch-points, is 4(3°-?-1); and so on, the number being finite for finite values of Q. 
It is easy to verify that the number of distinct three-sheeted surfaces, with 4 assigned points 
as simple branch-points, is 4: an example suggested to me by Mr Burnside. 

+ The continuation indicated will be carried out for the present case by means of the com- 


bination of areas (§ 222), and without further reference to the transformation indicated or to 
Schwarz’s theorem on symmetrical continuation. 
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of w. The derivatives of « can then be obtained in the extended space and 
so v can be determined for the boundary *. 


And, what is more important, it will be found that, under conditions to be 
assigned, the number of functions u that are determined is double the number 
of functions w that are determined; the complete set of functions w lead to 
all the parts wu and v of the functions w (§ 234, note). 


214. The infinities of wu at any point are given by the real parts of the 
terms which indicate the infinities of w. Conversely, when the infinities of w 
are assigned in functional form, those of w can be deduced, the form of the 
associated infinities of v first being constructed by quadratures. 


The periods of w, being the moduli at the cross-cuts, lead to real constants 
as differences of u at opposite edges of cross-cuts, or, if we choose, as constant 
differences of values of uw at points on definite curves, conveniently taken for 
reference as lines of possible cross-cuts. Conversely, a real constant modulus 
for u is the real part} of the corresponding modulus of w. 


Hence a function, w, of position on a Riemann’s surface is, except as to an 
additive constant, determined by a real function wu of # and y (where w+ wy is 
the independent variable for the surface), if wu be subject to the conditions :— 


(i) it satisfies the equation V’u =0 at all points on the surface where 
its derivatives are not infinite: 


(i) if it be multiform, its values at any point on the surface differ by 
lmear combinations of integral multiples of real constants: 
otherwise, it is uniform: Triss Beery 

(ili) it may have specified infinities, of given form in the vicinity of 
assigned points on the surface. 

In addition to these general conditions imposed upon the function w, it is 
convenient to admit as a further possible condition, for portions of the surface, 
that the function w shall assume, along a closed curve, values which are 
always finite. But it must be understood that this condition is used only for 
subsidiary purposes: it will be seen that it causes no limitation on the final 
result, all that is essential in its limitations being merged in the three 
principal conditions. 

The questions for discussion are therefore (1), the existence of functions} 
satisfying the above conditions in connection with a given Riemann’s 

* See Phragmén, Acta Math., t. xiv, (1890), pp. 225—227, for some remarks upon this 
question. 

+ The imaginary parts of the moduli of w are determinate with the imaginary part of w: see 
remark at end of § 213, and the further reference there given. 

+ The functions w (and also v) are of great importance in mathematical physics for two- 
dimensional phenomena in branches such as gravitational attraction, electricity, hydrodynamics, 


and heat. In allof them, the function represents a potential; and, consequently, in the general 
theory of functions, it is often called a potential function. 
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surface, the connectivity of which is 2p+1 as dependent upon its branching 
and the number of its sheets; and (ii), assuming that the functions exist, 
their determination by the assigned conditions. 


215. There are many methods for the discussion of these questions. The 
potential function, both for two and for three dimensions in space, first arose in 
investigations connected with mathematical physics: and, so far as concerns 
such subjects, its theory was developed by Poisson, Green, Gauss, Stokes, 
Thomson, Maxwell and others. Their investigations have reference to appli- 
cations to mathematical physics, and they do not tend towards the solution of 
the questions just propounded in relation to the general theory of functions. 


Klein uses considerations drawn from mathematical and experimental 
physics to establish the existence of potential functions under the assigned 
conditions. The proof that will be adopted brings the stages of the investi- 
gation into closer relations with the preceding and the succeeding parts of the 
subject than is possible if Klein’s method be followed *. 


To establish the existence of the functions under the assigned conditions, 
Riemann+ uses the so-called Dirichlet’s Principlef{; but as Riemann’s proof 
of the principle is inadequate, his proof of the existence-theorem cannot be 
considered complete. 


There are two other principal, and independent, methods of importance, 
each of which effectively establishes the existence of the functions, due to 
Neumann and to Schwarz respectively; each of them avowedly dispenses§ 
with the use of Dirichlet’s Principle. 


The courses of the methods have considerable similarity. Both begin 
with the construction of the function for a circular area. Neumann uses 
what is commonly called the method of the arithmetic mean, for gradual 
approximation to the value of the potential function for a region bounded 
by a convex curve: Schwarz uses the method of conformal representation, 
to deduce from results previously obtained, the potential function for 
regions bounded by analytical curves; and both authors use certain 
methods for combination of areas, for each of which the potential function 
has been constructed||. 


* Klein’s proof occurs in his tract, already quoted, Ueber Riemann’s Theorie der algebraischen 
Functionen und ihrer Integrale, (Leipzig, Teubner, 1882), and it is modified in his memoir ‘‘Neue 
Beitrage zur Riemann’schen Functionentheorie,’ Math. Ann., t. xxi, (1883), pp. 141—218, 
particularly pp. 160—162. 

+ Ges. Werke, pp. 35—39, pp. 96—98. 

+ Riemann enunciates it, (l.c.), pp. 34, 92. 

§ Neumann, Vorlesungen iiber Riemann’s Theorie der Abel’schen Integrale, (2nd ed., 1884), 
p. 238; Schwarz, Ges. Werke, ii, p. 171. 

|| Neumann’s investigations are contained in various memoirs, Math. dnn., t. iii, (1871), 
pp. 325—349; ib., t. xi, (1877), pp. 558—566; ib., t. xiii, (1878), pp. 255—300; ib., t. xvi, 
(1880), pp. 409—431; and the methods are developed in detail and amplified in his treatise 
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What follows in the present chapter is based upon Schwarz’s investi- 
gations: the next chapter is based upon the investigations of both Schwarz 
and Neumann, and, of course, upon Riemann’s memoirs. 


The following summary of the general argument will serve to indicate the main line of 
the proof of the establishment of potential functions satisfying assigned conditions. 


J I. A potential function w is uniquely determined by the conditions: that it, as 
; oe Ou Ou Ou du ; : 
5 i : Sa S ati v2 => 
well as its derivatives Cee) eae: (which satisfy the equation V2~=0), shall be 
uniform, finite and continuous, for all points within the area of a circle; and that, along 
the circumference of the circle, the function shall assume assigned values that are always 
finite, uniform and, except ata limited number of isolated points where there is a sudden 


(finite) change of value, continuous. ($$ 216—220.) 
II. By using the principle of conformal representation, areas bounded by curves other 


than circles—say by analytical curves—are obtained, over which the potential function is 
uniquely determined by general conditions within the area and assigned values along its 
boundary. (§ 221.) 

III. The method of combination of areas, dependent upon an alternating process, 
leads to the result that a function exists for a given region, satisfying the general conditions 
in that region and acquiring assigned finite values along the boundary when the region 
can be obtained by combinations of areas that can be conformally represented upon the 
area of a circle. (§ 222.) 


IV. The theorem is still valid when the region (supposed simply connected) contains 
a branch-point ; the winding-surface is transformed by a relation 
z—c=RhZ™ 
into a single-sheeted surface, for which the theorem has already been established. 
When the surface is multiply connected, we resolve it by cross-cuts into one that is 
simply connected, before discussing the function. (§ 223.) 


V. Real functions exist on a Riemann’s surface, which are everywhere finite and 


Ueber das logarithmische und Newton’sche Potential (Leipzig, Teubner, 1877) and in his treatise 
quoted in the preceding note. In this connection, as well as in relation to Schwayrz’s investi- 
gations, and also in view of some independence of treatment, Harnack’s treatise, Die Grundlagen 
der Theorie des logarithmischen Potentiales und der eindeutigen Potentialfunction in der Ebene 
(Leipzig, Teubner, 1887), and a memoir by Harnack, Math. Ann., t. xxxv, (1890), pp. 19—40, 
may be consulted. 

A modification of Neumann’s proof, due to Klein, is given in the first volume (pp. 508-—522) 
of the treatise cited on p. 435, note. 

Schwarz’s investigations are contained in various memoirs occurring in the second volume 
of his Gesammelte Werke, pp. 108—132, 133—143, 144—171, 175—210, 303—206 : their various 
dates and places of publication are there stated. A simple and interesting general statement 
of the gist of his results will be found in a critical notice of the two volumes of his collected 
works, written by Henrici in Nature (Feb. 5, 12, 1891, pp. 321—323, 349—352). There is a 
comprehensive memoir by Ascoli, based upon Schwarz’s method, ‘‘ Integration der Differential- 
gleichung V’~=0 in einer beliebigen Riemann’schen Fliche,” (Bih. t. kongl. Svenska Vet. Akad. 
Handl., bd. xiii, 1887, Afd. 1, n. 2; 83 pp.); a thesis by Jules Riemann, Sur le probleme de 
Dirichlet, (Thése, Gauthier-Villars, Paris, 1888), discusses a number of Schwarz’s theorems 
(see, however, Schwarz, Ges. Werke, t. ii, pp. 856—358); and an independent memoir by Prym, 
Crelle, t. \xxiii, (1871), pp. 340—364, may be consulted. 

The literature of this part of the subject is very wide in extent: many other references are 
given by the authors already quoted. 
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uniquely determinate by arbitrarily assigned real moduli of periodicity at the cross-cuts. 


(§§ 224297.) 


VI. Functions exist, satisfying the conditions in (V.) except that they may have at 
isolated points on the surface, infinities of an assigned form. (§ 229.) 


216. We shall, in the first place, treat of potential functions that have 
no infinities, either algebraic or logarithmic, over some continuous area on 
the surface limited by a simple closed boundary, or by a number of non-inter- 
secting simple closed curves constituting the boundary ; for the present, the 
area thus enclosed will be supposed to lie in one and the same sheet, so that 
we may regard the area as lying in a simple plane. 


At all points within the area and on its boundary, the function w is finite 
and will be supposed uniform and continuous; for all points within the area 
(but not necessarily for points on the boundary), the derivatives 

ou du Ou du 

ox’ dy’ Ox” oy 
are uniform, finite and continuous and they satisfy the equation V’u=0. 
These may be called the general conditions. 


Two cases occur according as the character of the derivatives at points in 
the area is or is not assigned for points on the boundary; if the character be 
assigned, there will then be what may be called boundary conditions. The 
two cases therefore are: pS 


(A) When a function wu is required to satisfy the general conditions, 
and its derivatives are required to satisfy the boundary con- 
ditions : 

(B) When the only requirement is that the function shall satisfy the 
general conditions. 


Before proceeding to the establishment of what is the fundamental 
proposition in Schwarz’s method, it is convenient to prove three lemmas 
and to deduce some inferences that will be useful. 

Lemma I. Lf two functions wu, and uy, satisfy the general conditions for two 
regions T, and T, respectively, which have a common portion T' that is more 
than a point or a line, and if u, and u, be the same for the common portion T, 
or if they be the same for any part of T that is more than a point or a line, 
then they define a single function for the whole region composed of T, and T,. 


This proposition can be made to depend upon the continuation of 
analytic functions*, whether in a plane (§ 34) or, in view of a subsequent 
transformation (§ 223), on a Riemann’s surface. 

The real function w, defines a function w, of the complex variable z, for 
any point in the region 7; and for points within this region, the function w, 


* For other proofs, see Schwarz, Ges. Werke, t. ii, pp. 201, 202, and references there given. 
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is uniquely determined by means of its own value and the values of its 
derivatives at any point within 7, obtained, if necessary, by a succession of 
elements in continuation. Hence the value of w, and its derivatives at any 
point within 7 defines a function existing over the whole of 7;. 


Similarly the real function u, defines a function w, within 7,, and this 
function is uniquely determined over the whole of 7, by its value and the 
values of its derivatives at any point within 7. 


Now the values of «, and w, are the same at all points in 7’, and therefore 
the values of w, and w, are the same at all points in 7’, except possibly for an 
additive (imaginary) constant, say 2a, so that 


W, = Wy + ta. 


Hence for all points in 7, (supposed not to be a point, so that we may have 
derivatives in every direction (§ 8): and not to be a line, so that we may 
have derivatives in all directions from a point on the line), the derivatives 
of w, agree with those of w,; and therefore the quantities necessary to define 
the continuation of w, from 7’ over 7, agree with the quantities necessary to 
define the continuation of w, from 7 over T,, except only that w, and w, 
differ by an imaginary constant. Hence, having regard to the form of the 
elements, w, and w, can be continued over the region composed of 7; and 7,, 
and their values differ (possibly) by the imaginary constant. When we take 
the real parts of the functions, we have uw, and u, defining a single function 
existing over the whole region occupied by the combination of 7, and 7). 


The other two lemmas relate to integrals connected with potential 
functions. 


Lemma II. Let u be a function required to satisfy the general conditions, 
and let its derivatives be required to satisfy the boundary conditions, for an 
area S bounded by simple non-intersecting curves: then 


- ds =0: 
where the integral is eatended round the whole boundary in the direction that is 
positive with regard to the bounded area S; and dn is an element of the normal 
to a boundary-line drawn towards the interior of the space enclosed by that 
boundary-line regarded merely as a simple closed curve*. 


Let P and Q be any two functions, which, as well as their first and second 
derivatives with regard to # and to y, are uniform finite and continuous for 


* The element dn of the normal is, by this definition, measured inwards to, or outwards 
from, the area S according as the particular boundary-line is described in the positive, or in the 
negative, trigonometrical sense. Thus, if S be the space between two concentric circles, the 
element dn at each circumference is drawn towards its centre; the directions of integration are 
as in § 2. 
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all points within S and on its boundary. Then, proceeding as in § 16 and 
taking account of the conditions to which P and Q are subject, we have 


[fperiedy = | P (Say S40) — [](po ae ay 9g) 


where V? denotes ish r + , the double integrals extend over the area of S, and 
the single integral is taken round the whole boundary of S in the direction 
that is positive for the bounded area S. 

Let ds be an element PT of arc of the boundary at a point (a, y), and dn 
be an element 7'Q of the normal at 7 drawn to the 
interior of the space included by the boundary- 
line regarded as a simple closed curve; and let 
be the inclination of the tangent at 7. Then in 
(i), as 7Q is drawn to the interior of the area in- 
cluded by the curve, the direction of integration 
being indicated by the arrow (so that S lies within the curve), we have 


dz=dscosy—dnsiny, dy=dssin y+ dn cos w; 
and therefore it follows that, for any function R, 


ok oR 


Fig. 78. 


on =-Fsny +5, = 2 aes 
Now for variations along the boundary we re dn =0, so that 
oR, of oR 


= an Soged! Bia 


And in (ii), as 7Q is drawn to the interior of the area included by the curve, 
the direction of integration being indicated by the arrow (so that S lies 
without the curve), we have 


dx = (— ds) cos + dn sin fp, ge = = ds) sin yr — dn cos wy, 
and therefore eae sin y—— 8 yp, 


so that, as before, for variations along the anes 


OR =u oR 


Hence, with the conventions as to the measurement of dn and ds, we have 
_@ 0 
[P (Bay my de) =- [Pe as 
on 
both integrals being taken round oe a boundary of S in a direction that 
is positive as regards S. Therefore 


Yb = Pa _ 
{| 20d. dy = - [pe © ds ne Me by = da dy. 
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In the same way, we obtain the equation 


[[ev:Pacdy = -[oxas - {i( - a = dear 


oy oy 
and therefore [ i (PV?Q — QV?P) dady = | (Q So pm) ds, 


where the double integral extends over the whole of §S, and the single 
integral is taken round the whole boundary of S in the direction that is 
positive for the bounded area S. 


Now let u be a potential function defined as in the lemma; then wu 
satisfies all the conditions imposed’ on P, as well as the condition V?~=0 
throughout the area and on the boundary. Let Q=1; so that V?Q=0, 
“ 


=0. Each element of the left-hand side is zero, and there is no dis- 


seers in the values of P and Q; the double integral therefore vanishes, 
and we have 


Ou 
An ds = 


the result which was to be proved. 


Ex. 1, Let u be a potential function as in the lemma: and let the area S be the 
interior of a circle of radius &. Let two concentric circles of radii 7, and r, be drawn 
such that R >7, >7,20: then 


Qa 2a 
[ren 8) a6= [ues Ha, 
a result due to Schwarz. 


Take any concentric circle of radius 7 such that 2 > 7 > 0; and consider the space 
between this circle and S. The function w satisfies the general conditions over this space, 
and its derivatives satisfy the boundary conditions for the whole contour ; hence 


Ou Ou 
son ee on da-=0; 


where the first integral is taken in the counterclockwise direction round S, and the 
second clockwise round the circle of radius 7. On account of the character of w over the 
whole of 8, and the character of its derivatives along the circumference of S, we have 


ou 
| an ds= 
and therefore 
Ou a 
On en 
: é Ou Ow 
taken round the circle of radius7. But ea along this circumference, and ds=rd® ; 


hence, dropping the factor r, we have 
Ow 
— = ), 
| or ee 


Integration with respect to 7 between 7, and 7, leads to the result stated. 
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Ex. 2. Let u be a potential function as in the lemma: and let the area S be the space 
lying without the circumference of the circle of radius 2. Let two concentric circles of 
radii 7, and 7, be drawn, such that r,>7,>: a precisely similar proof leads to the 
result 


[run pap= | 14 (ray ) dd. 
0 0 


But if the derivatives of u are not required to satisfy the boundary 
conditions, the foregoing equation may not be inferred; we then have the 
following proposition. 


Lemma III. Let w be a function, which is only required to satisfy the 
general conditions for an area S; and let w’ be any other function, which 
is required to satisfy the general conditions for that area and may or may 
not be required to satisfy the boundary conditions. Let A be an area entirely 
enclosed in S and such that no point of its whole boundary les on any part of 
the whole boundary of S ; then 


oui, OU 
ic ma bn) ds =0, 


where the integral is taken round the whole boundary of A in a direction 
which is positive with regard to the bounded area A, and the element dn of 
the normal to a boundary-line is drawn towards the interior of the space 
enclosed by that boundary-line, regarded merely as a simple closed curve. 


The area A is one over which the functions w and w’ satisfy the general 
conditions. The derivatives of these functions satisfy the boundary conditions 
for A, because they are uniform, finite and continuous for all points inside S, 
and the boundary of A is limited to he entirely within S. Hence 

ow’ ou 
uV?u' — wV2u) dady = -|(u —— —w 4 d. 
| ( yeedy an On)” 
the integrals respectively referring to the area of A and its boundary in a 
direction positive as regards A. But, for every point of the area, V?u~=0, 
V'u'=0; and w and w’ are finite. Hence the double integral vanishes, and 


therefore 
‘Ow’ , Ou 
u——w —)ds=0, 
‘ on on 
taken round the whole boundary of A in the positive direction. 


One of the most effective modes of choosing a region A of the above 
character is as follows. Let a simple curve C, be drawn lying entirely within 
the area S, so that it does not meet the boundary of S; and let another 
simple curve C, be drawn lying entirely within C,, so that it does not meet 
C, and that the space between C, and C, lies in S. This space is an area of 
the character of A, and it is such that for all internal points, as well as for 
all points on the whole of its boundary (which is constituted by C, and Q,), 
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the conditions of the preceding lemma apply. The curve C, in the above 
integration is described positively relative to the area which it includes: the 
curve C, is described, as in § 2, negatively relative to the area which it 
includes. Hence, for such a space, the above equation is 


Ow’ Ow Ou’ Ou 
[(uge - 5) a — [(u -w) ds,=0, 
if the integrals be now extended round the two curves in a direction that is 


positive relative to the area enclosed by each, and if in each case the normal 
element dn be drawn from the curve towards the interior. 


217. We now proceed to prove that a function u, required to satisfy the 
general conditions for an area included within a circle, 1s uniquely determined 
by the series of values assigned to u along the circumference of the circle. 


Let the circle S be of radius R and centre the origin. Take an internal 
point 2 = re* (so that r< R), and its inverse 2 =7’e* (such that rr’ = R?): 
so that 2’ is external to the circle. Then the curves determined by 


z—-%| 7 
cee oh 
for real values of 2, are circles which do not meet one another. The boundary 
of S is determined by X=1, and }=0 gives the point z as a limiting circle: 
and the whole area of S is obtained by making the real parameter 2X 
change continuously from 0 to I. 


r, 


Lemma III. may be applied. We choose, as the ring-space, the area 
included between the two circles determined by ), and d,, where 


LS ne; 


and the positive quantities 1—2,, A, can be made as small as we please. 


Then we have 
ow , Ou [ Ow , Ow 
Iv on ws) a (u an ue dss, 


where the integrals are taken round the two circumferences in the trigono- 
metrically positive direction (dn being in each case a normal element drawn 
towards the centre of its own circle), and the function w’ satisfies the general 
and the boundary conditions for the ring-area considered. Moreover, the 
area between the circles, determined by ), and Xp, is one for which w satisfies 
the general conditions, and its derivatives certainly satisfy the boundary 
conditions: hence 
[Fas=0, oH Is, =0. 

Now the function w’ is at our disposal, subject to the general conditions 
for the area between the two d-circles and the boundary conditions for each 
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of those circles. All these conditions are satisfied by taking w’ as the real 


z Bhat 
‘) , that is, in the present case, 
a) 


part of log & 


; ee r 
For all points on the outer circle, w’ is equal to the constant log G ».) , 80 


that 
fee u io ds,;= 0: 
and similarly for all points on the inner circle, w’ is equal to the constant 


log (G») , so that 


fu S as=0. 


Again, for a point z on the outer circle, whose angular coordinate is yp, 
the value of ae for an inward drawn normal is (§ 11) 


on 
(R? — rv? 
AR (R= 1) {R?— 2Rrn, cos (Wr — $) + 7707} 


and because the radius of that outer circle is ),R(R?—7°)/(R?—7rA,2), we 
have 
VR (Rr 

een Da dp. 
Denoting by f(A, ) the value of w at this oS wy on the circle determined 
by 4, we have 


ds, = 


2a R oe rr,? 
fu = [20 W ppm IR, cos (h— 9) +P 


Similarly for the inner circle, the normal element again being drawn towards 
its centre, we have 


Et The 
— 2Rrr, cos (hp — $) + 7-AL 


ow 


ua , a8. = = -|" oF hen VY) p 
spi these results, we have 
R?-—rr? 
is PO; W) Re '— 2Rrr, cos (— 6) + 7°? pase 
R ae Tro? 
- es TINO FR? — 2 Rrr. cos (ye — p) + 7A ae 
In the analysis which has established this equation, A, and A, can have all 


values between 1 and 0: the limiting value 0 is excluded because then w’ 
is not finite, and the limiting value 1 is excluded because no supposition has 


_ Rar. 
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been made as to the character of the derivatives of w at the circumference 


of S. 


But the equation which has been obtained involves only the values of w 
and not the values of its derivatives. On account of the general conditions 
satisfied by wu, the values of u, represented by f(A, W), are finite and continuous 
within and on the circumference of the circle: they therefore are finite and 
continuous for all values of X from 0 to 1, including both X=0 and A=1. 
Hence the integral 

ae FR? = 9? 
ip TOON) PR? —2Rrd cos (b — 6) + PX he 


(since 7 < #), is also finite and continuous for all these values of X, both X=0 
and X=1 inclusive. The preceding equation has been proved true, however 
small the positive quantities 1 —), and A, may be taken ; we now infer that 
it is valid when we take A, = 1, A, =0. 


When A, = 0, the corresponding circle collapses to the point 2: the value 
of f(A, wv) is then the value of wu at a, say u(r, d); and the integral 
connected with the second circle is 27ru(r, ¢). 


When 2d, = 1, the corresponding circle is the circle of radius R; the value 
of f(A, ) is then the assigned value of wu at the point ~ on the circum- 
ference, say the function f(y). Substituting these values, we have 


Rs 
u(r, $)=5— = |" SO) BaRreos (= gtr ee 


the integral being taken positively round the circumference of the circle 8. 


It therefore appears that the function w, subjected to the general 
conditions for the area of the circle, is uniquely determined by the values 
assigned to it along the circumference of the circle. 

The general conditions for u imply certain restrictions on the boundary 
values. These values must be finite, continuous and uniform: and therefore 
ft (), as a function of yy, must be finite, continuous, uniform and periodic in 
Wr of period 27. 5 


218. It is easy to verify that, when the boundary values f(y) are not 
otherwise restricted, all the conditions attaching to wu are satisfied by the 
function which the integral represents. 


Since the real part of (Re + z)/(Re”’ — z) is the fraction 
(R? — r*)/{R? — 2Rr cos (v — $) +7°I, 
it follows that w is the real ca of the function F(z), defined by the equation 


R Z 
_F@=— [Fat rey. 


F. 29 
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For all values of z such that |z|< R, the fraction can be expanded in a series 
of positive integral powers of z, which converges unconditionally and uni- 
formly; and therefore F(z) is a uniform, continuous, analytical function, 
everywhere finite for such values of z. Hence all its derivatives are uniform 
continuous, analytical functions, finite for those values of z; and these 
properties are possessed by the real and the imaginary parts of such 
a is the real part of 2” ee 
for all integers m and n positive or zero, it is a uniform, finite and continuous 
function for points such that |z|< R, that is, for points within the circle. 
Moreover, since u is the real part of a function of z, and has its differential 
coefficients uniform, finite and continuous, it satisfies the differential equation 
Vx=0. 
To infer the continuity of approach of u(r, $) to f(p) as 7 is made equal 

to R, we change the integral expression for w(7, d) into 

Ih Q4r-h R? —/7 

QrjJ_4 R?—2Rr cos @+ mie Fehon: 


Moreover for all values of r < R& (but not for r=), we have 
fees? 7 1 R+r itu 
es. Gs a 1 is 
Qa it R? — 2Rr cos 64+ 7? . 7 E lR —r ENP 10h | A 
and therefore 
T=u(r, 6)-f(¢) 
1 2nr—-db 
Bie ee ear de) 
sel, LO+8-SO) x 
Let © denote the subject of integration in the last integral. Then, as r 
is made to approach indefinitely near to R in value, @ becomes infinitesimal 
for all values of @ except those which are extremely small, say for values of 6 
between —6 and +6. Dividing the integral into the corresponding parts, 
we have 


derivatives. Now and therefore, 


R? — 7 


—2Rrecos0@+r dé. 


1 7-8 | 1 s27-¢ 1 re 
ja2 i @d6 + al @d0+ | @dé. 
Qa —o Qa § 2a eys 


Let M be the greatest value of f(r) for points along the circle. Then the 
first integral and the second integral are less than 


p—6, R?— 7? 2r —5—@ R- 
2M ——~ ———~, — —- 
nt (R=FPt OR oe) (R—=ry+ 2Rr (1—cos 8) 
respectively; by taking r indefinitely near to R in value, these quantities 
can be made as small as we please. For the third integral, let & be the 
greatest value of /(p +0) —f() for values of 6 between § and — 8: then the 


third integral is less than 


k \ R _—/ 
an} 5 R8—2Rr cos re 
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| 2c 1 
that is, it is less than — ta an (5 aes 8); so that, when 7 is made nearly 
T 2R-r 


equal to R, the third integral is less than hk. 


If then & be infinitesimal, as is the case when /(¢) is everywhere finite 
and continuous, the quantity J can be diminished indefinitely ; hence u(r, ¢) 
continuously changes into the function f(#) as r is made equal to R. The 
verification that the function, defined by the integral, does satisfy the general 
conditions for the area of the circle and assumes the assigned values along 
the circumference is thus complete. 


Ex. 1. It will be convenient to possess an upper limit for | u(r, ¢)—u(0)| for the 
circumference of a circle of radius 7, concentric with the given circle, 7 being less than R: 
say —*>p, where p is a quantity that may not be made as small as we please. 


We have 


i Qa ‘ Rey? 
u(r, H=s |, f(y) R?—2Rr cos (po) +r? URE 


and clearly 


wae [rays 
so that 


Qa {u (7, p) —uU (0)} Sip [rr R Spee are pe dy. 


To indicate one upper limit for the modulus of the right-hand side, we can proceed as 
follows. Let O be the common centre of the two circles ; P the point (R, d@) on the outer 
circle, @ the point (7, y) on the inner circle; and let y denote 
the angle between YP and O@ produced. Then 


LR cos (p—p)-7r=P¥ cos x, Q 
so that re) 


2m (u(r, )—u (Oj=2r | FOH) SP ay. z 


Let M be the maximum value of | f(y) | along the circum- 
ference of the outer circle: then an upper limit for the modulus 
of right-hand side will be given by taking f(y) =J/ when cos x is 
positive and f(W)=—J/ when cos y is negative. Writing ~y—¢=86, we divide the range 


of integration into two parts ; viz. d=—a to +a, where cos a=F3 and 6=a to 27-a. 
Over the former, we take f()=/; over the latter f()= — J. 


Returning now to the initial expressions, with these values, we have 


uv 


Qa —a. Ca ig 
+ a R2—2Rr ee 
2 __ pd Z 
<2ir{* (aman eae we 1) a 


a D2 2 
+2" ¢ ~ R2—2Rr cos 6+ 3) o 


a LR? —r? J 
| 2r fu(r, p)-—uUu(O)}pl< uf" ( TE OS 1) do 
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Now 


RP = it fan +t 
Were ares +7 aii SG esse 


|2n (u(r, ¢)—u(O} |< 2it| 2 tan-1 = rn) =a 


R+ 
+2M| r- a-{n- atan-t (Fm 7) at | 


<a a] tana (Grrn)-«], 


where y,=tan }a, and for the inverse function we take the smallest positive angle with 
the indicated tangent. Now 


so that 


2r tan & 
7 2 
tan~1 & tan 3a) —ta=tan! 


(R= 1) +(R+r)tan? 5 


7 sina 
R-rcosa 


Fe es ts eis a fo et Ee 
Sayan! eee =sin R? 


=tan71 


and therefore 


co Geer ag 
| u (7, p)—% (0) | < sin RB 


The form* obtained is valid for values of 7 such that OZ 7 < R—p, where p is a finite 
quantity that may be not large but cannot be made as small as we please. 


Ex. 2. Shew that, if J denote the maximum value (supposed positive) of f() 
for points along the circumference of the circle and if w(0) vanish, then 


wr, p) — 4 tan-17 (Schwarz. ) 


Re 


219. But in view of subsequent investigations, it is important to consider 
the function represented by the integral when the periodic function /(¢) 
which occurs therein is not continuous, though still finite, for all points on 


the circumference. The contemplated modification in the continuity is that 
which is caused by a sudden change in value of /(#) as @ passes through a 


value a: we shall have 
flate)—fa—) =4, 


when e is ultimately zero. Then the following proposition holds: 


Let a function f(p) be periodic in 2m, fimte everywhere along the circle, 
and continuous save at an assigned point a where it undergoes a sudden 
increase in value: a function w can be obtained, which satisfies the general 
conditions for the circle except at such a point of discontinuity in the value of 


S(h), and acquires the values of f() along the circumference. 


* It is due to Schwarz, Ges. Werke, t. ii, p. 190. 
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Let p be a quantity <R: then along the circumference of a circle of radius 
p, the general conditions are everywhere satisfied for the function u, so that, if 
u(p, ) be the value at any point of its circumference, the value of w at any 
internal point is given by 
0 — 72 


1 Qa 
u(r, \=5 | u (p, SY umn cos ea bce 2 


Now p can be gradually increased towards R, because the general conditions 
are satisfied ; but, when p is actually equal to R, the continuity of u(p, W) is 
affected at the point a. We choose a finite arbitrary quantity ¢, which can 
be made as small as we please; and we divide the integral into three parts, 
viz. 0 toa—¢,a—etoa+e, and a+e to 27, when p is very nearly equal to 
k. For the first and the third of these parts, p can, as in the preceding 
investigation, be changed continuously into R without affecting the value of 
the integral. If we denote by p the integral 


1 Qa R? —7 


on 0 u (Rh, WV) a= 5 Di ena (iad) en 


dyp. 


where the range of integration does not include the part from a—e to a+e, 
and where the values f(a—e), f(a+e) are assigned to u’(R, a—e), u’(R, ate), 
respectively ; the sum of the integrals for the first and the third intervals is 
p+A, where A is a quantity that vanishes with R —p, because the subject of 
integration is everywhere finite. For the second interval, the integral is 
equal to g+A’, where 


ea il is ( Rr q 
1 On og . R? — 2Rr cos y — 6) +7” a 
and A’ is a quantity vanishing with R —p because the subject of integration 


is everywhere finite. So far as concerns q, let M be the greatest value of 


|f (ap)|, so that M is finite: then 


a quantity which, because of the mode of occurrence of the arbitrary quantity 
e, can be made less than any finite quantity, however small, provided 7 is 
never actually equal to R. If then, an infinitesimal arc from a—e toate 
be drawn so as, except at its assigned extremities, to he within the area of 
the circle, the last proviso is satisfied: and the effect is practically to exclude 
the point a from the region of variation of u as a point for which the function 
is not precisely defined. With this convention, we therefore have 


1 2a A R? fee Via nm ; 
ECD Qa I, IN) i? — 2Br cos (Ww — $) 4 iN prs Bontes sith 


so that, by making p ultimately equal to R and e¢ as small as we please, the 
difference between u(r, ¢) and the integral defined as above can be made less 
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than any assigned quantity, however small. Hence the integral 1s, as before, 
equal to the function u(r, ), provided that the point a be excluded from the 
range of integration, the value f(a—e) just before p=a and the value 
f(a+e) just after y~=a being assigned to wu (R, W). 


It therefore appears that discontinuities may occur in the boundary 
values when the change is a finite change at a point, provided that all 
the values assigned to the boundary function be finite. 


Corotiary. The boundary value may have any limited number of points 
of discontinuity, provided that no value of the function be infinite and that at 
all points other than those of discontinuity the periodic function be uniform, 
finite and continuous: and the integral will then represent a potential function 
satisfying the general conditions. 


The above analysis indicates why discontinuities, in the form of infinite 
values at the boundary, must be excluded: for, in the vicinity of such a 
point, the quantity M can have an infinite value and the corresponding 
integral does not then necessarily vanish. Hence, for example, the real 


part of 
1 


eRe” — Re 


is not a function that, under the assigned conditions, can be made a boundary 
value for the function w. 


There is however a different method of taking account of the discon- 
tinuities; 1t consists in associating other particular functions, each having 
one (and only one) discontinuity, taken in turn to be the assigned discontinuities 
of the required functions, and thus modifying the boundary conditions. The 
method might not prove the simplest way of proceeding in any special case, 
because of the substantial modification of those conditions; but this is of 
relatively less importance in the establishment of an existence-theorem, which 
is the present quest. 


Two cases arise, according as the assigned discontinuity in value takes 
place at a point of continuity in the curvature of the boundary, or at a 
point of discontinuity in the curvature. 


In the former, when the discontinuity is required to occur at a point of 
continuous curvature, we know (§ 3) that the argu- 
ment of a point experiences a sudden change by a 
when the path of the point passes through the 
origin. Let a point P on a circle (fig. 79, i) be : 
considered relative to A: the inclination of AP to a a 


the normal, drawn inwards : if te Fig. 79, (i). 
nal, drawn inwards at A, is 5 L(a—), g. 79, (i) 
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and of AQ to the same line is — E $(a- $)| , So that there is a sudden 


change by 7 in that inclination. Now, taking a function 


g() =~ Star | ton fF — 4 (a-ak |, 


and limiting the angle, defined by the inverse function, so that it lies 
between —4a and +47, as may be done in the above case and as is 
justifiable with an argument determined inversely by its tangent, the 
function g($) undergoes a sudden change A as ¢ increases through the 
value a. Moreover, all the values of g(@) are finite: hence g(¢) is a 
function which can be made a boundary value for the function u. Let the 
function thence determined be denoted by wa. 


By means of the functions uz, we can express the value of a function u 
whose boundary value f(#) has a limited number of permissible discontinuities. 
Let the increases in value be Aj, ..., Am at the points a, a, ..., &m respect- 
ively: then, if g,(¢) denote 


= a tan7 | tan 5 —$ (On — 6) : 


we have Jn (n+ €) — Jn (An —€) = An, when ¢ is infinitesimal. Hence 


SF (Gn t+ €)—f (an — €) = [In (An + €) = Jn (On — €)} 
has no discontinuity at @,, that is, f(¢) — gn(@) has no discontinuity at a. 


m 

Hence also f(¢)— % gn(%) has no discontinuity at m, ..., 4, and 
n=1 

therefore it is uniform, finite, and continuous everywhere along the circle; 


and it is periodic in 27. By § 218, it determines.a function U which satisfies 
the general conditions. 


Each of the functions g,(¢) determines a function w, satisfying the 
general conditions: hence, as wu is determined by /(¢), we have 


m 
u- >» u,=U, 
n=1 
which gives an expression for wu in terms of the simpler functions uv, and of a 


function U determined by simpler conditions as in § 218. 


Ex. Shew that, if f()=1 from —}$7 to +42 and =0 from +4z to 3, then w is the 
real part of the function 


and obtain a corresponding expression for a function, which is equal to 1 from —a to +a, 
and is equal to 0 from a to 27—a. 
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In the second case, when a discontinuity (say K in magnitude) is required 
to occur at a point of sudden change in 
curvature, we proceed similarly. Let A MTS 
be such a point, and suppose the curve 
(fig. 79, ii) referred to O as pole: as in the 
first case, we consider the point P relative 
to A. Let e denote the internal angle 
QAP, so that ¢ is not equal to 7; let 
TPO=¢,, AQO=¢, POO’ =0,, AOO'=a, \s 
QOO’=80,. Then the inclination of AP to Fig. 79, (ii). 
AO is $,-(a—8,), and the inclination of 
AQ to AO is —{7 —¢,—(6,—4)}, so that, in passing from the direction AP 
to the direction AQ, there is a sudden change of ¢,—¢,+7, which is ¢ in 
the limit when P and Q move up to A. Accordingly, if we take a function 


tay’ 


= tan [tan (d — a+ 8)], 


where @ is the polar angle and ¢ is the inclination of the (backwards-drawn) 
tangent to the radius vector, this function suddenly increases in value by K 
as the point P passes through d towards Q. 

The result is used in exactly the same way as in the preceding case: and 
we obtain a new function, assigned as the succession of boundary values, the 
new (boundary) function being free from all discontinuities. 


Lx. Obtain the expression of such a function in the case of two equal circles, when 
the boundary curve consists of the two arcs each external to the other. 


220. The general inference from the investigation therefore is, that a 
function of two real variables # and y is uniquely determined for all points 
within a circle by the following conditions: 


(i) at all points within the circle, the function w and its derivatives 
Ou Ou Cu Ou 
da’ dy’ dx’ dy? 
must satisfy the equation V?u=0: 


must be uniform, finite and continuous, and 


(u) if f() denote a function, which is periodic in @ of period 27, is 
finite everywhere as the point ¢ moves along the circumference, 
is continuous and uniform at all except a limited number of 
isolated points on the circle, and at those excepted points 
undergoes a sudden prescribed (finite) change of value, then 
to wis assigned the value f(@) at all points on the circumference 
except at the limited number of points of discontinuity of that 
boundary function. 


And an analytical expression has been obtained, the function represented by 
which has been veritied to satisfy the above conditions. 
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We now proceed to obtain some important results relating to a function 
w, defined by the preceding conditions. 


I. The value of w at the centre of the circle is the arithmetic mean of tts 
values along the circumference. 


For, by taking 7=0, we have 
Il 20 
u0)=5- | Soe, 


the right-hand side being the arithmetic mean along the circumference. 


Il. If the function be a uniform constant along the circumference, it is 
equal to that constant everywhere in the interior. 


For, let C denote the uniform constant; then 


R2-7 


UT, b) = vel RR? — 2Rr cos (bp — ayes 


for all values of 7 less than eo that is, everywhere in the interior. 


But if the function, though not varying continuously along the circum- 
ference, should have different constant values in different finite parts, as, for 
instance, in the example in § 219, then the inference can no longer be drawn. 


Ill. Lf the function be uniform, finite and continuous everywhere in the 
plane, it ws a constant. 


Since the function is everywhere uniform, finite and continuous, the 
radius & of the circle of definition can be made infinitely large: then, as 
the limit of the fraction (2? —71?)/{R?—2Rr cos( — $)+7"} is unity, we 
have 


HO a ie ory aa 


the integral being taken round a circle of infinite radius whose centre is the 
origin. But, by (I.) above, the right-hand integral is w(0), the value at the 
centre of the circle; so that 

w(r, 6) =u (0), 


and therefore u has the same value everywhere. 


This is practically a verification of the proposition in § 40, that a uniform, 
finite and continuous function w, which has no infinity anywhere, is a constant. 


IV. A uniform, fimte and continuous function u cannot have a maximum 
value or a minimum value at any point in the interior of a region over which, 
subject to the general conditions as to the differential coefficients, it satisfies the 
differential equation Vu = 0. 
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If there be any such point not on the boundary, it can be surrounded by 
an infinitesimal circle for the interior of which, as well as for the circum- 
ference of which, w satisfies both the general and the boundary conditions ; 


hence 
Ou 


an ds =0 


the integral being taken round the circumference. But in the immediate 


vicinity of such a point has everywhere the same sign, so that the 


Ou 
> On 
integral cannot vanish: hence there is no such point in the interior. 

In the same way, it may be proved that there cannot be a line of 
maximum value or a line of minimum value within the surface: and that 
there cannot be an area of maximum value or an area of minimum value 


within the surface. 


V. It therefore follows that the maximum values for any region are to be 
found on its boundary: and so also are the minimum values. 


If M be the maximum value, and if m be the minimum value, of the 
function for points along the boundary, then the value of the function for an 
interior point is <J/ and is >m and can therefore be represented in the form 
Mp+m(1—p), where p is a real positive proper fraction, varying from point 
to point. Also p never vanishes, except for the minimum on the boundary ; 
and it is never so great as unity, except for the maximum on the boundary. 


In particular, let a function have the value zero for a part of the 
boundary and have the value unity for the rest, the points (if any) where the 
sudden change from 0 to 1 takes place being cut off as in § 219. Let a line 
be drawn from any point of the boundary, through the interior, to any other 
point of the boundary; and at each extremity let it cut the boundary at a 
finite angle. The value, which the function has for points along the line, in 


the interior is always positive and has an upper limit g, a proper fraction. 
But q will vary from one line to another. If the region be a circle and q be 
the proper fraction for a line in the circle, then the value along that line of a 
function u, which is still zero over the former part of the boundary but has a 
varying positive value <p along the remainder, is evidently <q. This 
fraction qg may be called the fractional factor for the line in the supposed 
distribution of boundary values. 


Again, let a function have a value zero over part of the boundary, and 
have positive values over the rest of it, the greatest of them being unity: and 
suppose that there is no sudden discontinuity in value. When a line is drawn 
(as above) through the area, both of its extremities being at zero values 
on the boundary, let the value of the function along the line be gq’, where q’ 
varies from point to point; it is zero at the extremities of the line, and it is 
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never so great as 1, because a maximum value cannot occur in the interior; 
hence 0 <q’ <Q, where Q is a real positive quantity, greater than 0 and less 
thagr laa < 

The fraction Q is the fractional factor for the line. 

Lastly, let a function have a value zero over part of the boundary, and 
have values over the rest of it, some positive, others negative; let — C be the 
minimum, and +D the maximum, where C>0, D>0; and suppose that 
there is no sudden discontinuity in value. Let a line be drawn (as above) 
through the area, beginning at one point of zero value and ending at another ; 
the value of the function along this line is -C + q’(D+ 0), where q” varies 
from point to point along the line. Now qg” cannot be as small as 0, for the 
minimum —C is not to be found on the line; nor can it be as large as 1, for 
the maximum JD is not to be found on the line. Hence 

Orage tL, 
where F is a real positive quantity greater than 0 and less than Q, and Q is 
a real positive quantity less than 1. 

The fractions Q and R may be called the major and the minor fractional 
factors for the supposed distribution of boundary values; they are not 
necessarily independent of C and D. 


VI. It may be noted that the second of these propositions can now 
be deduced for any simply connected surface. For when a function is 
constant along the boundary, its maximum value and its minimum value 
are the same, say AX: then its value at any point in the interior is 
Ap+rA(1—p), that is, A, the same as at the boundary. Consequently if 
two functions uw, and wu, satisfy the general conditions over any region, and 
if they have the same value at all points along the boundary, then they 
are the same for all points of the region. For their difference satisfies 
the general conditions: it is zero everywhere along the boundary: hence 
it is zero over the whole of the bounded region. 

If, then, a function wu satisfy the general conditions for any region, it vs 
unique for assigned boundary values that are everywhere finite, uniform, and 
continuous except at isolated points. 


221. The explicit expression of w with boundary values, that are 
arbitrary within the assigned limits, has been determined for the area 
enclosed by a circle: the determination being partially dependent upon the 
form assumed in § 217 for the subsidiary function uw. The assumption of 
other forms for w’, leading to other curves dependent upon a parametric 
constant, would lead by a similar process to the determination of w for the 
area limited by such families of curves. 

But without entering into the details of such alternative forms for w’, we 
can determine the value of w, under corresponding conditions, for curves 
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derivable from the circle by the principle of conformal representation *. 
Suppose that, by means of a relation 
z= (f)= P(E +i), 

or, say x+y =p (En) +1q(&, 7), 
where p and q are real functions of & and », the area contained within the 
circle is transformed, point by point, into the area contained within another 
curve which is the transformation of the circle: then the function u(z, y) 
becomes, after substitution for 2 and y in terms of & and », a function, say U, 
of & and ». 

Owing to the character of the geometrical transformation, p and g (and 
their derivatives with regard to & and 7) are uniform, finite and continuous 
within corresponding areas. Hence 


U(E, n)=u(a, y); 
OU _ Ou dp , dwog OU _dudp , du og. 
o& axdE dyde’ dn dxdn dy On’ 


eU PU (ew , Ou (/op\? (ey 
cue eo ee Ge 5 a) (2) + Nan) J 


so that the function U satisfies the general conditions for the new area 
bounded by the new curve. 


Moreover, u has assigned values along the circular boundary which is 
transformed, point by point, into the new boundary; hence U has those 
assigned values at the corresponding points along the new boundary. Thus 
the function U is uniquely determined for the new area by conditions which 
are exactly similar to those that determine w for a circle: and therefore the 
potential function is uniquely determined for any area, which can be con- 
Jormally represented on the area of a circle, by the general conditions of 
§ 216 and the assignment of values that are finite and, except at a limited 
number of isolated points where they may suffer sudden (finite) changes of 
value, uniform and continuous at all points along the boundary of the area. 

One or two examples of very special cases are given, merely by way of 
illustration. The general theory of the transformation of a circle or an 
infinite straight line into an analytical curve will be considered in Chapter 
XX. But, meanwhile, it is sufficient to indicate that, by the principle of 
conformal representation, we can pass from the circle to more general curves 
as the boundary of an area within which the potential function is defined by 
conditions similar to those for a circle: in particular that, by assuming the 
result of §§ 265, 266, we can pass from the circle to an analytical curve as the 
boundary of such an area. 

“The general idea of the principle, and some illustrations of it, as expounded in 


Chapters XIX, and XX., will be assumed known in the argument which follows: see especially 
§§ 265, 266. 
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Eu.1. A function wu satisfying the general conditions for a circle of radius unity and 
centre the origin, and having assigned values f(y) along the circumference, is determined 
at any internal point by the equation 

l-r? 
08 (p—) +7 


Now the circle and its interior are transformed by the equation 


wn =x | FW ma ip 


ype 
re 


into a parabola and the excluded area (§ 257): so that, if 2, @ be polar coordinates of 
any point in that excluded area, we have 
cos $=2R~* cos $6 - 1, rsin p= —2R-*sin $6. 
Corresponding to the circle r=1, we have the parabola 
Rcos?40=1; 
if © determine the point on the parabola, which corresponds to y on the circle, we have 
cos p=2 cos? 46-1, 

or p=0. 

Hence the function U(R, ©) assumes the values f(6) along the boundary of the 


parabola. 


Also 1 - at (R? cos $6 — 1), 


1-2rcos (v-o) +r =F 18 cos? $6 -2R? cos $0 cos$(6+6)+1]; 


and therefore we have the following result : 


A function which satisfies the general conditions for the area bounded by and lying on the 
convex side of the parabola Rcos?40=1 and is required to assume the value f(©) at points 
along the parabola, is defined uniquely for a point (7, 0) external to the parabola by the 
integral 


1 


2n r* cos 3-1 
eae) 


; do 
1 — 2r* cos $0 cos $ (+6) +7 cos’ 30 


The function /(©) may suffer finite discontinuities in value at isolated points : elsewhere 
it must be finite, continuous and uniform. 


Ex. 2. Obtain an expression for uw at points within the area of the same parabola, by 
using 
z=tan? (¢7¢?) 
as the equation of transformation of areas (§ 257). 
Ex, 3. When the equation 
pests 
~t+¢ 
is used, then, if z=v+7y and (= X+7Y, we have 
pau le Ge feo 
ee CEA ay 


If the point ¢ describe the whole length of the axis of Y from —o to +, so that we 


may take (=Y=tan@g with ¢ increasing from —}7 to +4, we have w=cos2¢q, 
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y=sin 2p; and z describes the whole circumference of a circle, centre the origin and 
radius unity, in a trigonometrically positive direction beginning at the point (—1, 0). We 
easily find ; 

rcos6 =-rsind ie _ 1 

1-f 2Rceose® 1—-2Rsne+R 14+2Rsine+ RR’ 


where €=cos0, n=Rsin@. Moreover, for variations along the circumference, we 
have ~=2¢; whence, substituting and denoting by /’(”), =f(2tan~!~), the value of 
the potential at a point on the axis of real quantities whose abscissa is xv, we ultimately 
find 

ee sin © 
ee ag des i? — 22h cos 0+ 2 


F' (a2) da, 


as the value of the potential-function uw at a point (2, ©) in the upper half of the plane, 
when it has assigned values /’(z) at points along the axis of real variables. 


222. The function wu has now been determined, by means of the general 
conditions within an area and the assigned boundary values, for each space 
obtained by the method indicated in § 221. But the determination is 
unique and distinct for each space thus derived; and, if two such spaces 
have a common part, there are distinct functions wu. We now proceed to 
shew that when two spaces, for each of which alone a function w can be 
determined, have a common part which is not merely a point or a line, 
then the function u is uniquely determined for the combined area by the 
assignment of finite, uniform and continuous values (or partially discontinuous 
values, as in § 219) along the boundary of the combined area. 


Let the spaces be 7, and 7, having a common part 7’, so that the whole 
space can be taken in the form 7,+ 7,-— 7; 
and suppose that the boundaries of 7, and 
T, cut at finite angles at A and B, that is, 
that they do not touch one another there. 
Let the part of the boundary of 7, without 
T, be L,, and the part within 7, be L,: and 
sinularly, for the boundary of 7, let L, de- 
note the part within 7, and ZL, the part 
without it. Then the boundary of 

T,+7,-T 


is made up of LZ, and L,: the boundary of 7’ is made up of Z, and L,. 


Fig. 80. 


Let any series of values be assigned along ZL, and L, subject to the 
conditions of being uniform, finite everywhere, and discontinuous, if at all, 
only at a limited number of isolated points. The method of § 218 can be 
used to remove these discontinuities, whether they occur at points of 
continuous curvature, or at points (such as A and B, fig. 80) of discontinuous 
curvature ; for this purpose we take a new function of the form 


u— du,, =U, 


) 
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where each of the functions w, has one and only one discontinuity, taken to 
be the same as u. The values of U are uniform, finite everywhere, and 
continuous everywhere; they give the boundary values of the function U to 
be determined for the whole area, and will be called the assigned values. In 
particular, let m, be the assigned value at A, m, the assigned value at B: 
these being continuous in passing through the respective points of discon- 
tinuous curvature regarded as belonging to the contour made up of Z, and L, 
only. 

The process consists in the determination of functions for the regions 7, 
and T, alternately, using in each case, for boundary values along ZL, and J, 
respectively, the values of the preceding function as determined. 


Assume for a boundary value along LZ, from A to B, a succession of values 
passing continuously from m, to m,—say m+ (1 —2) m, with » decreasing 
from 1 to 0: the actual form is not material, and we shall merely suppose 
(though even this is not necessary) that no value falls below the minimum or 
rises above the maximum of the assigned values along Z, and Z;. Let U,;, 
denote the function, which is uniquely determined for the region 7, by the 
general conditions for the area and by values along the boundary, constituted 
by the assigned values along LZ, and the assumed values along L,. The 
values acquired by U, along ie line L, in this region are uniform, finite, and 
continuous; the value at A is m, and the value at B is m.; at any inter- 
mediate point, the value is less than the maximum and greater than the 
minimum of the boundary values. 


Let U, denote the function, which is uniquely determined for the region 
T, by the general conditions for the area and by values along the rater Pra 
constituted by the assigned values along L, and by the values of U, acquired 
along L,. The values acquired by U, along the line ZL, in this region are 
uniform, finite, and continuous; the value at A is m, and the value at Bis 
M,; at any intermediate point, the value is less than the maximum and 
greater than the minimum of the boundary values. 

Generally, let U,,_, denote the function*, which is uniquely determined for 
the region 7, by means of boundary values, consisting of the assigned values 
along LZ, and of the values acquired by U.,_, along L,, beginning at A with 
m, and ending at B with m,. Similarly, let U,, denote the function, which 
is uniquely determined for the region 7, by means of boundary values, 
consisting of the assigned values along LZ, and of the values acquired by Us», 
along L,, beginning at A with m, and ending at B with m,. By taking 
n=2, 3, 4, ..., we have a succession.of functions, U;, U,, U;, U5, ... 

Now consider the function U,—U,, for T,. It satisfies the general 
conditions. It is zero along £,; it is zero at A, and at B; along L, it is 


* All the functions are to be determined subject to the general conditions for the respective 
areas; the specific mention of the general conditions will be omitted. 
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uniform, finite, and continuous, so that it takes a continuous series of values 
from 0 at A to 0 at B. Along Z,, there may be negative values and positive 
values; let — C@ denote the minimum, and +D the maximum, among these. 
(Here C may be 0, if D is not zero: or D may be 0, if C is not zero: the case 
when D=0, C=0 together has already been discussed, § 220, II.) Then 
along L,, the value of U;—U, is (§ 220, V.) 


where 0< Ri, <q< QQ, <1; here R, is zero if Cis zero, and otherwise Rh, >0: 
it is always less than Q,, and Q, is less than 1. Let —C, denote the smallest 
value of U,—U, along L,, and + D, its greatest value; D, cannot be less than 
zero, nor C, greater than zero, the terminal values* at A and B. Then 


—C,=-C+Rh,(D+C), D=-C+QO(D+0); 


where, in general, C, and D, are both greater than 0: while if C be zero, then 
R, is zero. Also, let 
P= Q ae R, , 


so that 0<p,<1: we have 
D,+C,=p,(D +0). 
Similarly as regards the function U,— U,, for T,. It satisfies the general 


conditions. It is zero along L;; it is zero at A, and at B; along JZ,, it takes 
the values of U,—U,, (for U, takes the values of U;, and U, the values of U,), 
so that along Z, it is uniform, finite, and changes continuously from 0 at A, 
through a minimum —C, and a maximum D,, to 0 at B. Then along Ly, a 


line in the area of T,, the value of U,— U, is (§ 220, V.) 
—C,+ q (D, =F C,), 


where 0< R,<q<Q.< 1; here R, is zero if C, is zero, and otherwise R, >0; 
it is always less than Q,, and Q, is less than 1. Let — CO, denote the smallest 
value of U,— U, along L,, and + D, its greatest value along the line. Then 


—O,=—-G,+ R,(D, +0), D.=— C, + Q, (D, + (1); 


where, in general, C, and D, are both greater than 0: while if C, be zero, 
then R, is zero. Also, let 
a= Qe — R,, 


so that 0<p,<1: we have 
D, + Cy = po(D, + O). 


* It is at this step in each of the stages that advantage accrues from (i) having modified 
initially the assigned values, so that no discontinuity occurs at A or at B, and (ii) having secured 
continuity in value through the points 4 and B, both along L, and L,, for the successive 
functions. By these conditions, we secure that A and B do not need to be excluded by small 
ares, as in the earlier part of § 219 (the points A and B would otherwise remain excluded through- 
out, and would not be part of the boundary at the end); and we secure that Q, is certainly less 
than unity at each step. 
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And so on, alternately, for the functions connected with the two regions. 
The functions Um, U4, (for successive values of n) satisfy the general 
conditions. In 7;, the function Um4,;— Un, is greater than — C,,_,, and less 
than D,,—», while along Z, it ranges continuously between — Oy, and Doy_; 
(with 0 at A and 0 at B), where 


es Conn = Ce oF Wifes Ce ar C; =) 
De =— Ug» + Oe (dire; a Cue) ; 


where Qm—1, Ry» are the major and the minor factorial fractions for the 
distribution ranging between — O,_, and Ds. (with 0 at A and 0 at B) 
along L,. In 7, the function Uyns3— Uy, is greater than —(C,,,, and less 
than D,»4,, while along L, it ranges continuously between —C,, and D,,, 
(with 0 at A and 0 at B), where 


7 Ci = = Visa ar dies 1 CDs; ae Bien ) 
= cs OP + Oa 1 (Don ar Os) 2) 


where Q.,, Rs», are the major and the minor factorial fractions for the 
distribution ranging between —O,,_, and D,,_, (with 0 at A and 0 at B) 
along L,. 


Now let pm = Qn — Ran, 
for all values of m, odd and even: we have 
0< pa = 1. 
Then DA Cy pan (Dita Casa) 


Dy, ate Cy = Pon (Dag te (Ge) ) 
hence, taking account of the value of D, + C,, we have 
Din + Cn = PiP2-++ Pm (D Te C). 


Since each of the quantities p is a positive quantity, known to be less than 1, 


we have 
Lim (pp. ..- Pm) = 9, 


m= 


and therefore Lim (Dm + Cm) = 9. 
MmM=nD 

In 7, the range of value of the function U4; — Um is equal to Dy, »+ Cues 
along L,, and is equal to Dy1+ Cm—+ along L,; and in 7,, the range of 
value of the function Usn42— Um is equal to Dm1+ Con along £,, and 1s 
equal to Dy, + Cr along L,. Hence, as the number of operative constructions 
is made to increase indefinitely, there are limits to which the functions with 
an odd suffix and functions with an even suffix approach along L, and Ly. 
Let U’ denote the limit of functions with an odd suffix along Z,, and U” that 


of functions with an even suffix along L,. 
BE, 30 
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Both of these limits are finite. To prove this, let M denote the maximum 
and m the minimum of the assigned values; so that the range in value of U, 
is not greater than M—m. We have, along L,, 

U’=U,4+(U,— U,)+ (U;— Us) +... ad inf, 

W2M + D, Des. 
<M+(D,+C,)+(D3+ C3)4+... 
<M+(D+C) (pi + pipops + pip2PsPsps + +++). 


Among the quantities p,, ps, ps, ---, all of which are less than 1, let o be the 


greatest ; then 
Pi + Pipops + --- <otot+or4t.. 


Z o 


9) 


1l-o@ 
so that Ure Me = (Dt C). 


Thus the upper limit of U’ is finite. Also, denoting by U’ the range in 


value of U’, we have 
UUs + (Up Oe (0 ee 
<M-—m+(D, ie Sonat 


which is finite. Hence the upper limit and the lower limit for U’ are both 
finite; and therefore U’ is finite. 


Similarly, we have, along Lz, 


U” = U,+(U,— U,)+(U,— U,) +... ad inf., 


< 

<M+(D,4+C,)+(D,+C) +... 
<M+ ae +C) (pips + pip2psps+ -++) 
<M+5 = 3 (P+); 


and, as before U”eM—m+ es (D+C), 
—oao"* 


Both of these are finite; hence U” is finite. 


Now in determining U’ for 7, and regarding it as the limit of Uonsi, We 
have its values along Z, as the values of Uy, that is, of U” in the limit; and 
in determining U” for T’, and regarding it as the limit of Usn4., we have its 
values along L, as the values of Uy,,,, that is, of U’ in the limit. Hence over 
the whole boundary of 7’, the region common to 7, and 7',, we have U’ = U”; 
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and therefore (by § 220, VI.) we have U’=U” over the whole area of the 
common region 7’. 

Lastly, let a function U be determined for the region 7, having the 
assigned values along Z, and the values of U’ along Z,. Then the function 
U—U’ satisfies the general conditions; it has zero values round the whole 
boundary of 7,, and therefore (by § 220, VL.) it is zero over the whole region 
T,. Hence U’ is the function for 7. 


Similarly, determining a function U for 7,, which has the assigned values 
along L, and the values of U” along L,, we have U= U” everywhere in 7’, so 
that U” is the function for 7). 


The functions U’ and U” satisfy the general conditions for 7, and 7, 
respectively ; and these two regions have a common portion 7’ over which 
U’ and U” have been proved to be the same. Hence, by Lemma I. of § 216, 
they determine one and the same function for the whole region made up of 
T, and T,. This function U satisfies the general conditions and, along the 
boundary of the whole region, assumes values that are assigned arbitrarily, 
subject only to the general limitations of being everywhere finite and, 
except for finite discontinuities at isolated points, uniform and continuous. 
The proposition is therefore established. 


This method of combination, dependent upon the alternating process 
whereby a function determined separately for two given regions having a 
common part is determined for the combination of the regions, is capable of 
repeated application. Hence it follows that a function eavsts, subject to the 
general conditions within a given region and acquiring assigned finite values 
along the boundary of the region, when the region can be obtained by 
combinations of areas that can be conformally represented upon the area 
of a circle. 

Note. Let A, B, C be three non-intersecting simple closed curves, such 
that C lies within B and B within A. The area bounded by the curves A and 
C can, by a similar method, be combined with the whole area enclosed by B; 
and we can make the same inference as above, as to the existence of a potential 
function for the whole area enclosed by A, when it exists for the areas that 


are combined. 


223. At the beginning of the discussion it was assumed that the areas, 
in which the existence of the function is to be proved, le in a single sheet 


(§ 216) or, in other words, that no branch-point occurs within the area. 
It is now necessary to take the alternative possibility into consideration : 
a simple example will shew that the theorem just proved is valid for an area 
containing a branch-point, except in one unessential particular. 
each sheet will be taken circular in form, and the centre _¢ of the circles will 
30—2 
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be the winding-point, of order m—1. Such a surface is simply connected 
(§ 178); and its boundary consists of the m successive circumferences which, 
owing to the connection, form a single simple closed curve. Using the 
substitution 
z—c=RhZ", 

we have a new Z-surface which consists of a circle, centre the Z-origin and 
radius unity: it lies in one sheet in the Z-region and has no branch-points ; 
its circumference is described once for a single description of the complete 
boundary of the winding-surface. The correspondence between the two 
regions is point-to-point: and therefore the assigned values along the bound- 
ary of the winding-surface lead to assigned values along the 4-circumference. 
Any function w of z changes into a function W of Z: hence w changes 
into a real function U satisfying the general conditions in the Z-region , 
and conversely. 


But a function U, satisfying the general conditions over the area of a 
plane circle and acquiring assigned finite values along the circumference, is 
uniquely determinate ; hence the function w is uniquely determined on the 
circular winding-surface by satisfying the general conditions over the area 
and by assuming assigned values along its boundary. 

It is thus obvious that the multiplicity of sheets, connected through 
branch-lines terminated at branch-points and (where necessary) at the single 
boundary of the surface consisting of the sheets, does not affect the validity 
of the result obtained earlier for the simpler one-sheeted area; and therefore 
the function u, acquiring assigned values along the boundary of the simply 
connected surface, and satisfying the general conditions throughout the area 
of the surface which may consist of more than a single sheet, is uniquely deter- 
minate. 

There is, as already remarked, one unessential particular in which 
deviation from the theorem occurs when the region contains a branch-point. 
At a branch-point a function may be finite*, but all its derivatives are not 
necessarily finite; and therefore at such a point a possible exception to the 
general conditions arises as to the finiteness of value of the derivatives 
and the consequent satisfying of the equation V’~=0: no exception, of 
course, arises as regards the uniformity of the derivatives on the Riemann’s 
surface. ‘The exception does not necessarily occur; but, when it does occur, 
it is only at isolated points, and its nature does not interfere with the validity 
of the proposition, We shall therefore assume that, in speaking of the 
general conditions through the area, the exception (if necessary) from the 
general conditions, of finiteness of value of the derivatives at a branch-point, 
is tacitly implied. 


* Infinities of the function itself at a branch-point will fall under the general head of infinities 
of the function, discussed afterwards (in § 229). 
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Hence we infer, by taking combinations of circles in a manner some- 
what similar to the process adopted for successive circles of convergence 
in the continuation of a function in § 34, that a function u exists, subject to the 
general conditions within any simply connected surface and acquiring assigned 
finite values along the boundary of the surface. 


224. The functions, which have been discussed so far in the present 
connection, are functions having no infinities and, except possibly at points 
on the boundaries of the regions considered, no discontinuities: they are 
uniform functions. And the regions have, hitherto, been supposed simply 
connected parts of a Riemann’s surface, or simply connected surfaces. When 
the surface is multiply connected, we resolve it by a canonical system 
(§ 181) of cross-cuts as follows. 


We also proceed to introduce the cross-cut constants, and so to consider 
the existence of functions which have the multiform character of the integrals 
of uniform functions of position on the Riemann’s surface. The functions 
will still be considered to be uniform, finite and continuous except at the 
cross-cuts : their derivatives will be supposed uniform, finite and continuous 
everywhere in the region, and subject to the equation Vu=0: and boundary 
values will be assigned of the same character as in the previous cases. As 
moduli of periodicity are to be introduced, the unresolved surface is no longer 
one of simple connection: we shall begin with a doubly connected surface. 


Let such a surface 7 be resolved, in two different ways, into a simply 
connected surface: say into 7, by a cross-cut Q,, and into 7’, by a cross- 
cut Q,. Mark on 7, and on 7’, the directions of Q, and of Q, respectively: the 


Fig. 81, 


notations of the boundaries are indicated in the figures, and 7” is the 
region between the lines of Q, and Q,. 

It will be shewn that a function w exists, determined uniquely by the 
following conditions: 


(i) The first and the second derivatives are throughout 7’ to be 


uniform, finite and continuous, and to satisfy Vou =0: bat no conditions 
for them are assigned at points on the boundary : 


(ii) The (single) modulus of periodicity is to be A, which will be 
taken as an arbitrary, real, positive constant: the value of any branch of wu at 
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a point on the positive edge is therefore to be greater by K than its value at 
the opposite point on the negative edge: 


(iii) Some selected branch of w is to assume assigned values along 
a’ and J’, typically represented by H, and assigned values along a and b, 
typically Sync smiee by G. These boundary values are to be finite every- 
where, though they may be discontinuous at a finite number of isolated points 
on the boundary; such discontinuity will arise through the modulus. 


In 7, for zero values along a, b, a’, b’ and for unit values along Q,~ 
and Q,+, let the fractional factor for the line Q, be q: and similarly in 7%, 
for zero values along a, 6, a’, b’ and for unit values along Q,~ and Hae 
let the fractional factor for the line Q, be q, where q and q, are positive 
proper fractions. 7 


For the simply connected region* 7, determine a function 1, satisfying 
the general conditions and having as its boundary values, H along @ and UV’, 
G along a and 6, arbitrarily assumed values represented by @ (the maximum 
value being M, and the minimum value being my) along (),- and values 
6+K along G : the function so obtained is unique. Let the values 
along the line Q, in 7; be denoted by w’. 


For the region 7, determine a function w, coon a the general 
conditions and having as its boundary a “H along a’ and W', G—K 
along a and 6b, u,)—K along Q, and wu,’ along Q,+: the fabian so ob- 
tained is unique. Let its values along the line Q, in 7’, be denoted by 
us, the maximum value being M, and the minimum value being my. 

For the region 7’, determine a function u;, satisfying the general conditions 
and having as its boundary values, H along a’ and 0’, @ along a and J, w, 
along Q,~ and wu,’ +K along Q,*+: the function so obtained is unique. Let its 
values along the line Q, in 7’, be denoted by w,’.. Then the function Us = 
ge. the general conditions in 7',; it is zero along a’ and b’, a and b: it is 
Us — @ along oO and also along Q,*, and uw, — 0< re —m and >m,—M,. 


A difference of limits for wu,’ — wu, arises according to the relative values of 


M, and m, of m, and M,; evidently M,—m,>m,— M,. 


G@) If m,—M, be positive, then M,—m, is positive and equal, say, to 
X; the boundary values for w;— wu, may range from 0 to 2», and we have 
Ug — ty >O0< Gr along Q.. 
(ii) If m,—M, be negative and equal to —e, then M,—m, is either 
positive or negative, 
(a) If M,—m, be negative, then the boundary values for ws; — w% 
may range from 0 to —e, that is, boundary values for w,—u; may range from 


In the special case, when 7', is bounded by concentric circles and the cross-cut is made along 


a diameter, the region can be represented conformally on the area of a circle: see a paper by the 
author, Quart. Journ. Math., vol. Xxvi, (1892), pp. 145—148. 
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0 to e, and we have wm’ — u; >0 < me along Q., which may be expressed in the 
form 

|Us’ — wy'|< qe, 
where ¢ is the greatest modulus of values along the boundary. 


(b) If M,—m, be positive, let its value be denoted by 7: then the 
boundary values for u;— wu, may range from » to —e. The boundary values 
for u;— u, +e may range from 0 to 7 +.¢, and it is a function satisfying all the 
internal conditions : hence u;— 1, + ¢ < G(n + €), and therefore 


Uz — h< Nn — (1 — GM) € < HM. 
Again, the boundary values of w,— 1; +7 may range from 7 +¢ to 0, and it is 
a function satisfying all the internal conditions: hence w—wust+7< u(y +e), 
and therefore 

Uy — Us< He —(1 —H) nS He. 
Hence at points where ws >, so that w;— uw, is positive, we have w,—%m <n; 
and at points where uw; < m, so that w,—u; is positive, we have w,— uz, < He. 

Every case can be included in the following result*: If ~ be the greatest 

modulus of the values of u,— 0 along the two edges of Q, in 7,, then 


| us’ = uy | < Hp, 


along Q, so that qu is certainly the greatest modulus of u,’ — u,' along Qs. 


225. Hor the region 7, determine a function u,, satisfying the general 
conditions and having as its boundary values, H along aw’ and b’, G—K along 
a and b, u—K along Q,- and wu,’ along Q.+: the function so obtained is 
unique. Let its values along the line Q, be denoted by w,’. Then the 
function u,—u, satisfies the general conditions in 7: it is zero along a’ and 
b’, a and b: it is uw,’ — uw,’ along Q,~ and also along Q,*, and along Q, we have 

/ Yu 
| ty) — Uy < he. 
Hence, after the preceding explanations, we have along Q, in 7, 
if / 2 
[ul = Us |X Gene 
Proceeding in this way for the regions alternately, we have for 7, a function 
S Mf 8 
Urns, the boundary values of which are, 7 along a’ and b, G along a and 0, 
W'», along Q,~ and w’,,+K along Q,*: and along Q, 
/ / ny n— , 
Ju on-+-1 — U on=1\ < qQ"qe "+ 5 
and for 7, a function t,p42, the boundary values of which are, H along a’ and 
b’, G—K along a and B, wn4,—K along Q. and wm, along Qt: and 


along Q 


Qe oasis — U'on| < Ga qe 


* Another method of proceeding, different from the method in the text, depends upon the 
introduction of the minor fractional factor (§ 222) for the cross-cut, having the same relation 
to minimum values as g, to maximum values; but it is more cumbersome, as it requires the 
continuous consideration of the separate cases indicated, and the method is adequately indicated 


by the process of § 222, 
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Thus both the function tn along Q and the function tM, along Q 
approach limiting values; let t them be wu v and _w w’ respectively. 


These limiting values are finite. For 
Una = Uy + (us — %) + (Us — Ug) Paes (ton4a = Usn—1) 3 


in the limit, when n is infinitely large, the sum of the moduli of the terms of 
the series at points along Q, 
<UL + K)+ He + aque + H'qe'e + + 
<M,+ K+—*" aes 
1— Udo’ 
so that the series converges and the limit of t%n4., viz. w’, is finite. Similarly 
for w”. 
Now consider the functions in the portions 7-7” and 7” of the 
region 7’ 
For T—T’ we have ty, (that is, uw” in the limit), with values H 
along a’ and 0’, w’ along Q.+: and also ti, (that is, uw’ in the limit), 
with values H along a’ and 0b’ and w” along @Q,~: thus wu’ and w’” have 


the same values over the whole boundary of Z7’— 7” and, therefore, through- 
out that portion we have wu’ = w’. 


For 7” we have w2,, (that is, wv’ in the limit), with values G— along 
a and b, and w’—K along Q.~: and also wy,4,, (that is, w’ in the limit), with 
values G@ along a and b and w’ + K along Q,*. Thus over the whole boundary 
of 7” we have w’—w=K: and therefore within the portion 7’ we have 


Lastly, for oe whole region 7’ we take w=u. In the portion 7’— 7” we 
have u=u’=w", and in the portion 7” we have w= wu =w’+ K; that is, the 
Junction is such that in the region T, the value changes from wu" at Q, tou’ +K 
at Q,*, or the modulus of periodicity is K. 

Hence the function is uniquely determined for a doubly connected surface 
by the general conditions, by the assigned boundary values, and by the 
arbitrarily assumed real modulus of periodicity. 


226. We now consider the determination of the function, when the 
surface S is triply connected and has a single boundary. 


Let S be resolved, in two different ways, into a doubly connected surface. 
Let Q, be a cross-cut, which changes the surface into one of double 
connectivity and gives two pieces of boundary: and let @, be another 
cross-cut, not meeting the direction of @, anywhere but continuously 
deformable into Q,, so that it also changes the surface into one of double 
connectivity with two pieces of boundary. Then, in each of these doubly 


226.] MULTIPLY CONNECTED SURFACES 473 


connected surfaces, any number of functions can be uniquely determined 
which satisfy the general conditions, each of which assumes assigned 
boundary values, that is, along the boundary of S and the new boundary, 
and possesses an arbitrarily assigned modulus of periodicity. 


The combination of these functions, by an alternate process similar to 
that for the preceding case, leads to a unique function which has an 
assigned modulus of periodicity for the cross-cut Q,. The conditions 
which determine it are: (1), the general conditions: (ii), the values along 
the boundary of the given surface, (iu) the value of the modulus of 
periodicity for the cross-cut, which resolves the surface into one of double 
connectivity, and the modulus of periodicity for the cross-cut, which 
resolves the latter into a simply connected surface, that is, by assigned 
moduli of periodicity for the two cross-cuts necessary to resolve the 
original surface S into one that is simply connected. 


Proceeding in this synthetic fashion, we ultimately obtain the result 
that a real function u exists for a surface of connectivity 2p +1 with a single 
boundary, uniquely determined by the following conditions : 


/ (i) its derivatives within the surface are everywhere uniform, finite 
and continuous, and they satisfy the equation V’u = 0; 


(i) it assumes, along the boundary of the surface, assigned values 
which are always finite but may be discontinuous at a limited 
number of isolated points on the boundary ; 


(iii) the function within the surface is everywhere finite and, except at 
the positions of cross-cuts, is everywhere uniform and continuous : 
the discontinuities in value in passing from one edge to another 
of the cross-cuts are arbitrarily assigned real quantities. 


227. The question next arises as to the existence of a function w upon a 
Riemann’s surface of connectivity 2p +1 that has no boundary, the function 
satisfying (1) and (iii) of the foregoing conditions. The existence can be 
established as follows*. 

On some sheet of the surface, take two concentric circles of radu rv and 7’ 
(where r > 1’), choosing them so that the outer circle (and therefore also the 
inner circle) encloses no singularity and meets no cross-cut; clearly the 
magnitude of 7” will be at our disposal, and it will be supposed finite (not 
zero). Let the circumferences of the circles be denoted by C and C’; denote 
the part of the Riemann’s surface outside C C’ by S’, and the circular area 
within C on the Riemann’s surface “by y 8. Thus S’ and S are Riemann’s 
surfaces, each with a single boundary; and they have a common annulus. 


Assume any set of finite and continuous values along C’. Determine for 
the bounded Riemann’s surface S’ a function w,’, which acquires these values 


* Schwarz, Ges. Werke, t. ii, p, 306; Picard, Cours d’Analyse, t. 11, p. 470. 
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along C’, satisfies the general conditions everywhere in S’, and at the various 
cross-cuts possesses arbitrarily assigned real moduli of periodicity. This 
function wu,’ is unique; and it acquires finite and continuous values along C, 
which lies within the region of its existence. 

Determine for the bounded Riemann’s surface S a function w,, which 
acquires along C the values that are acquired along that circle by w,’, and 
which satisfies the general conditions everywhere in S, (As no cross-cut 
occurs within S, moduli of periodicity may be regarded as all of them zero.) 
This function uw, is unique: and it acquires finite and continuous values along 
C’, which lies within the region of its existence. 


Determine for S’ a function w,’, which acquires along C”’ the values 
acquired by w, satisfies the general conditions everywhere in S’, and at the 
various cross-cuts possesses the same arbitrarily assigned moduli of periodicity 
as uw. This function uw,” is unique; and it acquires finite and continuous 
values along (, which les within the region of its existence. 


Determine for S a function u,, which acquires along C the values that are 
acquired along that circle by wu,’, and which satisfies the general conditions 
everywhere in S; as there are no cross-cuts within S, there are no moduli of 
periodicity. This function uw, is unique: and it acquires finite and continuous 
values along C’, which les within the region of its existence. 


And so on, in alternate succession for the spaces S’ and S. We thus 
obtain a sequence of functions 1’, Uy, ..., Un’, .... Which satisfy the general 
conditions within S’ and possess the arbitrarily assigned moduli of periodicity 
at the various cross-cuts: and a sequence of functions 4, Us, ..., Un, ..., Which 
satisfy the general conditions within S, an area that contains no cross-cuts. 
Moreover, we have 

Un =U, along C’ 

Un =Uy along C L, 
as values along the boundaries of S’ and S respectively, assigned to the 
functions in the respective sequences. 

Now (by Ex. 1, Lemma II. § 216) we have 


Qa 


I Um (r, p) db = [ Um (1, b) dd. 


) 
But Un (7, 6) =m (7, ), on account of boundary values: thus 


le Um (7, p) dp = in Wms (x, p) dp 
0 J0 


— i" Thee d (7, p) dg, 


by Ex. 2, Lemma II. § 216. Also wii (7, 6)=Umiu(r, 6), on account of 
boundary values: and therefore 


a 


ie Um CF p) dp = ifs Um+i (rs ) dp. 
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The functions u,, wz, ... exist over the whole of the interior of the circle of 
radius 7; hence (by I. § 220) we have 


tin (0) = tsa (0), 
or all the functions w,, uw, ... have the same value at the centre of this circle. 


We proceed to shew that these functions wu and w converge to the same 
limit in the infinite sequence. Let 


/ / bes 
Um = Um+i — Um) Um =U m+i— Um 35 


so that Uae (7, p) = Ca Gs )) 
Cis (is $) = Ue Ce )) 


along the circles C and C’ respectively. At the common centre, we have 
Uy, (0) = Up (0) — Um (0) = 0; 


and therefore, if 7, be the maximum value of |U,, (v, $)| along the circle C, 
we have (by Ex. 1, § 218) 


/ 


; 4. 
U(r’, 6) |< Min — sin 


along the circle C’. Now in the initial assumption of the circles C and C’, 
we have merely made 7’< 1, provided 7’ does not become an indefinitely small 
quantity. Suppose now that the inner circle is chosen so that 


/ 
. 


ek 
—sin?— < a, 
7 r 


where o is a finite positive quantity less than unity. Then 


Une, pli oily: 
Consequently, we have 
| OC mt. es )| = | Om Ce )| 
<oMn. 

Now the function U’,,,,, which exists in the Riemann surface S’ outside 0’, 
is such that it satisfies the general conditions within S’; moreover, it has no 
moduli of periodicity, for the functions wm4. and w'n4, have the same 
arbitrarily assigned moduli of periodicity ; hence (§ 220) the maximum values 
of U' 4, and the minimum values of U’;,4; lie on its boundary which is the 
circle O’, and therefore | U’,,4,| within S’ is less than the maximum value of 


| U'm4| along C’. Accordingly 
| UG a, p)| *< | Ue (r’, p)| 


oa. 
that is, Oona (0, b)| < on 
<a Un (ty >)|. 
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Hence, if the maximum value of |w,—,| along the circle C be NV, we have 
|U, (r, 6)|<N; and therefore 
Upants @)| eta NS 
[Un (Cape aye 
[Um (7°, b)| << o™ 4 N, 
| One Gi) oer 
Moreover, we have 
Un = Uy + (Ug — Uy) + (Ug — Ue) +... + (Un — Una) 
=, bP Uy Ue ge a 
and therefore |un| < |r| +] O,| +... + | Onl; 
1—o™” 
co 


so that |Un| < |e| + V along C, 


l—o™) , 
<|u|+ NV = along C’; 


and similarly for w,’.. Hence, in the infinite sequence, the functions w and w’ 
converge to a finite limit; and since 

Un = Un, along C, “wt, =U, along <C;, 
this finite limit is the same along both circles C and C’. 

Because wu—u’ =0 along C and along C’, it follows (§ 220) that w—w'=0 
throughout the annulus. But w’ exists in S’ without C’, and w exists over 
the whole of S within C’; hence (Lemma I. § 216) wu and w’ define a single 
function for S and S’ combined, that is, for the Riemann’s surface without 
any boundary. 

It thus is proved that a function exists satisfying all the assigned 
conditions; but as the values initially assumed along C’ for the function w,/ 
were arbitrary to some extent, it is possible that the function which satisfies 
all the assigned conditions may be far from unique. To determine this 
question, let w and v denote two functions on the Riemann’s surface, which 
everywhere satisfy the general conditions and which possess the arbitrarily 
assigned moduli of periodicity at the cross-cuts. Consider the function u—». 
Its moduli of periodicity are zero: that is, owing to the other characteristics 
of w and v, the function «—v is uniform, finite, and continuous over the 
whole of the unbounded Riemann’s surface, and it therefore (§§ 220, 231) 
is a constant. We thus infer the theorem: 


Real functions exist on a Riemann’s surface, finite everywhere on the surface, 
and (except as to an additive constant) uniquely determined by their moduli of 


periodicity at the cross-cuts, which moduli are arbitrarily assigned real 
constants, 


It will be proved that the moduli cannot all be zero (§ 231)—a result so 


far anticipated in the discussion of the uniqueness save as to the additive 
constant. 
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228. The following important proposition may now be deduced :— 


Of the real functions, which satisfy the general conditions and are finite 
everywhere on the Riemann’s surface, and are determined by arbitrarily 
assigned moduli of periodicity, there are 2p and no more that ake linearly 
independent of one another; and every other such function can be\ expressed, 
except as to an additive constant, as a linear combination of multiples of these 
functions with constant coefficients. 


Taking into account only real functions, which satisfy the general 
conditions and are everywhere finite, we can obtain an infinite number of 
functions by assigning arbitrary moduli of periodicity. 

When one function uw, has been obtained, with 1,1, @1,2, ---, @1,s as its 
arbitrarily assigned moduli, another function uw, can be obtained with 


W1, DWo,9, +++) We,op 


as its arbitrarily assigned moduli of periodicity, which are not the moduli of 

k,u,, where k, is a constant. <A third function uw, can then be obtained, with 

3,1, @3,9, +++) @g,oy a8 1ts arbitrarily assigned moduli of periodicity, which are 

not the moduli of kyu,+ kw, where k, and k, are constants; and so on, 

provided that the number of functions obtained, say gq, is less than 2p. 

When ¢< 2p, another function can be obtained whose moduli of periodicity 
q 

are different from those of }k,u,. But when q=2p, so that 2p definite 
r=1 

functions, linearly independent of one another, have been obtained, it is 

possible to determine constants 4, ky, ..., hy», so that 


2p 
2 k,@,, m= Qm; 
r=1 


(for m=1, 2, ..., 2p), where OQ), Oy, ..., Oop are arbitrary constants. 


Let U be the potential function, which satisfies the general conditions 
and is finite everywhere on the surface and is determined by the arbitrarily 
assigned constants Q,, Q,, ..., Q.); then the function 


2p 


U— > kw, 
T=1 


has all its moduli of periodicity zero, it is everywhere finite and, because its 
moduli are zero, it is uniform and continuous everywhere on the surface. It 
is therefore, by § 220, a constant; and therefore 


2p 
U= 3 ky, + A} 
r=1 


proving the proposition. 

229. The only remaining condition of § 214 to be considered is the 
possible possession, by the function w, of infinities_of assigned forms, at 
assigned positions on the surface. 
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Let the infinity at a point on the surface, where z is equal to c,, be 
represented by the real part of $(z, c,), where 
Ay, m ae m—1 eee aes Ay —_ 
d (2, Cr) = Geis ym t Goo we es 2 + B, log (z —¢,), 
and let this real part be denoted* by N¢(z, ¢,); then u—N¢ (z, ¢,) has no 
infinity at z=c,. Proceeding in the same manner with the other assigned 
infinities at all the assigned points, we have a function 


U= i 2 Ng (2, e9), 
r=1 


which has no infinities on the surface. Its derivatives everywhere (save at 
branch-points) are finite, uniform and continuous, and satisfy the equation 
Vu=0. If T be a typical representation of the assigned boundary values 
of wu and ® be the corresponding typical representation of the assigned 
boundary values of & Nd (z, c¢,), then T—©® is a typical representation of 


r=1 


the boundary values of U. 
The moduli of periodicity of U may arise through two sources: (1) 


arbitrarily assigned real moduli of periodicity at the 2p cross-cuts of the 
canonical system (§ 181), that are necessary to resolve the original surface into 
one that is simply connected: (11) the various moduli v(277B,), arising from 
the infinities c, in the surface, the occurrence of which infinities renders these 
additional moduli necessary for the various additional cross-cuts that must be 
made in resolving the surface. Then U has all these moduli as its moduli of 
periodicity: it is finite everywhere on the surface and, except for its moduli of 
periodicity, it is uniform and continuous on the surface; hence it is a function 
uniquely determinate, which is a constant if all the moduli be zero. 


It therefore follows that the determination of uw is unique, that is, that a 
real function u on the Riemann’s surface is determined by the general conditions 
at all points on the surface except infinities, by the assignment of specified forms 
of infinities at isolated points, and by the possession of arbitrarily assigned 
moduli of periodicity at the cross-cuts which must be made to resolve the 
surface into one that is simply connected. And, when all the moduli are zero, 
the real function w is uniform. 


Now w, =u+w, is determined by w save as to an arbitrary additive 
constant. Hence, summarising the preceding results, we infer the existence 
of the following classes of functions on the surface : 


(A) Functions which are finite everywhere on the surface and, except 
at the lines of the cross-cuts which suffice to resolve the surface 


* The form of ¢ (z, ¢,) implies that the series giving the infinite terms has negative integral 
exponents; the case, in which the exponents are proper fractions so that the point is a branch- 
point, is covered by the transformation of § 223 when the modified form of ¢ explicitly satisfies 
the tacit implication as to form. 
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into one that is simply connected, uniform and continuous ; 
the functions have, at these cross-cuts, moduli of periodicity, 
the real parts of which are arbitrarily assigned constants: 


(B) Functions which have a limited number of assigned singularities 
(either algebraical, or logarithmic, or both) at assigned isolated 
points, and which otherwise have the characteristics of, the 
functions defined in (A). 


The existence of the various kinds of functions, considered in the preceding 
chapter in connection with a special form of Riemann’s surface, will now be 
established for any given surface. 


Ex. Shew that a function of the complex argument z is determined, save for a 
constant, within a rectangle drawn upon a plane representing the values of z, by the 


conditions (i) of being infinite like —., (11) of haying values at opposite points of a pair 
—= Oi 
of opposite sides whose difference is a real quantity constant for that pair of sides. 


: : : é ; 1 : 
If H(z), K (z) be two such functions, the former being infinite like ne and having 


6,, 9, for its real differences at the two pairs of sides, the latter being infinite ike —— B 
fies 


and having ¢,, ¢, for its real differences, prove that 


H (@)- K(@) +O , 


is a function whose values at opposite boundary points are the same, 
(Math. Trip., Part II., 1894.) 


CHAP TERE by Lie 
APPLICATIONS OF THE EXISTENCE-THEOREM. 


230. WE proceed to make some applications of the existence-theorem 
as established in the preceding chapter in connection with any Riemann’s 
surface, that is supposed given geometrically in an arbitrary way; and we 
shall first consider it in relation with the functions usually known as Abelian 
transcendents. 


The existence of various classes of functions of position has been established. 
Let functions which, satisfying the general conditions, are finite everywhere 
on the Riemann’s surface and have assigned moduli of periodicity at the 2p 
cross-cuts, be called functions of the first kind, in analogy with the nomen- 
clature of §§ 205-211; let functions which, satisfying the general conditions, 
have assigned algebraic infinities on the Riemann’s surface and have 
assigned moduli of periodicity at the 2p cross-cuts, be called functions of 
the second kind ; and let functions which, satisfying the general conditions, 
have assigned logarithmic and algebraic infinities* and have assigned moduli 


of periodicity at the 2p cross-cuts as well as the proper moduli in connection 
with the logarithmic infinities, be called functions of the third kind. These 
classes of functions evidently contain the integrals of the respective kinds 
which arise through algebraic functions. The various classes of functions 
U, thus proved to exist on a Riemann’s surface and characterised by the 
property that, at the same position on opposite edges of a cross-cut, the 
values differ by a quantity which is constant along the cross-cut, are such 
that dU/dz is a uniform function of position on the surface. Thus, by § 193, 
we have ae 


o, = Rw, 2), 


dz 


where # is a rational function of its arguments; and therefore 


v= (Rw, z) dz, 


* The logarithmic infinities must be at least two in number, by § 210. 
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a result that indicates the importance of integrals of rational functions 
associated with a Riemann’s surface. 


First, let_P and Q be two functions of # and y, the derivatives of which 
are finite, uniform and continuous at all points (except possibly branch-points) 
on the given Riemann’s surface and satisfy the equation V?~=0. Let the 
functions themselves be finite and, except at cross-cuts, uniform and 
continuous on the surface: and let their moduli of periodicity be Aj, ..., 
Za heey U8 ect, VAP. Riga pee ae en eA ema OPM (ol the cross-cuts Cys ae, Gp, Ulgee Up 
respectively, the moduli for the cross- She ¢ being zero. (If P nis Q “Siild 
have infinities on the surface, as will be the case in later applications, so that 
in their vicinity portions of the surface are excluded, thereby requiring other 
cross-cuts for the resolution of the surface into one that is simply connected, 
other moduli will be required; but, in the first instance, P and Q have 
merely the 2p assigned moduli.) 


When the surface is resolved by the 2p cross-cuts into one that is simply 
connected, the functions P and Q are uniform, finite and continuous over 
the resolved surface. Proceeding as in § 16 and § 216, we have 


[[(CE ee) aay = [PE ay - [fr 22 aay 
-|- abe -|[P x Y dedy 
=[P2 ds = | PaQ, 


where the double integrals extend over the whole area of the resolved 
surface, and the single integrals extend positively round 
the whole boundary. This boundary is composed of a ye 
single curve, composed of both edges of each of the 
cross-cuts ; and the positive directions of the description — 4, ——~/7 >t, 
are indicated in the figure, at a point of intersection of Cy AS F 
two cross-cuts. f 


As explained in § 196, the negative edge of the cross- 
cut a, is CE and the positive edge is DF’; the negative 
edge of the cross-cut b, is HF and the positive edge is CD. Then we have 


Fig. 82. 


Pp- Pr=Po—Pr=B,, Pr—Pa=Pp—Po=Ar; A 
and similarly for the function Q. 


Consider the integral [PdQ, taken along the two edges of the cross-cut 
a,: let P_and P, denote the functions along the negative and the positive 
F. 31 
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edges respectively, so that P; -P_=A,. The value of the integral for the 
two edges is 


D 
i Pdo kena ecenee ae 
F 
E . 
+{ P_dQ, taken in the direction C...# 
C 
D 
=| (P.,. — P_) dQ, taken in the direction F...D 
F 


=e | dQ DANO j 0 pe 


Similarly, when the value of the integral for the two edges of the cross-cut b, 
is taken, we have 


G 
| P.dQ, taken in the direction D...C 
D 
F 
+ | P_dQ, taken in the direction Z...F 
E 
aC 
s i (Pllp \ao akon i whe drecran eeO 
D 


= B, | dQ=B,(Qo- Qn) =— BeAr. 
D 


And the value of the integral for the combination of the two edges of any 
cross-cut ¢ is zero. 


Hence summing for the whole boundary of the resolved surface, we have 


[Pag= S (A,B, — B,A,’), 
r=1 


and therefore 


oP 0Q oQoP z 
—_— — lO oS ee — 5 .. — . 4 4 
IK ae ay) dady = % (A,B,' — B,Ay') 
subject to the assigned conditions. oa 

This theorem is of considerable importance: and the conditions, subject 
to which it is valid, permit P and Q (or either of them) to be real or complex 


potential functions of # and y or to be a function of z. 

231. As a first application, let P and Q be real potential functions such 
that P+7Q is a function of z, say w, evidently a function of the first kind. 
Let its moduli for the cross-cuts be 

@,+tv, at_d,, for s=1, 2, ..., p; 
and w, +t, at b,, for s=1, 2, ..., p. 

Since P +7 is a function of «+7y, we have, by § 7, 8, 

aP. 00) = E509 
Oc Oy’ dy ea 
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The double integral then becomes 


(EY +E) uae, 


which cannot be negative, because P is real; it is a quantity that is positive 
except only when P (and therefore w) is a constant everywhere. In the 


present case 
as 20 ae , / / 
A,=o,, B,=0;; A, =v,, By =v,, 


Pp 
so that = (w,v,’—,'v,) is always positive. Hence: 
r=l1 


If a function w, everywhere finite on a Riemann’s surface, have ws+ tv, at 
a; (for s=1, 2,..., p) and w,'+ 1; at bs (for s=1, 2, .., p) as its modula, 
the cross-cuts a and b being the 2p cross-cuts necessary to resolve the surface 
into one that is simply connected, the quantity 


p 
X (wv, — @; Uy) 


¢=1 —_——_— 


as always positive, unless w is a constant: and then tt ts zero. 


This proposition has the following corollaries. 


Corottary I. A function of z of the first kind cannot have its moduli of 
perrodicity for ay, ..., Ay all zero. 


For if all these moduli were to vanish, then each of the quantities w, and 
p 
each of the quantities v, would be zero: the sum & (@,v,— o,’v,) would 
r=1 
then vanish, which cannot occur unless w be a constant. 


CoroLuary II. A function of z of the first kind cannot have its modula of 
periodicity for b,, ..., by all zero; tt cannot have its moduli of periodicity all 
purely real, or all purely imaginary, or some zero and all the rest either 
purely real or purely imaginary. 


The different cases can be proved as in the preceding Corollary. 


Note. One important inference can at once be derived, relative to 
functions of the first kind that have only two moduli of periodicity, 
rand QO). 


Neither of the moduli may vanish; for if one, say 0,, were to vanish 
then w/Q, would be a function having one modulus zero and the other unity. 


The ratio of the moduli may not be real. If it were real, then w/Q, would 
be a function having one modulus unity and the other real. Both of these 
inferences are contrary to Corollary II.; and therefore the ratio of the two 
moduli is a complex constant, the real part of which may vanish but not the 
imaginary part. 

31—2 
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The association of this result with the doubly-periodic functions is 
immediate. 

Ex. Shew that, if two functions of the first kind have the same moduli of periodicity, 
their difference is a constant: and that, if W be a value, at any point of the surface, 


of a function of the first kind with moduli ay, oy, ..., @yp, all the functions of the first 
kind, which have those moduli, are included in the form 


2p 
W+ > m,o,+A, 
ray, 
where the coefficients m are integers and A is a constant. 


232. As a second application, let P be a function of z and Q also a 
function of z; evidently, with the restriction of the proposition, P and Q 
must be functions of the first kind, when no part of the surface is excluded 
from the range of variation of z. Then 


OP aP AQ aQ 


dv dy’ ‘da dy’ 
so that at every point on the surface we have 


dP dQ aQoP _ 


Consequently the double integral 


oP 0Q os) ee 
lee Oy dx dy se las 


and therefore, if a function of the first kind have moduli A,,..., Ap, By, ..., By, 


and if any other function of the first kind have moduli Ay’, ..., Ap’, By, ..., By’ 
at the cross-cuts a and b respectively, then 


Pp 
yes ece a sii Fats 
f= ue 

233. Next, let Q be a function of z of the first kind, as in the preceding 
case; but now let P be a function of z of the second kind, so that all its 
infinities are algebraical. The points where the function is infinite must be 
excluded from the surface: a corresponding number of cross-cuts will be 
necessary for the resolution of the surface into one that is simply connected. 
The modulus of periodicity of P for each of these cross-cuts is zero, (as in 
Ex. 8 of § 199, which is an instance of a function of this kind), no additional 
modulus being necessary with an algebraical infinity. 


Then over the resolved surface, thus modified, the functions P(z) and 
Q(z) are everywhere uniform, finite and continuous: and therefore, as 


before 
0P dQ dQaP 
ie dy Ox a dady = [PdQ, 


233.] MODULI 485 


the double integral extending over the whole of the resolved surface and the 
single integral extending round its whole boundary. But, at all points in 
the resolved surface, we have 


OP dQ OOP _ 4 
ex Oy Ox doy * 


and therefore, as before, the double integral vanishes. Hence {PdQ, taken 
round the whole boundary, vanishes. 


The boundary is made up of the double edges of all the cross-cuts a, b, 
and those, say /, which are introduced through the infinities, and of the small 
curves round the infinities. 


As in § 230, the value of the integral for the two edges of a, is A,B,’ ; 
and its value for the two edges of b, is —B,A,’.. The value of the integral 
for the two edges of any cross-cut / is zero, because the subject of integration 
is the same along the edges which are described in opposite directions. 


To find the value round one of the small curves, say that which encloses 
an infinity represented analytically by a value c,; of z, we take, in the imme- 
diate vicinity of cs, 

PQ= A 4ple-a), 
Eo Cs 


where p(z—Cs) is a converging series of positive integral powers of z—ce;. In 
that vicinity, let 
Q=Q; + (2 —¢s) Qs + higher powers of z — ¢g, 
so that Q, is dQ/dz for z=cs; thus 
dQ =(Q,;' + positive powers of z — ¢;) dz. 
Hence along the small curve 


PdQ= HQ + g(e- 0) de 


Cs 
where g(z—c,) is a converging series of positive integral powers of z— cs. 
. i GC / 
The value of the integral round the curve is 27iH,Q,'. 


Summing these various parts of the integral and remembering that the 


whole integral is zero, we have 
Pp . / 
> (A,B, — B,A,’) + 2mZH.Q,’ = 0, 
r=1 


there being as many terms in the last summation as there are simple 
infinities of P. 
The equation ; 
3 (A,By — B,Ay) + 23H, (a) =0 


486 RELATIONS BETWEEN MODULI (233. 


is the relation which subsists between the moduli A’, B’ of a function Q(z) of 
the first kind and the moduli A, B of a function P(z) of the second kind, 
all the infinities of which are simple. 

The simplest illustration is furnished by the integrals that were considered in Ex. 6 


and Ex. 8 of § 199. 


Let P be the function of Ex. 8, usually denoted by H(z), being the elliptic integral 
of the second kind; it is infinite for z= in each sheet. In the upper sheet we have, 
for large values of | z|, 


1 
IPSJI(O\VEIE (1 +positive integral powers of z)3 
and for the same in the lower, we have 
1 
P=EH (z)=—kz (1 +positive integral powers of *). 


Let Q be the function of Ex. 6, usually denoted by /'(z), being the elliptic integral 
of the first kind, finite everywhere. We easily find, for large values of |z| in the upper 
sheet, that 


dQ=dFk (=p (2 +positive integral powers of *) dz, 


and, for large values of |z| in the lower, that 


dQ=dF (2)=—- = (1 +positive integral powers of *) dz. 


2 
a 


Then for large values of |z| in the upper sheet, we have 


a 


ee Cae 1 
Pag=” (1+ positive integral powers of *) 


dd eae, 
ae (1+positive integral powers of 7’), 
where zz’=1; and we may consider the Riemann’s surface spherical. Hence the value 
round the excluding curve in the upper sheet is — 277. 
Similarly the value round the excluding curve in the lower sheet is — 277. 
Now A, and B,, the moduli of P, are 4# and 27 (X'— E’) respectively ; A,’ and B,’, the 
moduli of Q, are 44 and 27K’ respectively. Hence 
4h. WK’ —4K . 2 (K’— BE’) —4ri=0, 
leading to the Legendrian equation 


ER'+ EK —KK'=$hr. 


234. Before proceeding to the relations affecting the moduli of periodicity 
of functions of the third kind, we shall make some inferences from the 
preceding propositions. 

It has been proved that functions of the first kind, special examples of 
which arose as integrals of algebraic functions, exist on a Riemann’s surface. 
They are everywhere finite and, except for additive multiples of the moduli, 
they are uniform and continuous; and when, in addition to these properties, 
the real parts of their moduli of periodicity are arbitrarily assigned, the 
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functions are uniquely determinate. Hence the number of such functions is 
unlimited: they are, however, subject to the following proposition :— 


The number of linearly independent functions of the first kind, that exist on 


a gwen Riemann’s surface, is equal to p; where 2p +1 ts the connectivity of 
the surface. And every function of the first kind on that surface is of the 


Pp 
form C+ & cgwq, where C is a constant, the coefficients c, ..., Cp are constants, 
EREES (3 Ce 
and W,, ..., Wp are p linearly independent functions. 


Let q series of linearly independent real quantities, each series containing 
2p non-vanishing constants, be arbitrarily assigned as the real parts of the 
moduli of periodicity of functions of the first kind, which are thence uniquely 
determined. Let the functions be w,, w., ...,w,; and let the real parts of 
their moduli be (1,1, @1,2, «++, 1, 2p); (2,1, @»,», PCinien emg 1) ON nie Outen) 
The modulus of w, at the cross-cut C, has its real part denoted by @,,m: 
when the modulus is divided into real and imaginary parts, let it be 


Or,m + 1o'y, ms 
If any set of g arbitrary complex constants be denoted by G, ..., ¢g, where 
cs; 18 of the form a,+78,, then, at the cross-cut C,,, the real part of the 


g . q ’ . . . 
modulus of > ¢,w, is the real part of & ¢(@»,m+%'r,m) that is, it is equal to 
ral r=1 


i, Yd 
Oi mt ... + Aq@q,m— Bw (Ops ae OCC aa Bo Q,m> 
holding for m=1, 2, ..., 2p, and therefore giving 2p expressions in all. 


Now let a series of real arbitrary quantities A,, A,,..., As, be assigned as 
the real parts of the moduli of periodicity of a function of the first kind, 
which is uniquely determined by them; and consider the equations 


/ / 
vale = 4)@),1 ar A2Wo1 + eee =e AgW¢q 1— Bw ib Bow 24 eI Pe Bao q,1 


ie ff ia 
A op = %,0y, 9p + On», op + +++ + g@q,2p — B1®s, 2p — B 20's,» — ++» — Bq@'9,op 


First, let g<p: the 2q constants a and 8 can be determined so as to make 
the right-hand sides respectively equal to 2q arbitrarily assigned constants A. 
The right-hand sides of the remaining equations are then determinate con- 
stants; and therefore the remaining equations will not be satisfied when the 
remaining constants A are arbitrarily assigned. 


The function determined by the moduli A has some of its moduli different 
from those of the function Yew, when qg<p; hence, when gq functions 
W;, +++) Wq, Where q <p, have been obtained, we can obtain another function, 
and so on; until g=>p. 

But, when g=p, then the foregoing 2p equations determine the quantities 
a and @, whatever be the quantities A. Let W be the function of the first 
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kind, determined by the constants A as the arbitrarily assigned real parts of 


its moduli of periodicity: then 
P 
W— & cys, 
s=1 
where the coefficients c are constants, has the real parts of all its moduli 


of periodicity zero: it is therefore, by Cor. IT. § 231, a constant, so that 
W=cw, +... + CpWp + C, 

where C is a constant. Therefore the number of linearly independent 
functions of the first kind is p; and every function of the first_kind is of 
the form 

P 

C+ & Cythy. 
s=1 
It has been assumed, in what precedes, that the determinant of the quanti- 

ties w and w’ does not vanish. This possibility is not excluded merely by the 
arbitrary choice of the quantities ; because the quantities w’ are determined 
for w, and w is dependent on v. If, however, the determinant should vanish, 
then, by taking the quantities « and 8 proportional to the minors of w and a’ 
respectively in the determinant, all the quantities 


3 (430m — Bs’ sm) 
can be made to vanish. These quantities are the real parts of the moduli of 
periodicity of $ csWs which, because they all vanish, is a constant, that is, the 
quantities ee not linearly independent of one another—an inference 


contrary to their construction. Hence the deternunant of the quantities w does 
not vanish, 


Note. It may be remarked, in passing, that each function w, being of the 
first kind, gives rise to two real potential functions, which are everywhere 
finite and have moduli of periodicity at the cross-cuts: one of the functions 
being the real part of w, the other arising from its imaginary part. 
Hence from the p linearly independent functions of the first kind, there are 
altogether 2p linearly independent real potential functions. This number is 
the same as the total number of real potential functions considered in § 228 : 
hence each of them can be expressed as a linear function of the members of 
that former system, save possibly as to an additive constant. Conversely, it 
follows that linear combinations of the members of that former system can be 
taken in pairs, so as to furnish p (and not more than p) linearly independent 
functions of z of the first kind. 


235. The functions so far obtained are very general: it is convenient to 
have a set of functions of the first kind in normal forms. The foregoing 
analysis indicates that linear combinations of constant multiples of the 
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functions, being themselves functions of the first kind, are conveniently 
considered from the point of view of their moduli of periodicity: and the 
simpler the aggregate of these moduli is, the simpler will be the functions 
determined by them. Some conditions have been shewn (§ 231) to attach 
to the aggregate of the moduli for any one function of the first kind, and a 
condition (§ 232) for the moduli of different functions; these are the con- 
ditions that limit the choice of linear combinations. 


Let cw,+...+¢,w, be a linear combination of the functions w, ..., Wp 
which have on, ..., Op (r=1, ..., p) as the moduli of periodicity for the 
cross-cuts @,, ...,@). Then A, where A is the determinant 


A => @11, Wie yp teeeee > Dip ) 
(ig OQ Recs ee » Woy 
| DMyi, Dy, sreees » Dyp 


cannot vanish : for otherwise by taking constants ¢, ..., ¢) proportional to the 
P 

first minors, we should obtain a function & cyws, having all its moduli for the 
s=1 

cross-cuts @, ..., @ zero and therefore, by § 231, merely a constant, so that 

W,, -++, Wp» would not be linearly independent. Hence A does not vanish. 


Next, we can choose constants c so that the moduli of periodicity 


9 
vanish for the function = c,w, at all the cross-cuts a, except at one, say a,, 
s=1 — 
and that there it has any assigned value, say mz. For, solving the 
equations, ie 


O= 6,0, + G@z,+-.-+Cp@s,,, (for s=1, 2, ...,.p, except 7); 


TL = C1Wp,1 + CoWy,9+ »-. + CpMr, p, 


the determinant of the right-hand side does not vanish, and the constants c, 
SAY Cr,1, Cr,2, +++) Cr, p, are determinate. The function ¢,, w, + ¢,,:W2+ ... + Cp, pWp, 
say W,, then has its moduli zero for a, ..., Gp, Gri, +», Gp: it has the 
modulus v7 for a,; it has moduli, say B,,, ..., B,, » at b,, ..., bp respectively. 
And the function is determinate save as to an additive constant. 

This combination can be effected for each of the values 1,..., p of r: 
and thus p new functions will be obtained. These p functions are linearly 
independent: for, if there were a relation of the form 


CLW,+ C,W.+...+C,W, = constant, 


p 
the modulus of the function = C,W, at the cross-cut a, should be zero 
r=1 


because the function is a constant; and it is C,7z, so that all the coefficients 


OC would be zero. 
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The functions W, thus obtained, have the moduli :— 


b { : i 
: H H H 
Oy | Gs Gpulwon Veby by 
UNI a 0 | Br | Bre Bi,» 
2| 9 | 7 0 | By, ) Ba» By» 
sisiian's? |l'ecivieive ||| Seieece!|| eleiceicelt wsvses pesandy ei sivicies || 0616 oieie, |) s'else.eei||\ a ciereie iii ssisiaselt) else ¥iejeiil\ eins niere 
| : 
W, | 0 0 mt | By) By,» Bop 


These functions are called normal functions of the first kind: they are a 
complete system linearly independent of one another, and are such that every 
function of the first kind is, except as to an additive constant, a linear com- 
bination of constant multiples of them. 


The quantities B are not completely independent of one another. Since 
W;, Wy, are functions of the first kind we have, by § 232, 


3 (An Bay Boden eee. 
r=1 


which, for the normal functions, takes the form 

TiByy sat mBy; — 0, 
that is, By = By; Hence the moduli B with the same integers for suffix are 
equal to one another. 


This is a first relation among the moduli. Another is given by the 
following theorem :— 


Let Bran = Pmnt tom,n, (so that Pm,n = Pn,m> and omn,n = on,m) : then, of 
C1, «++, Cy be any real quantities, the expression 


pur + 2 pr: 9C Cz + Pasa’ + val PppCp’> 


as negative, unless the quantities c vanish oan 
The function c,W,+¢,W, +... +¢,W, + C is a function of the first kind 
with moduli (say) w,+%v, at a,, where r= 1, ..., p, and moduli @,' + tu,’ at bg, 


p 
where s=1,..., p. Then, by § 231, the sum & (@,v,’— o,’v,) is positive, 
r=1 


except when the function is a constant, that is, except when «q, ..., ¢p all 
vanish. But 

@, + UU, = C,T11, 
so that w,= 0, vu, = 1¢,; and 


Se 
Ws + tus = By 5+ C:Be5 ati taste Cp Dine: 

‘ « / , 

so that Ws =CiP1,9 + CoPo,¢ + »+ + CyPp,s- 
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PR 
Hence the sum 2 — Cp (C1P1,7 + Cope, + ++» + CpPp,r) 


r=1 


is positive and therefore the sum $ S PrsCrCs 18 negative. This (with the 
r=1s=1 


property Pmn = Pam) 18 the required result. 


These properties of the periods, all due to Riemann, are useful in the 
construction of the Theta-Functions. 


For the ordinary Jacobian elliptic functions in which p =1, there is only 
one integral which is everywhere finite: its periods are 4K, 27K’. To express 
it in the normal form, we take cF'(z), choosing c so that the period at a, is 


purely imaginary and =77; hence c= je and the normal integral is 


The other period of this function is — = , which, when & is real and less than 


unity, is a negative quantity; it is the value of py and satisfies the condition 
that pyc, is negative for all real quantities c. 


236. It has been proved that functions exist on a Riemann’s surface, 
having assigned algebraic infinities and assigned real parts of its moduli 
of periodicity, but otherwise uniform, finite and continuous. The simplest 
instance of these functions of the second kind occurs when the infinity is an 
accidental singularity of the first order. 


Let the single infinity on the surface be represented by z=c: let E,(z) 
be the function having z=c as its algebraical infinity, and having the real 
parts of its moduli of periodicity assigned. If #,’(z) be any other function 
with that single infinity and the real parts of its moduli the same, then 
E.(z) — E (z) is a function all the real parts of whose moduli are zero; it 
does not have c for an infinity and therefore it is everywhere finite : by § 231, it 
is a constant. Hence an elementary function of the second kind is determined, 
save as to an additive constant, by its infinity and the real par rts of its mod ult. 


Again, it can be proved, as for the special case in § 208, that an elementary 
function of the second kind is determined, save as to an additive function of 


the first kind, by its infinity alone: hence, if #(z) be any elementary function, 
having its infinity represented by z=c, we have 


E(z)= EF. (z) + Wi +... +rAyW,+ A, 


where A;, ..., Ap, A are constants, the values of which depend on the special 
function aie Let H(z) have miC,, ..., 7iC, for its moduli at the cross- 


cuts ,...,@) respectively: and let the function H(z) be chosen so as to 
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have all its moduli at a, ..., d» equal to zero: then \,=—C, and H(z) is 
given by 

EL, (2) — OL W,-—... -—CpW, +A. 
The special function of the second kind, which has all its moduli at the cross- 
cuts a), ..., @ equal to zero, is called the normal function of the second kind. 
It is customary to take unity as the coefficient of the infinite term, that is, 
the residue of the normal function. 


This normal function is determined, save as to an additive constant, by its 
infinity alone. For if H(z) and #’(z) be two such normal functions, the function 
E (2) — B’ (2) 
is finite everywhere; its moduli are zero at a, ..., d); hence (§ 231) it is a 

constant. 


Normal functions of the second kind will be used later (§ 240) in the 
construction of functions with any number of simple infinities on the surface. 


Let the moduli of this normal function H(z) of the second kind be Jy, ..., 
B, for the cross-cuts b,, ..., bp). Then applying the proposition of § 233 and 
considering the integral [fd W,, we have A,=...= A,=0; also 


Ue GW Now ay pe = Gee Ss 


and A,’=7?t. The relation therefore is 


Me Oe (“ae ats 
dz z=c 


where, in the immediate vicinity of z=, 
if 
B(2)= + p(2-0) 
z—C 
p being a converging series of positive powers. Thus 


dW, 
ee ( . jae 


aa : : 
or, as —7 is an algebraic function (§ 241) on the surface, the periods of a 


normal function of the second kind at the cross-cuts b are algebraic functions 
of its single infinity. . se 

In the case of the Jacobian elliptic integrals, the integral of the second kind has at 
z= oo an infinity of the first order in each sheet (Ex. 8, § 199). The moduli of this integral, 
denoted by #(z), are 4H and 2i(K'— 2’) for a, and 6, respectively ; hence the normal 
integral of the second kind is 


7 KH 7 
E@)-ZFe) 


# (2) being the (one) integral of the first kind. This is the function Z(z) ; its modulus is 
zero for a,, and for 6, it is 
ye Petit hen rier 
20 (A '— H') — 7 20k ; 
5 anc OAD Dafoe lie, lena creas j 
which is KA K'— E’K— ER’), that is, it is -F- 
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237. The other simple class of function, which exists on a Riemann’s 
surface with assigned infinities and assigned real parts of its moduli, is that 
which is represented by the elementary integral of the third kind. It has 
two points of logarithmic infinity on the surface*, say P, and P,; let these 
be represented by the values c, and ¢, of z. On division by a proper constant, 
the function, which may be denoted by II,2, takes the forms 


—log(z-—e)+pi(¢-«a), +log (¢-G) +p. (Zz — 02), 
in the immediate vicinities of P, and of P, respectively, where p, and p, are 
converging series of positive integral powers. 


The points P, and P, can be taken as boundaries of the surface, as in 
Ex. 7 in§ 199. A cross-cut from P, to P, is then necessary for the resolution 
of the surface: and the period for the cross-cut is 277, being the increase of the 
function in passing from the negative to the positive edge of the cross-cut. 


Then with this assignment of infinities and with the real parts of the 
moduli at the cross-cuts a), ..., Gp, 01, ..., by arbitrarily assigned, functions IT, 
exist on the Riemann’s surface. 


As in the case of the function of the second kind, it is easy to prove that 
a function II,, of the third kind is determined, save as to an additive constant, 
by its two infinities and the assignment of its moduli: and that it is determ- 
ined, save as to an additive function of the first kind, by its infinities alone. 


Among the infinitude of elementary functions of the third kind, having 
the same logarithmic infinities, a normal form can be chosen in the same 
manner as for the functions of the second kind. Let II,, be an elementary 
function of the third kind, having P, and P, for its logarithmic infinities: let 
its moduli of periodicity be 277 for the cross-cut P,P,; iC, ..., wvC, for 
a, ..., Gy respectively ; and other quantities for b,, ..., b) respectively. Then 


ee 0 Weee CW, 


is an elementary function of the third kind, having zero as its modulus of 
periodicity at each of the cross-cuts a,,...,@). This function is the normal 
form of the elementary function of the third kind. 


If a,’ and w,, be two normal elementary functions of the third kind with 
the same logarithmic infinities and the same period 277 at the cross-cut 


iP nen 


/ 
Bin — Wig 


is a function without infinities on the surface; its modulus for P,P, is zero, 
aud its modulus for each of the cross-cuts @, ..., @p 18 zero; and therefore it 


* The representation of a single point on the Riemann’s surface by means solely of the value 
of z at the point will henceforward be adopted, without further explanation, in instances when it 
cannot give rise to ambiguity. Otherwise, the representation in full detail of statement will be 
adopted. 
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is a constant. Hence a normal elementary function of the third kind is, save 
as to an additive constant, determined by its infinities alone. 


Ex. The sum of three normal elementary functions of the third kind, having as 
their logarithmic infinities the respective pairs that can be selected from three points, 
is a constant. 


238. A relation among the moduli of an elementary function of the third 
kind can be constructed in the same way as, in § 233, for the function of the 
second kind. 


Let the surface be resolved by the 2p cross-cuts a, ..., dp, by, -.., by and by 
the cross-cut P,P,, joining the excluded infinities of an elementary function 
II,, of the third kind. Let w be any function of the first kind; then over the 
resolved surface, we have 

Oll,,0w oll, ow 
Ox Oy dy O& 


everywhere zero; and therefore fII,,dw round the whole boundary of the 
resolved surface is zero, as in § 233, 


Let the moduli of II, be A,,..., Ay, B,..., Bp, and those of w be 
Aj’,..., Ay’, By, ..., By’ for the 2p cross-cuts a and b respectively. 


The whole boundary is made up of the two edges of the cross-cuts a, the 
two edges of the cross-cuts b, the two edges of the cross-cut P,P, and the 
small curves round P, and P,. 


The sum of the parts contributed to /II,,dw by the edges of all the cross- 
cuts a and b is, as in preceding instances, 


Ms 


(A,B, — A,'B,). 


1 


I 


s 


The direction of integration along P,P, that is positive relative to the area 
in the resolved surface is indicated by the arrows; the 

‘ : : P, 
portion of fII,,dw along the two edges of the cut is “ se 


sees a 


Cy Ce} 
i II,.+dw +| Il,.-dw 
Cy Cy Fig. 83. 


= | (ie — II,.-) dw = Qari | ‘dw = 2a {w (C2) — w (c,)}. 
vy J Oy 


Lastly, the portion of the integral for the infinitesimal curve round P, is zero, 
done dw : 
by I. of § 24, because the limit of (z—¢,) IL, 75 for z=¢, vanishes, P, being 


assumed not to be a branch-point; and similarly for the portion of the 
integral contributed by the infinitesimal curve round Pe 
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As the integral {II,,dw vanishes, we therefore have 


S (A,B, — A/B,) + 2mi {w (c) —w(e)} = 0, 
Ce ee = aS 


which is the relation required. 


The most important instance is that in which II, is the normal elementary 
function of the third kind (and then A,, A,,..., A, all vanish), and w is a 
normal function of the first kind, say W,, (and then 


Ay A eA Ae AY 0), 


Hence, if B, be the modulus at 6, of the normal elementary integral a, we 
have 


B, = 2{W, (ce) — W, (a)}, 


so that the moduli of the normal elementary function of the third kind can be 
expressed in terms of normal functions, of the first kind, of its logarithmic 
discontinuities. 


The important property of functions of the third kind, known as the 
interchange of argument and parameter, can be deduced by a similar process. 


Let II,, be an elementary function with logarithmic discontinuities at 
c, and ¢,, with 277 as its modulus for the cross-cut ¢c,c,, and with 


Zale Shore 24rd Site pat BY) 
as its moduli for the cross-cuts a, ...,@), bj, ..., b,; and let I, be another 


elementary function with logarithmic discontinuities at c; and c,, with 277 as 
its modulus for the cross-cut ¢,c,, and with A,’,..., d,, By, ..., By as its 


moduli for the cross-cuts a), ..., Gp, by, ..., Dp. 
Then when the infinities are excluded and the @ks. = ie 
, 2 =) 
surface is resolved so that both II, and I,, H G|jO +M 
are uniform finite and continuous throughout FIAB _ Cc 
the whole surface, we have REF | ae) 
oll, Ol, OTT 54 oll, = Fig. 84 


0, 


Ox Oy du Oy 
everywhere in the resolved surface; and therefore, as in the preceding 
instances, fII,,dI,, round the whole boundary vanishes. 

The whole boundary is made up of the double edges of the cross-cuts a 
and the cross-cuts 6, and of the configuration of cross-cuts and small curves 
round the points. The modulus of both II, and of II,, for the cut AG is 
zero; the modulus of I],, for the cut ¢,c, is zero, and that of II,, for the cut 
C,C. 18 Zero. 

The part contributed to fII,,dII,, by the aggregate of the edges of the 


iy . . 
cross-cuts a and b is > (A,B,’ — A,B,), as in preceding cases. 
s=1 
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The part contributed by the small curve round ¢, is zero, because the 
limit, for z=¢,, of (¢-—¢) Ih, is zero; similarly the part contributed by 
the small curve round ¢, is zero. 


The part contributed by the two edges of the cross-cut ¢,¢, is 
Cy Cp 
[Oo theaty+ ["Tetatty 
Ce Cy 


Soni i Taio ey ey, 


The part contributed by the two edges of the cross-cut AO is 


(mat 


the subject of integration does not change in crossing from one edge to the 
other, and therefore this part is zero. 


For points on the small curve round c;, we have 


d 
dll, =— = ae +p(z—¢,) dz, 


where p is a converging series of integral powers of z—c,: and therefore for 
points on that curve 


Tl,,d11 5, a we (e 


12 9) 
ae dz+q (z—- ¢s) dz, 


where q(z—c¢;) is a converging series of positive integral powers of z—¢;. 
Hence the part contributed to fI,,¢dU;, by the small curve round ¢, in the 
direction of the arrow, which is the negative direction for integration relative 
to Cs, is 2artIT,, (¢;). 


Again, for points on the small curve round ¢,, we have 


dz 
dIl,,= 75, + p, (2 —¢,) dz; 
proceeding as for c;, we find the part contributed to [IT,,dH,, by the small 
curve round ¢,, which is negatively described, to be — 27riI1,. (¢,). 


Lastly, the sum of the parts contributed by the two edges of the cross-cut 
66,19 


| "Thy dU gt + | "Ty dI.7 
pee ATIygt ATI 
=| Ta (“ge — ge) de 


3 
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But though IT,, has a modulus for the cross-cut ¢,c,, its derivative has not a 
modulus for that cross-cut: we have dII,,+/dz=dI],,-/dz, and therefore the 
last part contributed to /II,,dI,, vanishes. 


The integral along the whole boundary vanishes; and therefore 
Pp 
= (A,B, — Ag’ By) + 2art {I 54 (G2) — 1g, (ex) } + 2artT Th, (cs) — 2art1T,, (c,) = 0, 


a relation between the moduli of two elementary functions of the third kind. 


The most important case is that in which both of the functions are normal 
elementary functions. We have A,, ,.., A» zero for @,, and A,’,..., A, zero 
for w,,; and the relation then is 


34 (2) — B34 (c:) = BW. (c4) ORD) (G;); 


which is often expressed in the form 


Cy C4 
| ieee i ie 
Cy C3 


the paths of integration in the unresolved surface being the directions of 
cross-cuts necessary to complete the resolution for the respective cases. 
Hence the normal elementary integral of the third kind 1s unaltered in value 
by the interchange of its limits and its logarithmic ‘infinities. 


Ez. 1. Denoting by #, and #, the normal elementary integrals of the second kind 
that have their single simple infinities at c, and c, respectively, shew that the value 


of = at ¢c, is equal to the value of at c¢,. 


Ex. 2. Denoting by #, the normal elementary integral that has its single infinity at 


C3, prove that the value of see at c, is L3 (c,) — E (¢,). 

239. From the simple examples, discussed in § 199 and elsewhere, it has 
appeared that when a function w is defined as the integral of some function 
of z, the integral being uniform except in regard to moduli of periodicity, a 
process of inversion is sometimes possible whereby z becomes a function of w, 
either uniform or multiform. But in all the cases, in which z thus proves to 
be a uniform function, the number of periods possessed by w is not greater 
than two; and it follows, from § 110, that, when w possesses more than two 
periods, z can no longer be regarded as a uniform function of w. 


A question therefore arises as to the form, if any, of functional inversion, 
when w has more than two independent periods and when there are more 
functions w than one. 


Taking the most general case of a Riemann’s surface of class p, let 
Wy, Wy, +++, Wy denote the p functions of the first kind. Let there be q inde- 
pendent variables 2, ..., z,, where g is not, of initial necessity, equal to p; 

F, 32 
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and, by means of any g of the functions of the first kind, say w,, ..., Wg, form 
q new functions, clearly also of the first kind and defined by the equations 


Up = Wy (21) + Wy (42) +... + Wr (Zq); 


where r=1, 2,...,g. We make the evident limitation that q is not greater 
than p, which is justifiable from the point of view of functional inversion. 
Then the functions v, are multiform on the surface with constant moduli of 
periodicity ; they have the same periods as w,, SAY @,1, @r,25 +++) r,ap- 


The various values of w,;(Zm) differ by multiples of the periods: so that, if 
W;(Zm) be the value for an exactly specified 2,-path (as in § 110), the value 
for any other Z,-path is 


YW, (2m) + Nm,1@r,1 + Nm,2Or,2 + +++ F Un, ep Or, xp 


This being true for each of the integers m = 1, 2, ..., g, it follows that, if 


n= S Naas AS Lp eee ep) 


eo m=1 


q 
and if v, be the value of & w,(Zm) for the exactly specified paths for 2,,..., 2, 
m=1 


then the general value of v, for any other set of paths for the variables is 
Vi Up FM Wy, + MyOy,g + ++. + Mop Oy, op, 


holding for r= 1, 2, ...,g. The integers nm, and therefore the integers mz, 
are evidently the same for all the functions v. 


The reason which, in the earlier case (§ 110), prevented the function w from 
being determinate as a function of z alone was, that integers could be determ- 
ined so as to make the additive part of w, dependent upon the periods, less 
than any assigned quantity however small: say less than an infinitesimal 
quantity. It is necessary to secure that this possibility be excluded. 


Let @a,.=4i,n+%8r,,, Where the quantities a and @ are real: then we 
have to prevent the possibility of the additive portions for all the functions » 
being infinitesimal. In order to reduce the additive part to an infinitesimal 
value for each of the functions v, it would be necessary to determine integers 
My, My, +++, Ms, 80 that the 2g quantities 


My, Ay, F Mg Gg + oe + Mop &,, op 
MB y,1 + MoByo + vee + Map Sy.op 


for r=1, ..., g, all become infinitesimal. 


If ¢ be less than p, the 2p integers can be so determined. In that case, 
the general possibility of functional inversion between the q functions v and 
the q variables z would require that the quantities z are so dependent upon 
the quantities v that infinitesimal changes in the latter, carried out in an 
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infinite variety of ways and capable of indefinite repetition, would leave the 
quantities z unchanged. The position, save that we have q variables instead 
of only one, is similar to that in § 110: we do not regard the functions v as 
having determinate values for assigned values of 2, ..., ,, but the values of 
0, +++, Ug are determinate, only when the paths by which the independent 
variables acquire their values are specified. And, as before, the inversion is 


nome paseibles 

If ¢ be not less than p, so that it must in the present circumstances be 
equal to p, then the 2p integers cannot be determined so that the 2p quanti- 
ties all become infinitesimal. They can be determined so as to make any 
2p —1 of the quantities become infinitesimal; but the remaining quantity 
is finite as, indeed, should be expected, because the determinant of the 
constants a and @ is different from zero*, 


If then there be p variables z,..., Z), and p functions 2, ..., ¥p, defined 
by the equations 
Up = Wy (21) + Wy (Za) +... + We (Zp), 
for r=1, 2,..., p, then the values of the functions y for assigned values of 
the variables z, whatever be the paths by which the variables attain these 
values, are of the form 


Up FM Wy,1 + My O79 + +66 + May Oy, op 5 


for r=1, 2, ..., p; and it has been proved that the 2p integers m cannot be 
determined so that all the additive parts, dependent upon the periods, become 
infinitesimal. Hence the functions v,,..., Vp are, except as to additive 
multiples of the periods (the numerical coefficients in these multiples being 
the same for all the functions), uniform functions of the variables z,, ..., 2); 
and they are finite for all values of the variables. Conversely, we may regard 
the quantities z as functions of the quantities V1, +.» Up, Which have 2p sets 


of simultaneous periods @),5, 2,5, -»-, @p,s for s=1, 2,..., 2p: that is, the 
variables z are 2p-ply periodic functions of p variables v,,...,%). This result 
is commonly called the imversion-problem for the Abelian transcendents. 

In effecting the inversion of the equations 


dv, = wy (4) dz, + wy (4) de +... + wy’ (Zp) dZp 


Ay = Wy (Z) Aa, + Wy (2) AZ, +... + Wy’ (Zp) dey 


the actual form, which is adopted, expresses all symmetric functions of 
the quantities z,..., 2 as uniform functions of the variables, so that, if 
21, 2) -.-, Zp be the roots of the equation 


BZ) Ze P 724+ PoP +... iy = 0, V 


* The 2p potential-functions, arising from the p functions w, would otherwise not be linearly 
independent. 


32—2 
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then* P,, ..., Py are uniform multiply-periodic functions of the variables 
0, +++, Uy. Consequently, all rational symmetric functions of 4%, ..., 2 are 
uniform multiply-periodic functions of u, ..., Up. 


Frequent reference has been made to the functions determined by the equation 


wi — R (2) =w®— (2—- dp) (2-4) 00 (2 - Ay) =9. VV 
It has been proved that an integral of the form | Ae dz is an integral of the first 


kind, provided U(z) be any polynomial function of degree not higher than pai, and 
that the otherwise arbitrary character of U(z) makes it possible to secure the necessary 
p integrals by allowing the suitable choice of the coefficients. Weierstrass takes the 
equations, which lead to the inversion, in the following form + :— 


The constants @ are different from one another and can have any values: and it is 


convenient to take 
P (a) =(@—a) (@— a3)... (@= day), 


Q (a) = (w= a) (a= dy). (@— dap) (@— yp) 
so that P(«)Q(x)=R (x). If the coefficients a be real, it is assumed that 
Ay > Ay > Uy > vos > Age 


The equations which give the new variables are 


new Ped, _Plddn Plan) day 
Ly — ee os 
(4- %) Vi (4) (2, — &) VR (22) (2 — 4%) VR (2p) a 
a P (4) da P (2) dag P (&) dey 
hg a = +-,..,.. ee 
(4-43) VR (4) (4 — 3) VR (22) (Zp — Gs) VR (2p) > 
du, = GNSS Eales Seo P (p) dep 


(4-Ayp-1) VR (%)  (@—Ayp-1) VB) (2p — gp) VR) 

and when integration takes place, the arbitrary constants are defined by the equations 
U1) Ug5+e+) Up=O (with periods for moduli), 

when Zyy 2q4 v009 Sp = My, Agy «oy Agp—y respectively. 


The p variables z are the roots of an algebraical equation of degree p, the coefficients in 
which are (multiply-periodic) uniform functions of the variables wv, The functions, arising 
out of the equations in this form, are discussedt in Weierstrass’s two memoirs, just 
quoted. 


Note 1. The results thus far established in this chapter lie at the basis of the theory 
of Abelian functions. The fuller establishment of that theory and its development 
are beyond the range of the present treatise. 


‘ 
So far as concerns the general theory, recourse must be had to the fundamental 
memoirs of Abel, Jacobi, Hermite, Riemann and Klein, and to treatises, in addition to 


* For further considerations see Clebsch und Gordan, Theorie der Abel’schen Functionen, 
Section vi. 

+ Equivalent to that given in Crelle, t. lii, (1856), pp. 285 et seq.; it is slightly different from 
the form adopted by him in Crelle, t. xlvii, (1854), p. 289. 


+ Some of the results are obtained, somewhat differently, in a memoir by the author, Phil. 
Trans., (1883), pp. 323—368, 
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those by Neumann and by Clebsch and Gordan already cited, by Prym, Krazer, Kénigs- 
berger, Briot, and Stahl. The most comprehensive of all is Baker’s treatise Abel’s 
theorem and the allied theory, including the theory of the theta functions, (Cambridge, 1897). 


Moreover, as our propositions have for the most part dealt with functions of only a 
single variable, it is important in connection with the Abelian functions to take account 
of Weierstrass’s memoir* on functions of several variables. 


Note 2, We have discussed only very limited forms of integrals on the Riemann’s 
surface : and any professedly complete discussion would include the theorem that {w'dz, 
where w’ is a general function of position on the surface, can be expressed as the sum of 
some or all of the following parts :— 


(i) algebraical and logarithmic functions ; 

(ii) Abelian transcendents of the three kinds ; 

(iil) derivatives of these transcendents with regard to parameters ; 
but such a discussion is omitted as appertaining to the investigations relative to Abelian 
transcendents. Supplementary Notes will be found at the end of this Chapter XVIIL., 


giving an account of Abel’s theorem, and indicating a mere beginning of the theory of 
Abelian transcendents. 


For the particular case in which the integral {w’dz is an algebraical function of z, see 
Briot et Bouquet, Théorie des fonctions elliptiques, (2° éd.), pp. 218—221 ; Stickelberger, 
Crelle, t. \xxxii, (1877), pp. 45, 46; and Humbert, Acta Math, t. x, (1887), pp. 281—298, 
by whom further references are given. 


240. There are functions belonging to class (B) in § 229, other than 
those already considered. In particular, there are functions with assigned 
infinities on the surface and with the real parts of all their moduli of 
periodicity for the canonical system of cross-cuts equal to zero. But it 
does not therefore follow that all the moduli of periodicity vanish ; in order 
that their imaginary parts may vanish, so as to make the moduli of 
periodicity zero, certain conditions would require to be satisfied. 


We shall limit the ensuing discussion to some sets of these functions 
with zero moduli, and shall assign the conditions necessary to secure that 
the moduli shall be zero. We shall assume that all their infinities are 
algebraic; the functions are then uniform everywhere on the surface, 
and, except at a limited number of isolated points where they have only 
algebraic infinities, are finite and continuous. They are, in fact, algebraic 
functions of z. 

Two classes of these functions are evidently simpler than any others. 
The first class consists of those which have a limited number, say m, of 
isolated accidental singularities and which are not infinite at any of the 
branch-points; the other class consists of those which have no_infinities 
except at the branch-points. These two classes will be briefly discussed 


in order, 


* First published in 1886; Abhandlungen aus der Functionenlehre, pp. 105—164; Ges. Werke, 
t. ii, pp. 1835—188. 
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Let w be a uniform function having accidental singularities at the 
points ¢,, ...,@m and no other infinities; and for simplicity, assume* that 


each of them is of the first order. Also let the normal function of the 
second kind, having ¢, for its sole infinity, be Z,. Then 

BZ, of B.Z.+ S184 aia (Spry 
where (,, ..., Bm are constants at our disposal, is a function, having infinities 
of the same class and at the same points as w has; the function is otherwise 


finite everywhere on the surface and therefore, by properly choosing the 
constants 8, we have the function 


Cb (Bi4, tt Bn4Zm) 
finite everywhere on the surface, so that it is a function of the first kind. 


Now because its modulus vanishes at each of the cross-cuts a@ in the 
resolved surface, it is a constant, so that 


ues Bi Z, + cee BmZm+ Bo. 


The modulus of w is to vanish at each of the cross-cuts b,. Let $,(z)= 


dW, 
dz’ 


so that ¢,(z) is an algebraic function on the surface: then assigning the 
condition that the modulus of w at the cross-cut 6, shall vanish, we have 


Bi hb, (¢,) Te B, od; (ce) mde SI fore dp; Cra} aa 0, 


an equation which must hold for all the values r=1, ..., p. 


When the quantities ¢ represent quite arbitrary points, there must be 
at least p+1 of them; otherwise, as the equations are independent of one 
another, they can be satisfied only by zero values of the constants @, a result 
which renders the uniform function evanescent. If m>p, the equations 


determine p of the coefficients 8 linearly in terms of the remaining m—p: 
when these values are substituted, the resulting expression for w contains 
m —p +1 constants, viz., the remaining m—p constants 8, and the constant 
f,. The coefficient of each of the m— p constants 8 is a function of z, which 


has p+1 accidental singularities of the first order, p of which are common 
to all the functions, so that w then is an arbitrary linear combination 
of constant multiples of m—p functions, each of which possesses p+ 1 
accidental singularities and can be expressed in the form 


A, (©) = | Ls, Doiisceas , Vi Lory 
| dr; (C1), Br (Cy), o2e00s > Di (Cp), Dr (epar) 
| ha (Cy), Da (Cg), ores > Do (Cp), $a (Cp+r) | 


i a ary 


a am 
(nat tgp tb gees) 2 


in the expression for w ; and so for other cases. 
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When the quantities c are not completely arbitrary, but are such that 
relations among them can be satisfied so as no longer to permit the preceding 
forms to be definite, we proceed as follows. 


The most general way in which the preceding forms cease to be definite 
is by the dependence of some of the equations 


Bi by (C1) + Bohr (Co) + -- + Bm hy (Cm) = 0 
on the remainder. Let q of them, say those given by r=l,..., g, be 
dependent on the remaining p—gq, so that 0<q<p: then the conditions 
of dependence can be expressed by equations of the form 


od; (Cn) == Aig (Ga) ae As. r Pots (Cn) oP QOD iz Yee Dp (Cre 
fot: =e, Gand: w= 15 Qy5.c,0n. 

The functions of the first kind W, through which the functions ¢ are 
derived, are a complete set of normal functions: when any number of them 
is replaced by the same number of independent linear combinations of some 
or all, the first derivatives are still algebraic functions. We therefore 
replace the functions W,, W., ..., W, by wi, wa, «.., Wg, where 

W, = W,,. Noa ale, y eas =: Ass W o42 Tarp 61@leh hc Aen Wo; 
for r= 1, 2, ..., g, so that, for all values of z, 
®,. (2) = b+ (2) — Arr Goi (2) — Ac, r bore (2) — >» — Ap—o,r hp (2): 
Hence the functions ®,, ®,, ..., ®, vanish at each of the points cq, ¢, ..., Cn. 

The original system of p equations in q,,..., bg, byt «++» Pp, When 
made a system of equations in ®,, ..., Py, dyii, -.-, dp 18 equivalent to 

ie ®,. (¢;) SP fey D, (¢) SP coo AE [San D,. (Cz) — : 

Si dbs (¢,) + B. hs (C.) S06 fers ds (oe) =0 
forr=1,...,gands=q+1,...,p. The first ¢g of these are evanescent; and 
therefore their form is the same as if we had initially assumed that each of 
the functions $,, ..., @, vanished for each of the points z=¢,...,m, the two 
assumptions being in essence equivalent to one another on account of the 
property of linear combination characteristic of functions of the first kind. 

Suppose, then, that q of the functions ¢, derived through functions 
of the first kind, vanish at each of the points Cry 225 Om the number of 
surviving equations of the form 

Po, (c,) ar Bo, (Cs) a uoo Ir BinPr (Cm) = 0 
is p—g,and they involve m arbitrary constants £. Hence they determine 
p —q of these constants, linearly and homogeneously, in terms of the other 
m—p+q. When account is taken of the additive constant 8,, then* the 


* This is usually known as Riemann-Roch’s Theorem. It is due partly to Riemann and 


partly to Roch; see references in § 242. — 
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Junction w contains m—p+q+1 arbitrary constants ; and it is a linear com- 
bination of arbitrary multiples of m—p+q functions, each having p-—q+1 
accidental singularities of the first order, p—q of which are common to all 
the functions in the combination. 


The functions under consideration, being linear combinations of normal 
functions Z of the second kind, have no infinities except at the accidental 
singularities; the branch-points of the surface are not infinities. And it 
appears, from the theorem just proved, that there are functions having only 
p—q+1 accidental singularities, each of the first order, so that the total 
number is less than p+1. <A question therefore arises as to what is the 
inferior limit to the number of accidental singularities that can be possessed 
by a function which is uniform on the Riemann’s surface and, except at these 
accidental singularities, is everywhere finite and continuous on the surface. 


Let it be denoted by »; then the p equations 
Bd, (G:) +... + Bude (Cu) = 9, 


for r=1,2,..., p, must determine « —1 of the constants 8 in terms of the 
remaining constant 8, say, B; and the function thence inferred contains two 
constants, viz., the surviving constant 8 and the additive constant, its form 
being 


A+B | “i, Li ears : Las We 
| Gees), by (Cz) ances ge gr (a) | 
| dp» (C;), ds (G3), as aes , he (¢,) | 
ba tee mee ae eee Nierus the ene 
| Pua (G4), Du—1 CA rc ) Dur (c,) | 

Among the points ©, ¢, ...... , Gi, the relations 
Wetyrae nt (ap hacen a (9) arene BEng (oh) 
| $i (cr), $1 (Ga), vee , (Cy) | 


| Pus (¢,), Dur (Ca), EP OCC) ) Pur (Cy) 


forr=0, 1,..., p—m, must be satisfied, that is, p—w+1 relations must be 
satisfied *. 


Since there are w points ¢ among which p— +1 relations are satisfied, 
it follows that the number of surviving arbitrary constants ¢ is, in general, 
equal to w—(p—p+1), that is, to 24—p—1. These occur as arbitrary con- 
stants im the inferred function, independently of the two constants A and B: 
so ‘that the number of arbitrary constants, in the function with w accidental 
singularities, is 24 —p —1 +4 2, that is, 2u —p+1. 


* This result implies that the relations are independent of one another, which is the case 
in general: but it is conceivable that special relations might exist among the branch-points, which 
would affect all these numbers. 
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Again, the number of infinities of a uniform function of position on a 
Riemann’s surface is equal to the number of its zeros (§ 194), and also to 
the number of points where it assumes an assigned value; and all these 
properties are possessed by any function, with which w is connected by 
any lineo-linear relation. If w be one such function, then another is 


pe lat? 
a ae 


where a, b, d are arbitrary constants; and therefore w contains at least 
three arbitrary constants, when it is taken in the most general form that 
possesses the assigned properties. 


But it has been shewn that the number of independent arbitrary con- 
stants in the general form of w is 24—p+1. This number has just been 
proved to be at least three, and therefore 


or mel+gp. 


Thus the integer equal_to, or neat greater than, 1+4p is the smallest 


number of isolated accidental singularities that an algebraical function can 
have on a Riemann’s surface, on the supposition that it has no ifinities 


at the branch-points*. 


Note. A method of decomposing rational functions on a Riemann’s 
surface, so that the elements are normal functions of the second kind, is 
given above; another method of constructing a rational function is as 
follows. 


It was seen that the number of simple poles of a rational function, when 
all of them are arbitrarily assigned, cannot be less than p+1; to consider 
the simplest case, we accordingly assign p+ 1 arbitrary points, which shall 
be infinities (and the only infinities) of a rational function. Take the most 
general polynomial P (w, z) of order n — 2 in w and z combined, and make it 
vanish at the p+1 assigned points. Also make P vanish at each of the 
multiple points of the curve f=0 in such a way that, when the point is of 
multiplicity X for f=0, it is of multiplicity 7-1 for P=0; consequently 
such a point counts for X (X — 1) intersections among the points common to 
f=0, P=0. Hence the number of intersections common to f=0 P=0, 
other than the multiple points of f= 0, and the p+ 1 arbitrary points, is 


=n(n—2)—(p+1)—2A(A— 1). 


* This result applies only to a completely general surface of class p. And, for special forms 
of surface of class p, a lower limit for ~ can be obtained; thus, in the case of a two-sheeted 
surface, the limit is 2. (See Klein-Fricke, i, p. 556.) 
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But, as in § 182, we have* 
p= k(n—1)(m—2)-24rXxA—1); 
and therefore the number of remaining intersections is 
=n(n—1)—(p+1)—(n— 1) (n— 2) + 2p 
=n+p— 3. 


Now a polynomial in w and z of order n—2 contains }n(n—1) terms. 
The number of relations among the constants, necessary to secure that 
a point on a curve is of order k, is $k(k+1); so that the number of 
relations among the constants, necessary to make each of the multiple points 
of f=0 a multiple point of the proper order for P=0, is [$A (A— 1). 
Since 


it follows that there are two independent polynomials, which can be drawn 
through the multiple points of f=0, vanishing to the proper order at each 
of them, and through the n+p—3 poimts common to f=0, P=0, which 
are other than the p+1 arbitrary zeros of P. Clearly P itself can be 
taken as one of these polynomials; let P, denote another independent 
of P. In general, P, does not pass through any other zero of P; in 
order to make it do so, one other relation among the constants would 
be necessary, and then there would be only a single polynomial passing 
through the multiple points to the proper order, through the n+p—3 
points, and through the other zero of P: the single polynomial being 
P itself. 
Thus 

se SS, 

I ~ Pew zy’ 
is a function, which has the p+1 assigned points for poles, because they 
are zeros of P and not of P,; all the other zeros of P on the surface 
are zeros of P, to the same order, and they therefore are not poles of g. 
Thus a rational function has been constructed, which has p+ 1 assigned 
points as poles, and it has no other poles. 


241. The other simple class of uniform functions on a Riemann’s 
surface consists of those which have no infinities except at the branch- 
points of the surface. . Sa 


They will not be considered in any detail: we shall only briefly advert 


* A multiple point of order \ on a curve is equivalent to }\(\-1) double points (Salmon’s 
Higher Plane Curves, § 40): hence the aggregate of equivalent double points is D4) (d — 1). 
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to those which consist of the first derwatives of functions of the first kind. 
This set is characterised by the theorem :— 


These functions $(z) are infinite only at branch-points of the surface, and 
the total number of infinities is 2p—2+42n. For, let w(z) be the most 
general integral of the first kind, and let 


dw(z) _ 
m= $ (2). 


Near an ordinary point a on the surface we have 
w(z)=w(a)+(z—a)P(z-a), 


where P is a converging series that may, in general, be assumed not to 
vanish for z=a; hence 


$ (2) =P (2-a)+(z-a) P’(z-a); 
that is, @(z) is finite at an ordinary point. 


Near z= (supposed not to be a branch-point) we have, if « be the 
value of w there, 


1 : : 
where P (;) may, in general, be assumed not to vanish for z=; so that 


gio--he()-te('), 


and therefore ¢(z) has a zero of the second order at z=a. 


Near a branch-point y, where m sheets of the surface are connected, we 


have 
1 


w (2)—w (y= (2-9) P (2-9), 


where P may, in general, be assumed not to vanish for z=: hence 


m—1 1 1 
= ss ea) ee / x 
sa(e-ay ™ [LP e—na+h Pe—ys, 
so that $(z) is infinite at z=+y, and the ee is of order m-—1. 

Hence the total number of infinities is & (m—1), where m is the number 
of sheets connected at a branch-point, and the summation extends over all 
the r branch-points. But 2p+1=%(m—1)—2n+3, and therefore the 
number of infinities is 2p — 2 + 2n. 

We can now prove that the number of zeros of &(z) m the finite part 
of the surface is 2p — 2, of which p—I1 can be arbitrarily assigned. 

The total number of zeros is 2p —2+4 2n, being equal to the number 
of infinities because $(z) is an algebraic function. But ¢(z) has been 
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proved to have a zero of the second order when z=; and this occurs in 
each of the n sheets, so that 2n (and no more) of the infinities of ¢ (z) 
are given by z=0. There thus remain 2p —2 zeros, distributed in the 
finite part of the surface. 


Moreover, the most general function (z) of the present kind is of 

the form 
(2) = Ci dr (2) + Copa (2) +--+ Cody (2), 

where ¢, (2), ..., 6» (2) are derived through the normal functions of the first 
kind. The p—1 ratios of the constants C can be chosen so as to make ¢ (2) 
vanish for p—1 arbitrarily assigned points. Hence, except as to a constant 
factor, an algebraic function arising as the derivative of an integral of the 
first kind is determined, save as to a constant factor, by the assignment 
of p—1 of its zeros in the finite part of the plane. 


Note*. It may happen that the assumptions as to the forms of the series 
in the vicinity of a particular point a, of ©, and of y, are not justified. 


If @ (a) vanish, we may regard a as one of the 2p — 2 zeros. 


If z= on one sheet be a zero of ¢(z) of order higher than two, say 
2+s, we may consider that s of the 2»—2 zeros are removed from the 
finite part of the surface to coincide with z=o. 

1 

If P{(z—y)™} vanish for z=y, the order of the infinity for $(z) is 
reduced from m—1 to, say, m—s—1; we may then consider that s of the 
2p — 2 zeros coincide with the branch-point. 


242. When the integer q of § 240 is greater than zero, so that a 
rational function having m assigned simple poles can be expressed as a 
linear combination of m—p-+q functions each possessing only p+1—q 
poles, then the rational function is called} a special function, to distinguish 
it from the most general case, when g=0 and the points ¢ are quite 
arbitrary. In the case of a special function, having q, ..., ¢» for its (simple) 
poles, these points are such that q of the functions ¢, say 


Pris Por vs Py 
vanish at each of them. Now in § 241 it was proved that the number of 
zeros of any function @ for finite values of z is 2p—2; consequently, in 
the case of a special function, 
m < 2p — 2, 
or the degree of a special function is not greater than 2p—2. Moreover, 


q denotes the number of distinct adjoint curves of order n—3, which pass 
through the poles of the special function. 


* See Klein-Fricke, vol. i, p. 545. 
+} Klein-Fricke, Vorl. ii. d. Th. d. ell. Modulfunctionen, t. i, p. 552. 
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Denoting the special function by g, and selecting any one of the q 
adjoint polynomials of order n —38, which occur in the q¢ functions ¢, say 
U,(w, 2), consider the product gU;. This product is finite at each of the 
points ¢, ..., Cm, because those points are zeros of U,; and g is not elsewhere 
infinite on the surface. Consequently 


is finite everywhere on the surface, and it is therefore an integral of the 
first kind, say 


where V, is the appropriate adjoint polynomial of order n—3. Thus 
g U,=V,, 
or a special function is expressible as the quotient of one adjoint polynomial 
of order n—3 by another*. 
Consider, in particular, the function 
_ bi + Ong, +... + Ag hy 
Gh = fi ? 


where 4, ..., 4, are arbitrary constants. Each of the quantities ¢,, ..., by 
vanishes at the points q,...,¢m. The only infinities of g, are the zeros 
of ¢,, which are only 2p —2 for finite values of z; and m of these 2p— 2 
zeros are not infinities of g,, so that g, has only 2p — 2 — m infinities, say 


ky, k,, QTE) Kim's 


where m’=2p—2—m. Now, by the Riemann-Roch theorem of § 240, the 
most general rational function, which has m’ simple poles (and no others) 
on the surface, contains m’—p+q'+1 arbitrary constants, where q’ is the 
number of the functions 


pi(Z), PolZ), +s Pp (2) 


(or the number of linear combinations of them), which vanish at all the 
points ky, ke, ..., kw. The arbitrary constants in g, are a, ..., 4, being 
qg in number; hence 
q<m—pt+d +1. 
Now treat the m’ points k,, ..., ky in the same way as the m points 
C,, «++, Cm have been treated; and let the analogous function be constructed. 
Let ¢,' (2), ..., $7 (2) be the gq’ quantities (being linear combinations of the 


* Practically given by Riemann, Ges. Werke, p. 111. 
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functions ¢,, ..., dy), which vanish at each of the points My, ..., km} the 
analogous function is 

B, dy (2) +.0+ Bay (2) 

py (2) 

which has only ¢,..., Cm (and not ky, ..., km) for poles. It has m poles; 
at each of these, g functions ¢ (or linear combinations of them) vanish ; and 
it contains q’ constants, so that, by another application of the Riemann-Roch 
theorem, we have 


q¢<m—pt+qtl. 
But m+m'=2p—2, so that m—p+1+m’—p+1=0; that is, the pre- 
ceding relations between qg and q’ are equalities, so that 

g=m—pt+q +1, 

q=um—ptg +1, 
and therefore * 

2(q—q')=m'—m, 
which is called the Brill-Néther law of reciprocity. It is a complement 
of the Riemann-Roch theorem. 


Since q is actually equal to m’—p+q’+1, and does not merely possess 
it for an upper limit, it follows that 


Od, + ... + Aghy 
pr 
is a special function, which contains the largest admissible number of 
arbitrary constants. 


Note. The preceding investigations deal solely with those rational functions on a 
Riemann’s surface which have their poles of the first order. When we have to deal with 
functions which have poles of order higher than unity, the investigations are much more 
complicated and really belong to the general theory of Abelian functions. They will be 
found, together with references, in Baker’s Abelian Functions, ch. 111. 

The simplest result is contained in the following example. 

Hz. If arational function is infinite at only a single point ¢ on a Riemann surface, 
the order of its infinity being m, and if the point ¢ is perfectly arbitrary, then m must be 
greater than p. ( Weierstrass.) 

243. The existence of functions that are uniform on the surface and, 
except at points where they have assigned algebraical infinities, are finite 
and continuous, has now been proved; we proceed, as in § 99, to shew how 
algebraical functions imply the existence of a fundamental equation, now to 
be associated with the given surface, 

The assigned algebraical infinities may be either at the branch-points, 
or at ordinary points which are singularities only of the branch associated 
with the sheet in which the ordinary points lie, or both at branch-points 
and at ordinary points. 


* Brill u, Nother, Math. Ann., t. vii, (1874), p. 283. 
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Let the surface have n sheets; on the surface let the points ¢,, ¢:, ..., Cm 
be ordinary infinities of orders q, ge, ---, Ym respectively—we shall restrict 
ourselves to the more special case in which qi, qe, ---, Ym are finite integers, 
thus excluding (merely for the present purpose) the case of isolated essential 
singularities; and let the branch-points a, a@,... be of orders p,, p., ... as 
infinities* and of orders 7, — 1, r,— 1, i as winding-points. 


Let w,, Wo, ..., Wz be the n values of the function for one and the same 
arithmetical value of z; and consider the function (w — w,) (w — wW) ... (W— Wp). 
The coefficients of w are symmetric functions of the values w,, ..., W, of the 
assigned function. 


An ordinary point for all the branches w is an ordinary point for each of 
the coefficients. 


An ordinary singularity of order gq for any branch, which can occur only 
for one branch, is an ordinary singularity of the same order for each of the 
symmetric functions; and therefore, merely on the score of all the ordinary 
singularities, each of these symmetric functions can be expressed as a mero- 
morphic function the denominator of which is the same polynomial function 


m 
of degree & qs in 2. 
s=1 


In the vicinity of the branch-point a,, there are 7, branches obtained from 


eet is 

(g—a) "P {(z2—a,)"}, 
1 
(where P is finite when z= <a,), by assigning to (¢— a)" its r,; various values. 
Then, as in § 99, the point a is no longer a branch-point of any of the 
symmetric functions; and for some of the symmetric functions the point 
a, 1s an accidental singularity of order p,, but for no one of them is it a 
singularity of higher order. Hence, merely on the score of the infinities at 
branch-points, each of the symmetric functions can be expressed as a mero- 
morphic function the denominator of which is the same polynomial function 
of degree 2p, in z. 


No other points on the surface need be taken into account. If, then, P (z) 
be the denominator of the coefficients arising through the isolated algebraical 


™m™ 


singularities, so that P(z) is of degree = q, in 2, and if Q(z) be the de- 
s=1 


nominator of the coefficients arising through the infinities at the branch- 
points, then 
P (2) Q(z) (w—w,) (w — Wy) ... (W — Wn) 


* A branch-point a is said to be an infinity of order p and a winding-point of order r—1, 
p il 


when the affected branches in its vicinity can be expressed in the form (z—a) 7P{(z-a)r}, where 


P is finite when z=a. 
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is a rational integral function of w and z; say f(w, 2), which is evidently 
of degree n in w and of degree S ds + Xp in z. 
s=1 


Its only roots are w=, ..., WV; that is, the function w on the Riemann’s 
surface is determined as the root of the equation f(w, z)=0; and therefore 
the equation f(w, z)=0 is a fundamental equation, to be associated with 
the surface. 

Ex.1. Shew that a fundamental equation for a three-sheeted surface, having eumnt ( 
m=O, 1, ..., 5) for branch-points each of the first order, is 


for 


w>—30w2+2=0 ; 


and that a fundamental equation for a four-sheeted surface having the same branch-points 
each of the same order is 


wt —(643y/2 2) w2— 44/12 V/2 wz=8 44/2 2-J9"/ 4A. (Thomee.) 


Every algebraic function on the surface requires its own fundamental 
equation; but, as the branch-points are the same for any surface, no 
fundamental equation can be regarded as unique. Having now obtained 
one fundamental equation for algebraic functions on the surface, all the 
investigations in Chap. XVI. may be applied. 

The preceding sketch, in §§ 240—243, of algebraic functions is intended only as an 
introduction; the developments are closely connected with the theory of Abelian functions 
and of curves. The propositions actually given are based upon 

Riemann, Theorte der Abel’schen Functionen, Ges. Werke, pp. 100—102 ; 

Roch, Credle, t. Ixiv, (1865), pp. 372—376 ; 

Klein’s Vorlesungen tiber die Theorre der elliptischen Modulfunctionen, (Fricke), vol. i, 

pp. 540—549 ; 


for further information reference should be made to the following sources :— 


Brill und Noether, Math. Ann., t. vii, (1874), pp. 269—10 ; 


Lindemann, Untersuchungen diber den Riemann-Roch’schen Satz, (Leipzig, Teubner, 
1879), 40 pp. ; 

Brill, Math. Ann., t. xxxi, (1888), pp. 374—409 ; ib., t. xxxvi, (1890), pp. 321-360 ; 

Baker's treatise, quoted § 239 and at the end of § 242 ; 

Appell and Goursat, Théorie des fonctions algébriques et de leurs intégrales, (Paris, 
Gauthier- Villars, 1895). 


Ex, 2. Prove that the algebraic equation which subsists (§ 118) between two 
functions « and v of a variable z, doubly-periodic in the same periods, is of class either 
zero or unity; that it is of class unity, if only one incongruent value of z correspond to 
given values of w and v; and that it is of class zero, if more than one incongruent value of 
z correspond to given values of uw and », (Humbert, Giinther.) 


Ex. 3. If between two uniform analytical functions P and Q, which have an isolated 
point for their essential singularity, there exist an algebraic relation, then, when either 
is regarded as the independent variable, the connectivity of the Riemann’s surface for the 
representation of the other is not greater than three, (Picard.) 
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244. We now pass to the consideration of another class of functions 
associated with a Riemann’s surface. 


The classes of pseudo-periodic functions, which have been discussed, 
originally occurred in connection with the functions that are doubly-periodic 
functions of the first kind; and it may, therefore, be expected that, in a 
discussion of functions which are multiply-periodic, similar pseudo-periodic 
functions will occur. 


These functions, in particular such as are the generalisation of doubly- 
periodic functions of the second kind, have been considered in great detail by 
Appell*; they may be called factorial functions +. 

But the essential difference between the former classes of functions and 
the present class is that now the argument of the function is a variable of 
position on the Riemann’s surface and not, as before, an integral of the first 
kind. It is only in subsequent developments of the theory of these functions 
that the corresponding modification of argument takes place; and a factorial 


function then becomes a pseudo-periodic function of those integrals of the 
first kind. 


We consider a Riemann’s surface of connectivity 2p + 1, reduced to simple 
connectivity by 2p cross-cuts taken, as in § 181, to be a, b,, c+, by, ..., 
Cy + dy, by. The functions already considered are such that their values 
at points on opposite edges of a cross-cut differ by additive constants, 
which are integral linear combinations of the cross-cut constants, necessarily 
zero for the portions c¢ in the case of all the functions. The values of the 
constants for the cuts a and the cuts b depend upon the character of the 
functions; they are simultaneously zero only when the function is a uniform 
function of position on the Riemann’s surface, that is, is a rational function of 
w and z when the surface is associated with the fundamental equation 


F (w, 2)=0. 


A factorial function is defined as a uniform function of position on the 
resolved Riemann’s surface, finite at the branch-poimts no one of which is at 
infinity; all its infinities are accidental singularities, so that it has no 
logarithmic infinities: and at two (practically coincident) points on opposite 
edges of a cross-cut the quotient of its values is independent of the point, 
being a factor (or multiplier) that is the same along the cut for all parts which 
can be reached without crossing another cut. 


* «Sur les intégrales des fonctions 4 multiplicateurs,..” (Mém. Cour.), Acta Math., t. xiii, 
(1890), 174 pp. This volume is prefaced by an interesting report, due to Hermite, on Appell’s 
memoir. 

They are also discussed in Neumann’s Abel’schen Functionen, pp. 273—278 ; in Briot’s Théorie 
des fonctions Abéliennes ; in a memoir by Appell, Liouville, 3™° Sér., t. ix, (1883), pp. 5—24; and 
they occur in a memoir by Prym, Crelle, t. 1xx, (1869), pp. 354—362. 

+ Fonctions a multiplicateurs, by Appell. 
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Then for any portion c the factor is unity, for any cut a it is the same along 
its whole length, and for any cut b it is the same along its whole length. 


In order to consider the effect of passage over another cross-cut on the con- 
stant factor, we take the figures of §§ 196, 
230. Where a, and b, intersect, we have 

F(a)=m,F(@), F (2:)=m, F(z); 
F(4)=n, F(z), F(@;)=n, F (2); 
where m,, m,’; ”,, , are the constants 
for the portions of the cuts a, and 6,. 

From these equations it follows that 
F' (z,)=n,m, F (2), 


and also =, MP (2), 


so that Ain = a 
Again, where c,4, cuts b,, we have 
/ / 
F(z) = Ny, F (2;), F (2 )= nF (26), 


so that, as F'(z,’)= F(z) when the points are infinitely close together, we 
have 


/ 

N, 
F (4) =— F (2), 

Ny 
or the multiplier (say /,,,:) for c,4: 1s b4,= — 
whence deo Soe ne 


Now a, is met only by b, and by no cut c¢: so that m,=m,’. Hence n, = nj’, 


and therefore ,=1. Hence m,=m,'; n»=n., and therefore /;,=1; and so on, 
so that 


bias = Le ch ie hee 


the results necessary to establish the proposition. 


We shall therefore take the factor along a, to be m,, and the factor along 
b, to be n,, for r=1, ..., p: and, by reference to § 196, the function at the 


positive edge is equal to the function at the negative edge multiplied by the 
factor of the cut. 


Before passing on to obtain expressions for factorial functions in terms 


of functions already known, we may shew that all factorial functions with 
assigned factors are of the form 


® (z) R(w, z), 


where ® (z) is a factorial function with the assigned factors and R (w, z) is a 
function of w and z, uniform on the Riemann’s surface. For if WV (z) and 
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® (z) be factorial functions with the same factors, then WV (z) + @ (z) has its 
factors unity at all the cross-cuts, so that it is a uniform function of position 
on the surface and is therefore* of the form R (w, z). It is therefore sufficient 
at present to obtain some one factorial function with assigned factors 
[LOR RSE SUA Ser eeI Oe 
Let w,(z), Ww. (2), ..., Wp (2) be the p normal functions of the first kind 
connected with a Riemann’s surface, with their periods as given in § 235. 


Let 7, (2), instead of a, of § 237, denote an elementary normal function 
of the third kind, having logarithmic infinities at «, and 8, such that, in the 
vicinities of these points, the respective expressions for 77, (2) are 

— log (¢—a%)+P(z—4%), 
and + log (— 8:1) + Q(z —B:); 
then the period of 7, (z) for the cross-cut a, is zero, and the period for the 
cross-cut 0, is 


2 (w, (Bi) — W, (a)}, 
for r=1,2,...,. It therefore follows that ®, (z), where 
P, (z) = 6, 


is uniform on the resolved Riemann’s surface: it has a single zero (of the first 
order) at 8, and a single accidental singularity (of the first order) at a,; its 
factor for the cross-cut a, is unity, and its factor for the cross-cut b, is 


e {wr (B,) — wr (aa)} 


The function ®,(z) may therefore be regarded as an element for the repre- 
sentation of a factorial function. 

Let @(z) be a factorial function on the Riemann’s surface with given 
multipliers m and 7; and let it have a number q of zeros f,, B., ..., By, each 
of the first order, and the same number g of simple accidental singularities 
0, By, ..., , each of the first order, and no others. Then ®’ (z)/® (z) has 2¢ 
accidental singularities; in the vicinity of the g points 8, it is of the form 


il 
Taq laze 


and in the vicinity of the q points a, it is of the form 


= + P(z—4a) 
aa 
SDA(Z) yee 
hence B(z) ea T; (2) 


* It may be pointed out that this result is an illustration of the remark, at the beginning of 
§ 244, that the factorial functions have a uniform function of position on the surface for their 
argument and not the integrals of the first kind, of which that variable of position is a multiply- 
periodic function, 
33—2 
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: ne 2’ 
is finite in the vicinity of all the singularities of et Thus 
q 
log D(z) — & m5 (2) 
s=1 
has no logarithmic infinities on the surface: neither log @ (z) nor any one 
of the functions 7(z) has infinities of any other kind; and therefore the 


foregoing function is finite everywhere on the surface. It is thus an integral 
of the first kind and is expressible in the form 


Dy, (Z) + Wey (Z) +... + 2ZAp_Wy (Z) + constant. 


P 
= 1; (2) SP a (2) 


Hence ®@(@)=Ae™ 


where A is a constant. 


’ 


The function represented by the right-hand side evidently has the q 
points 8 as simple zeros and the q points « as simple accidental infinities, 
and no others. Higher order of a zero or an infinity is permitted by repeti- 
tions in the respective assigned series. 


In order that it may acquire the factor m, on passing from the negative 
edge to the positive edge of the cross-cut a,, we have 


i= e2Arri ; 


and that it may acquire the factor n,. in passing from the negative edge to 
the positive edge of the cross-cut b,, we have 


qd p 
2 & {wr (Bs) — wr (as)}+2 & AKBrr 
n.=e = k=1 


The former equations determine the constants , in the form 
1 
> = omni log m,., 


for r=1, 2, ..., 9; and then the latter equations give 


s=1 2 
fOr = 1 ying Ds 


gq ) 
x {w, (Bs) — Wy (as)} = 4 log n,— oe > (By, log mx), 
TU few 


Apparently, X, is determinate save as to an additive integer, say M,; and 
the value of 4 log n, is determinate save as to an additive quantity, say N77, 
where V,, is an integer. The left-hand side of the derived set of equations 
being definite, these integers NV, and M, must be subject to the equations 


, P 
wiN, = = MyBy, 
k=] 
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for r=1, 2, ..., p; and therefore, equating the real parts (§ 235), we have 
3 Miprr = 0, 
k=1 


so that S > MM,prr = 9, 


k=1r=1 
which, by § 235, can be satisfied only if all the integers M, vanish and there- 
fore also the integers NV... 

Hence when the foregoing equations connecting the quantities a, 8, log n, 
log m are satisfied, as they must be, for one set of values of log n and log m, 
that set may be taken as the definite set of values; and the only way in 
which variation can enter is through the multiplicity in value of the functions 
Wy, +++) Wy, Which may be supposed definitely assigned. 


The expression for the function ® (z) is therefore 


q 1 P 
2 15 (2) +=, pa (2) log m,} 


Ag ; 
the q zeros 8 and the q simple poles « being subject to the equations 


q 1 P 
> = = —— : 
2 {wy (Bs) — Wy (as)} = $ log n, Tani Ra (Bry log mz). 


CoroLuaRy I. The function P(z) is a rational function of position on 
the surface, that is, of w and z, if all the factors n and m be unity. Such a 
function has been proved (§ 194) to have as many infinities as zeros; and 
therefore integers N,’,..., Np’, My, ..., M,’ exist such that, between the zeros and 
the infinities of a rational function of w and z, the p equations 

Pp 
py {Uy (Bs) — WU, (as)} = mi, = a My Bey, 
s=1 K=1 
or = 1, 250.95 Pp) suvsist * 

The function ®(z) then corresponds to a rational function, when regarded 
as a product of simple factors, in the same way as the expression (§ 241) 
in terms of normal elementary functions of the second kind corresponds 
to the function, when regarded as a sum of simple fractions. 

CoroLuary Il. Every factorial function hus as many zeros as it has 
cnfinities. 

For if a special function ® (z), with the given factors and possessing q zeros 
and ¥ infinities, be formed, every other function with those factors is included 
in the form 

F (z)=® (2) R (wy, 2), 
where R(w, 2) is a rational function of wandz. But R& (w, z) has as many 
zeros as it has infinities; and therefore the property holds of F(z). 


* Neumann, p. 275. 
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Further, it is easy to see that the equations of relation between the zeros, 
the infinities and the multipliers are satisfied for /(z). For among the zeros 
and the infinities of ® (z), the relations 

lave 
=— & (By, log mz) 
=1 


g 
= ae a 
ra Ls) — Wee) r= dO i Qt 5, 


are satisfied; and among the zeros and the infinities of R (w, 2), the relations 


(Bi) — w, (a!) = iN! = = (By My) 
are satisfied, where NV,’ and the coefficients M’ are integers. Hence, among 
the zeros and the infinities of #'(z), the relations 

> {w, (zero) — w, (© )} = 4 (log n, + N,’ 2art) — eI { Bi, log my + 2M; 71)} 
are satisfied, giving the same multipliers 1, and m, as for the special function 
D (z). 


Coronary III. Jt is possible to have factorial functions without zeros 
and therefore without infinities: but the multipliers cannot be arbitrarily 
assigned. 


Such a function is evidently given by 


eo" 1x, (2) : 


derived from ®(z) by dropping from the exponential the terms dependent 
upon the functions 7(z). The relations between the factors are easily 
obtained. 


Note. The effect of the p relations 


G 


> {wy (Bs) — W, (a)} = Flog n,. — = S (By, log mx) 


sal Tr k=1 


subsisting between the factors, the zeros and the infinities of the factorial 
function, varies according to the magnitude of q. 


If ¢ be equal to or be greater than p, it is evident that all the infinities a 
and y—p of the zeros 8 can be assumed at will and that the above relations 
determine the p remaining zeros. The function therefore involves 2g —p 
arbitrary elements, in addition to the unessential constant A. 


In particular, when qg is equal to p, the infinities a can be chosen at will 
and the zeros 8 are then determined by the relations. It therefore appears 
that @ factorial function, which has only p infinities, is determined by its 
infinities and its cross-cut factors. 

When q is greater than p, say =p+7, then the gq infinities and 7 zeros 
may be chosen at will. By assigning various sets of 7 zeros with a given set 
of infinities, various functions ®, (z), &, (2), ... will be obtained all having the 
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same infinities and the same cross-cut factors. Let s such functions have 
been obtained ; consider the function 


PD (2) = wD, (2) + po®, (2) +... + ess (2): 


it will evidently have the assigned infinities and the assigned cross-cut 
factors. Then s—1 ratios of the quantities ~ can be chosen so as to cause 
® (z) to acquire s—1 arbitrary zeros. The greatest number of arbitrary 
zeros that can be assigned to a function is 7, which is therefore the greatest 
value of s—1. Hence it follows that r+ 1 linearly independent factorial 
Junctions P, (2), ..., B+ (2) exist, having assigned cross-cut factors and p+r 
assigned infinities; and every other factorial function with those infinities and 
cross-cut factors can be expressed in the form 


PP, (2) + pos (2) + «0. + Mr Pris (2); 


Where fy, +++) Pri ae constants whose ratios can be used to assign r arbitrary 
zeros to the function. 


These factorial functions are used by Appell to construct new classes of functions in a 
manner similar to that in which Riemann constructs the Abelian transcendents. Their 
properties are developed on the basis of algebraic functions; but as only the introduction 
to the theory can be given here, recourse must be had to Appell’s interesting memoir, 
already cited. See also Baker's Abelian Functions, ch. xiv. 


BIRATIONAL TRANSFORMATION. 


245. It has already been pointed out (§ 193) that, if w’ denote any 
arbitrary rational function on a Riemann’s surface (say S) associated with the 


relation f(w, 2)=0, then w’ satisfies an equation fi(w’, z)=0. Similarly, 
if z denote another rational function on S, the elimination of w and z 


between the three algebraical equations 
UW = lye), 2 = iW, 2), fw, 2)=0 


leads to another equation F (w’, Z)=0 


Relations such as these, which express new variables w’ and z’ as rational 
functions of old variables w and z, are called transformations: sometimes 
rational transformations. Transformations exist between two sets of variables, 
each set being regarded as a pair of independent variables: with such 
transformations (which include the well-known Cremona transformations) we 
are not specially concerned, seeing that our variables w and z are connected 
by a permanent equation f(w, z)=0. We have to deal* with rational 
transformations between two equations such as 


fw, 2) =0, Fw’, 2) =0. 


* The difference is the same as the difference between the rational transformations of a plane 
and the rational transformations of a curve in the plane; the former give rise to the latter, 
though not to the whole of the latter. 
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The degree of F in w’ and 2’, when the orders of w’ and 2’ are known, can 
be inferred. Suppose that f=0 is of degree m in w and of degree n in 2; 
and let the orders of w’ and 2’, defined by the equations 


w'=R,(w, 2), 2 = BR, (w, 2), 


be m’ and n’ respectively. There are m’ positions on S which correspond to 
any given value of w’; each such position gives one value of 2’; and therefore 

, , . . . , 
there are m’ values of 2’ for any given value of w’, Similarly, there are n 


values of w’ for any given value of 2’. Accordingly, the equation 
’ / 
F(w, 2) =0 


is of degree n’ in w’, and of degree m’ in 2’. 


As the two rational functions of position on S, represented by w’ and 2’, 
are quite unrestricted, it follows that we can obtain an unlimited number of 
transformations of the equation f=0. We assume that / is an irreducible 
polynomial, that is, fcannot be resolved into factors rational in w and z,so that 
f=0 is an irreducible equation ; and we find that the equation F’'= 0, arising 
out of any rational transformation of f= 0, is such that the polynomial F 
either is irreducible or is some power of an irreducible polynomial. For let 
W, and Z, denote any values of w’ and 2’, which satisfy F=0; they arise 
through ‘some position wy, 2 on S: and let W, and Z, denote any other 
values of w’ and z’, which satisfy F=0; they arise through some position w,, 
z,on S. (In each case, there may be more than one position.) We can pass 
from wy, 2) to w,, 2, on S by a continuous path, which avoids all the branch- 
points, and which does not pass through any infinity of w’ or 2’; during the 
passage the values W, and Z, change continuously into W, and Z,. Hence 
when we have constructed the Riemann’s surface (say S’) associated with 
F=0, and take account of the dependence of w’ and 2 upon w and z that 
leads to #’= 0, it follows that, on this new surface S’, a continuous path exists 
which joins the position W,, Z, to the position W,, Z,. Also these positions 
are any positions on S’, because the values W,, Z,; Wi, Z,; are any values 
that satisfy #=0; hence (§ 176, Ex. 5, Cor. II.) F either is an irreducible 
polynomial or, if reducible, is some power of an irreducible polynomial. 

Consider any position w’, 2’ on S’. To the value of w’, there correspond 
m’ positions on S, say 

Oy, Ay 3 Az, Any +e+3 An’, Um’ 

and to the value of z’, there correspond n’ positions on S, say 


By, be: Bo, Dy vasge fiat by. 


Then as w’, 2’ constitute a position on 8’, it follows that one (or more than 
one) position on S must be common to the two sets. First, let only one 
position be common to the two sets. In that case, the simultaneous values 
of w’ and 2’ (which determine a position on S’) determine a single position on 
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S, that is, give w and z uniquely. Now w and z, as functions of position 
on S’, are manifestly not transcendental ; it has just been proved that they 
are uniquely determined by w’ and 2’; and they consequently are rational 
functions of position on S’, that is, we have 
= Sy (WZ). ee (We), 2 E(u, 2) = 0, 
where S, and S, are rational functions. Moreover in this case, to a general 
value of 2’, there correspond n’ different positions on S; each of these 
determines a value of w’, so that there are n’ values of w’; these values are 
all different, for taking the single value of z’ and the various values of w’ 
in turn, the n’ positions in the second set must be exhausted, and no first 
set has more than one point common with the second set. Hence to a 
value of 2’, there correspond n’ different values of w’. Also F is either an 
irreducible polynomial of degree n’ in w’, or it is a power of some irreducible 
polynomial; in the present case, therefore, F# is irreducible. Accordingly, 
the surfaces S and S’ associated with the two equations 
Fu, Os 0 fw.) =0 
are such that each position on one determines one (and only one) position on 
the other; and the variables of each position are expressible rationally in 
terms of the other, in forms 
w= R,(w, A w=S8,(w'’, nf ¥. 
2 = Ri, (w, 2) ZS, (UZ) 
where &,, R,, S,, S, are rational functions. Such a transformation is called 
birational. 


Next, let / os the sees on S be common to the two sets, which oe 


there eae a definite value a Zz; asl etans on S arise eae 
given values of w’ and 2’, it follows that other /—1 positions in the w’-set 
give the same value of 2. Let these be a, a,; ...; a, @; so that no other 
position in the w’-set gives that value of 2’. Take now some other position 
Aji, M441; it gives a definite value to 2’, and there are other /—1 positions, 
SAY O42, Ui423 ---} %1, Ay} Which give that value. Proceeding in this way, 
we see that m’ must be a multiple of J, say m’ = ml; and that the one value 
of w’, which gives m’ positions on S, gives rise to m’” values of 2’, each of 
them repeated J times. Dealing similarly with the z’-set, we see that n’ is a 
multiple of J, say n’=n"l; and that the one value of z’, which gives 7’ 
positions on S, gives rise to n” values of w’, each of them repeated / times. 
In this case, # is the Ith power of an irreducible polynomial F, (w', 2’), of 
degree mn’ in w’ and degree m’ in 2; and the surfaces S and S’ associated 


with the two equations 

fw, 2=90, hw’, z)= 
are such that to one position on S, there corresponds only a single position 
on 9’: while to one position on S’, there correspond / positions on S. The 
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transformation from f to F, is rational; it is not rational from F, to fF; that 
is, the transformation is not birational. 


Sometimes the results are expressed in geometrical language by saying 
that, in the former case, there is a (1, 1) correspondence between the curves 
f=0, F=0: and in the latter case a (1, 2) correspondence between the 
curves f= 0, F,=0. The whole subject of rational transformation is involved 
in the theory of correspondence between curves. 


Note 1. It has been proved that, in the equation F'(w’, z’)=0 obtained 
by eliminating w and z between 


w = Ri, (w, Zz), a = R, (w, Z), Tw, Z) = 0, 


the polynomial F either is irreducible or it is some power of an irreducible 
polynomial. Now when the values w’= R,, 2 = R,, are substituted in #’=0, 
the result is to give an equation in w, z only; so that, # (R,R,) must have 
J(u, 2) as a factor. It is not possible to prove that # is a power of f(w, 2), 
because this is not always the case. As one example of this remark, let 


w= TOW A) et Wee 
be substitutions, which leave w’ and z’ unchanged in form, that is, give 
iy = Ti Wi 2) 6s = tte We 


the equation F'(w’, 2’) =0 will be obtained in association with the relation 
F(T, T,)=9; and therefore F will contain f {T, (w, z), T.(w, 2)} as a factor. 
Thus when we substitute for w’ and z’ in F, the resulting expression may be 
divisible by factors other than f(w, 2). 


Note 2. When F is a power of a polynomial, some special process of the 
elimination indicated on p. 519 may lead, not to F, but immediately to the 
polynomial. The explanation is that the eliminant then obtained is not of 
the proper degree in w’ and 2’ as required on p. 520. As a trivial example, 
we see that the equations 


wWw+e2=1, w=w, g=2, 


lead at once to w’+2/=1, whereas F'(w’, 2’) is (w’ + 2’—1). 


Er. 1. Consider the transformation of the equation w3+25=1 by the relations 
1 py ame NYS 2,/ — y vy 
kw' =wz, 22 = aw + cz. 


As regards the degrees of w' and #, each of these variables is infinite only when |z|, and 
so | w|, is infinite. There are three such positions on the surface ; at each of them, w’ is 
infinite of the second order, and z of the first order ; so that m’, the degree of w’, is 6; 
and vn’, the degree of 7, is 3. Accordingly, the equation between w’ and z must be 
of degree 3 in w’ and degree 6 in 7. 


We have 
(aw — cz)? = 4 (2'* — kacw')=4A2, 
say ; so that 


aw=2+A, a—7— A 
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Substituting in w3+2=1, we have 
= (2 +A)s+a3 (Z- As 
=(c8 + a3) (42? — 3kacw’) 2 +(c3 — a3) A (422 — kaw’), 
and therefore 
(c3— a8)? (42 — kaw’)? (2? — haew’) — {a8e3 — (03 + a3) (42? — 3kaew") 2/2 =0, 
which is the equation /’(w’, 7)=0. Manifestly /’ is irreducible, so that the transformation 
is birational ; in fact, 
ae —(e3 +. a8) (423 — Bkacw’z’) 
(c3 — a3) (422 — kacw’) 4 


,_ 3 —(3+a3) (42 — 3hacw'z’) 
(8 — a8) (422 — hacw’) 


aw=7 + 


CZ =2 


Further, the original relations, which express w’ and 2’ in terms of the variables 
w and z, are unchanged in form when the latter are subjected to the substitution 


aw=cZ, =a: 


and therefore, when the values of w’ and ¢ are substituted in /'(w’, ’)=0, it is to 
be expected that the resulting equation will give rise, not merely to w3+2—1=0, but 
also to its transformation by the foregoing substitution. We have 


4 (2? — kacw') =(aw — cz), 
42% —kacw) =a®w*+acwz+ cz, 
422 — 3hacw' =a*w — acwz + c22*, 
Q2' =awt+ cz, 
so that #=0, on multiplication by 4, becomes 
(2 — a3)? (au — 0823)? — {2a%c3 — (c? + a) (a8ws + 032)\? =0, 
that is, 
— 4c8a3 (w? +2 — 1) (a%w + 0928 — a%e3) =0, 
The equation 
w+2—1=0 
is the original equation ; when subjected to the substitution aw=cZ, cz=aW, the other 
factor in / is obtained, thus verifying the inference. 


Ex, 2. Discuss in a similar manner the transformation of (1) the equation Aw+p2—1=0 
by the relations kw’ =wz, 22 =aw+cz; (ii) the equation w*+z23—3awz=1 by the relations 


Was =o 
Er. 3. Consider the transformation of the equation 


au + bw’z+2(2+1)?=0, 
by the relations 


w ; i 


)_? +1 ae 
w Zz 


The degrees of w’ and z are equal to the respective numbers of their infinities. In the 
vicinity of z=0, take z=; then w« ¢, and w' a ¢-1, za ¢~?; that is, the point counts 1 
for w’ and 2 for z. In the vicinity of z=7, take z=i+¢; then w« ¢, so that w’ is finite 
and z is zero: the point counts 0 for w’ and for z. Likewise z= —7 (where w=0) 
counts 0 for w' and for z. In the vicinity of z=o, take z=7"; then we 7°, and w'« 7, 
zo 7; that is, the point counts 1 for w’ and 2 for z’. Thus the degree of w’ is 2 
and that of 2’ is 4; the equation between w’ and z’ must be of degree 4 in w’ and degree 


, 


OP anny fa 
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Now we have 


so that 
w?+az+b=0; 
that is, our equation /’=0 is 
(w’?2 + az’ +b)?=0. 


Because F' is reducible, being the square of a polynomial, the transformation is not 
birational. 
Ex. 4, Discuss the transformation of w?+z’=1 by the relations 
kw'=we, 22 =w+z; 
in effect, the case of Ex. 1 when a=c, there supposed excluded. 
Ex. 5. Two Riemann’s surfaces are so related that, to each point on either, there 


corresponds one (and only one) point on the other; prove that the (bi-aniform) trans- 
formation between the surfaces is necessarily birational in its expression. 


(Picard.) 
246. We proceed to consider some of the simpler properties of equations 
(or Riemann’s surfaces) which can be birationally transformed into one 
another. In the first place, we have the theorem* that two equations (or 
Riemann’s surfaces), which are birationally transformable into each other, are 
of the same genus. 
Let p denote the genus of f(w, z)=0, and P the genus of F (w’, 2’) =0, 
which are transformable into one another by the relations 
w= R, (w, 2)) w=8,(w’, A 
Z= R,(w, 2))’ z=8,(w’, 2))’ 
where R,, R,, S,, S, are rational functions of their arguments. It is known 
that there are p linearly independent functions of the first kind on the 
Riemann’s surface S associated with f=0; each of them is everywhere finite 
on that surface. Denoting them by wm, ..., up in their normal form, consider 
any one of them, say w,, in the form 


When substitution for w and z in terms of w’ and 2’ is effected upon this 
integral, it becomes a function of w’ and 2’, that is, it becomes a function of 
position on the Riemann’s surface S’ associated with F=0. But though its 
form is changed, its value is unchanged, by mere transformation of its 
variables ; and therefore this function of position on S’ is everywhere finite 
on that surface, that is, it becomes a function of the first kind on 8S’. Let 
V,, +++, Up denote the P linearly independent functions of the first kind in 
their normal form, which belong to #=0; then (§ 234) w, is expressible 
in terms of them by an equation 


Uy = Cy + CyyVe +... + CpUp + cy, 


* Riemann, Ges. Werke, t. i, p. 112. 
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where the quantities c are constant. Similarly, we have 
Uy = Cn Uy + Ce +--+ CpUptc,, (r=2,..., p), 
where also these quantities c are constant. 
Now w, ..., Up are linearly independent, so that no relation 
KyUh + Kall +... + yy = K' 


with constant coefficients can exist; hence P must be at least as large as p, 
for otherwise determinantal elimination of the quantities v would lead to the 
forbidden relation. Hence we have 


el, 
Beginning with the functions 2, ..., vp, and treating them in the same 
Way aS %, ..., Up have been treated, we similarly obtain the result 
PZ p. 


Combining the two relations, we have 
p=, 
that is, the two surfaces are of the same genus. 


Moreover, the argument shews that a function of the first kind for one 
surface is transformed into a function of the first kind for the other surface ; 
and that the p normal functions of the first kind for two surfaces, which are 
birationally transformable into one another, are connected by equations of the 
form 

Up = CrVz + Crag + 0. + CryYy + Cr’, 
for r=1, 2, ..., p, the determinant of the coefficients ¢; being different from 
zero. 

Ez. Prove that a function of the second kind upon one of the surfaces is transformed 
into a function, also of the second kind, upon the other; and likewise for functions of the 
third kind; the surfaces being birationally transformable into one another. 

Further, let U,,..., U, denote the p adjoint polynomials of order n—38 
(where f is of eeeen nin w), which belong to the p normal integrals of f of 
the first kind; and let Vj, ..., Vy denote the p adjoint polynomials of order 
n’ — 3 (where Fi is of degree n’ in w’), which belong to the p normal integrals 
of F of the first kind. We have 


so that the above p relations between ~ and v give p differential relations of 
the form 


=< ee Ue 1 te (ae are sar Cep Me), 


ow Ow’ 
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satisfied in virtue of the birational transformation. Hence, when p > 1, we 
have 


U. Oey Vip rece Cua. oo 


Tae = = Deas ? 
Ui Og Vie ep C P) 


or the ratio of two adjoint polynomials of order n—3 for the one surface is 
transformed into the ratio of two adjoint polynomials of order n’—3 for the 
other surface, when the transformation is birational. When p= 1, we merely 
have 


U Vas 
eo on 
ow ow’ 


satisfied in connection with the birational transformation; and when p=0, 
there is no relation. 


The transformations of equations of genus 0 or 1 are to be considered 
separately. It is clear that, when two equations ~ of the same genus greater 
than unity, are known to be birationally transformable into one another, the 
equations 

OG, CaVit..c+ pV ip 
Oe Ga Vy ae cn he 


can be used to obtain the birational transformation. 


As a birational transformation conserves the genus of the equation to 
which it is applied, we naturally regard all equations, which are birationally 
transformable into one another, as belonging to the same class: and we have 


to determine what are the characteristics other than conserved genus upon 
which the class depends. 


To obtain these, take an equation of genus p(>1); (equations of genus 0 
and 1 will be considered separately, from this point of view as well as from 
the reason above): and on the Riemann’s surface of the equation, take a 
rational function z’, having w poles each of the first order. Let the positions 
of the » poles be chosen quite arbitrarily, and let their number be > 2p — 2, 
so that the rational function is not a special function (§ 242). Now 2’ contains 
w—p+1 arbitrary constants, which enter linearly (§ 240: the number q 
is zero, because “ > 2p —2): and therefore as the positions of the poles are 
arbitrary, each of them accordingly being determined by an arbitrary quantity, 
it follows that the total number of arbitrary constants in 2’ is 


(H—pt l)+py, =2u—-p +l. 


Choose 2’ as the independent variable for a transformed equation. Since 
the degree of 2’ on the original surface is ~, being the number of its 
infinities, we know (§ 245) that the degree of the new equation in its 
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dependent variable is equal to ww; hence the new Riemann’s surface is 
p-sheeted. As its genus is equal to p, its ramification is given by 


= 2(u+p-1). 


Now when the branch-points and the branchings of a surface, of given genus 
and given number of sheets, are assigned, the surface is definitely known as 
(at the utmost) one of a limited number (§ 212: footnote). The corresponding 
equation is then known (§ 193) so that, as 2’ is known, the dependent variable 
can be regarded as determined by the assignment of the ramification: it 
contains no independent arbitrary element. 


We have 24 —p+1 disposable constants by which to meet the demands 
of the ramification, which amount to 2u + 2p —2 constants: hence there are 


3p — 38, 


=2u+2p—2—(2u—p+4+1), constants surviving, as undetermined by the 
arbitrary elements in 2. The transformation is, of course, definite; and 
therefore these 3p—3 quantities are determined by the first surface. 


It therefore follows* that the class of equations, which are birationally 
transformable into one another, are determined by 3p—3 quantities; they 
are called the class-modult of the equations. 


In this result, which is due to Riemann, one modification must be made, 
as pointed out by Klein}. In the course of the proof, it was assumed that all 
the 24 —p+1 disposable constants could be used to determine 2u—p+1 
quantities connected with the ramification. As will be seen, a surface may 
be transformable into itself by a birational transformation; and it might 
happen, in such a case, that the transformation contained arbitrary constants. 
If p be the number of these arbitrary constants, then it follows that, in the 
transformation under our earlier consideration, we cannot use more than 
2u—p+l1-—p of the arbitrary constants in z for the ramification of the 
surface ; and therefore the number of class-moduli is 


OQ — (24 —p+1—p) 
=3p-—3+ . 
As a matter of fact, p=0 when p>1 (p. 548); p=1 when p=1 (p. 542); 
p=3 when p=0 (p. 532): all of which results will be established later. 
Ex. 1. Consider the equations 
UZ (en l= Za, Wy = Uy , 
where Z, is a sextic function of z, w is a quartic and wv, is a quadratic in z. Each of the 
equations is of genus 2; and therefore it may be expected that, if they are birationally 


* Riemann, Ges. Werke, p. 113. It is assumed throughout that each equation is completely 
general: it may happen that, for equations which are special in form, the number of class-moduli 
is less than 3p —3. 

+ Ueber Riemann’s Theorie der algebraischen Functionen, (Leipzig, Teubner, 1882), p. 65, 
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transformable into one another, three (=3.2-—3) relations among their constants will 
be satisfied. 


Integrals of the first kind belonging to the first equation are 
[48s [ata 


and integrals of the first kind belonging to the second are 


| (Uy Uy) * de’, i 7 (Uyuy)* de. 
As the equations are to be rationally transformable into one another, we have (§ 246) 
2,73 de =y (tgtty) dd +82’ (ttyl) 3 dz, 


Ly? dz=a (ty ty) —F dd + Bd (tity) ~* dz, 
and therefore 


fee bed 
i y+o2 : 
Take w=WUK, 


where X is some function of z; then 

Lig— KU Uns 
In other words, the effect of substituting (a+ 87)/(y+6) for z in the sextic Z, must be to 
give a multiple of the sextic w.w, ; so that, taking 


ae (y+67)—3, 
where ¢ is a constant, we have 


Uf, yo J ht Ni 
Zs (atB2, y+62')=euguy. 
In order that one sextic may be transformable into another by a substitution 
Z#:1=a+Pz : y+d2, 
they must have their invariants the same save as to a factor. The invariants of a sextic 
are of degree 2, 4, 6, 10 (as well as one of degree 15, the square of which is expressible as 
an integral function of the others); denoting them for Z by J, L,, Lj, Jy), and for 
Ug, by Jy, Jy, J5, Jy respectively, three relations as required are 
<9) ee -2 
db Shh 
-3 -3 
Lyla? =Tey 
a —f 
Ly l.~> =S yy. 
In order to find the actual transformations, we compare the coefficients in 
Ze (atB2’, y+d2') =cut, uy. 
There are seven equations, each expressing some homogeneous combination of dimensions 
six in a, B, y, 6 in terms of ¢? and constants. The equations are equivalent to four 
in virtue of the preceding three relations; they therefore suffice for the determination of 
a, B, y, 6. The transformation thus is 
a+Bz eu, 
——, w= ——2_, w', 
y+6z (y+6z s 
which happens to be a Cremona transformation. 


J Ew. 2. Consider the birational transformations of the equation 


w= U, 
where U is a quartic function of z. 
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Let H, ® denote the Hessian and the cubicovariant of U respectively : J, J its quadrin- 
variant and its cubicovariant. Then 


CU OL 


= —4734 7(72H-JU°*. 
Take a new variable z’ such that 


2U+H=0; 
then 
dz’ _ 26 
dz U? 
and therefore 
dz dz’ 


* Ot (4 OF 
Accordingly, the integral of the first kind, belonging to the equation 
w= CT, 
becomes an integral of the first kind, belonging to the equation 
w?= 423 — [7 — J; 


the equations of (birational) transformation being 


pee tinea 3 
eee cadre wenn 
The integral of the first kind can be transformed slightly by writing 
Z1L=JC; 
it becomes 
phages Ge 
eS eis 
where 


A denoting the discriminant of the original quartic, viz. A=/*-—27/%, Thus 
QT dz d¢ 
FO (4p ¢- 1) 
so that the integral of the first kind associated with the original equation becomes 
a constant multiple of the integral of the first kind belonging to the equation 


w=4503— (—1, 


? 


with which it is birationally related. 
In order to determine all the equations of the same class as w?- U=0, it is clear that, 
in each case, their integral of the first kind must be a constant multiple of 


{—S 
J (4p¢8—¢-1)¥ 
that is, the constant p is the (sole) class-modulus. It manifestly is the single absolute 
invariant possessed by the quartic; and so we infer the result that the equations 
P= (Ue, 1). pai WW Gr IN). 


where U and V are quartic functions of 2 and 2’, are birationally transformable into 
one another, if the quartics have equal absolute invariants*. 


* Hermite, Crelle, t. lii, (1856), p. 8. 
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In particular, consider the equation 
w'=(1—7?) (1-2); 


if it is to belong to the same class as w?=U (z, 1), its absolute invariant must be the same. 
Now 
T=; (14+ 14+ ¢?), J=sh, (1 +0) (1—- 34e+c?), A=,;¢(1—e); 


accordingly, the condition is that c satisfies the equation 
(1+ 14e+¢?)8 a a? 
108¢(1—c)t A’ 
As a very special case, we infer that the equations 
w= (1—2*) (1- az), w?=(1—2?) (1—cz’”), 
are birationally transformable into one another if 
(l+]l4a+a’)s_ (1+14¢+*)3 | 
a(l—at ~  e(l—c)}t ’ 
the actual construction of the transformations is left as an exercise. 


Ex, 3. Obtain Riemann’s theorem as to the number of class-moduli of a class of 
algebraic equations from a relation of the type 
V= ayy +... + app +B, 


which (§ 246) connects integrals of the first kind associated with equations that are 
birationally transformable into one another. (Riemann. ) 


247. We proceed to the consideration of some properties of equations, 
which are of genus 0 or 1; these having been reserved for separate treat- 
ment. 


As regards equations f(w, z)=0 of genus zero*, the fundamental property 
is that each of the variables can be expressed as a rational function of a single 
parameter: when f=0 is interpreted as a curve, it is said to be unicursal. 
To prove this, take a polynomial U (w, z), of degree m in w and z; and make 
it vanish at each of the multiple points of f=0, in such a way that the 
point is of multiplicity \X—1 for U=0, where X is the multiplicity of the 
point for f=0. Accordingly, in the intersections of f= 0, U=0, these 
multiple points count for 


2A (XA —1), =(n—1)(n— 2) —2pF, 


intersections: that is, in the present case, they count for 


n(n—38)4+2 


intersections ; and therefore the remaining number of points common to the 
two curves is 
nm — {n(n — 8) 4+ 2} 


=n(m—n+3)—2. 


* For a full discussion, see Clebsch, Crelle, t. xiv, (1865), pp. 43—65. 
+ See p. 506. 
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Hence m must be greater * than n—3; we take it equal to n— 2, so that the 
number of other points is n—2. We therefore assign n— 3 arbitrary points 
on f=0, and make our polynomial vanish at each of them, so that one point 
is still left, and therefore one arbitrary element (it can only be a constant) is 
still undetermined in U. Take then two particular polynomials of degree 
n — 2 satisfying all these conditions, and let them be U,, U,; then any other 
polynomial satisfying the conditions is of the form 


and the value of w will be deter mined by making the curve pass through one 
other point on f=0. Between f=0 and U,+yU,=0, eliminate z; the 
eliminant is rational in w and pw. The roots of the eliminant are the values 
of w that belong to the multiple points of fin their proper multiplicity, the 
n —3 values of w that belong to the assigned points, and one other. Removing 
all the factors that belong to the multiple points and the assigned points, we 
then have a linear equation which is rational in w: that is, w is expressible as 
a rational function of w. Similarly, z is expressible as a 1 rational function 


of the same quantity ~; and the proposition therefore is established. 


Moreover, we have 


U; 


U;? 


that is, the argument pw of these rational functions is expressible as a rational 
function of w and z. 


The degrees of the rational functions, which express w and z in terms of 


= . 
#, are not greater than n. Let the expressions be 
hie (4) _% (H). 
~ file)? pa (pw)? 


and denote by ¢ (u) the greatest common measure of ¢, («) and ¢, (uw). Now 
any straight line, say 
: Aw+ Bz+C=0, 


cuts the curve f= 0 in n points; and therefore the equation 


AP) (wu) NS 
i (uw Fay ae a icra ) ve (MH) + Ob (m) = 


must give values of pw, one for each point, that is, it must be of degree n. 
Hence the degrees of 
 (#) 


(ph) 
vi (4); rae he 4); 


i (4) 
cannot be greater than n. 


* This result is in accordance with § 205. For U is an adjoint polynomial; the number of 
adjoint polynomials, which are of degree n—3, is p, viz., zero in the present case, 


34—2 
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Conversely, if the variables w and z of an equation f=0 are rationally 
expressible in terms of an arbitrary parameter, the equation is of genus zero. 
For if the genus were greater than zero, an integral of the first kind, say 


would exist which would be finite everywhere on the associated Riemann’s 
surface. Substituting for w and z their values in terms of yu, we should have 
the integral 


[Rwa 


(where R is a rational function) finite for all values of ~—an impossible 
result. Hence the genus of the equation must be zero. 


Further, any curve (or equation) of genus zero can be birationally trans- 
formed into any other curve (or equation) of genus zero by relations whach 
involve three arbitrary parameters. Let one of the equations be represented 
by 

Us == Keil) ae die (po, On tee Nie 
and the other by 
w = 8, (X); 4 =85(X)y Aa Se): 


where R,, R,, S,, S,, R, S are rational functions. In a birational transforma- 
tion, one set of values of w and z determines one set of values of w’ and 2’, 
and vice versa; therefore one value of « determines one of X, and wiece versa, 
so that the relation between X and yp is of the form 


arnt+b 
erage a & 
where a, b, c,d are arbitrary. This relation, containing the three arbitrary 
parameters a:b: c¢:d, gives the birational transformation 


a. (= +: ) oe & 4 ‘\ 


cS +d oS+d 
Po Na b—dk ais, b-—dk : 
es (ea) aes. (-e—3)3 


establishing the proposition, 


It is an immediate corollary that any curve of genus zero can be biration- 
ally transformed into itself by equations that contain three arbitrary parameters ; 
thus the quantity p of p. 527 is 3 when p=0. If desired, the three parameters 
can be determined so that any three assigned points correspond to three 
other assigned points. 
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Note. It may happen, in a particular instance, that the actual express- 
ions for wand z in terms of the parameter are obtained in a different 
manner, so that 


w=R,(r), z=R,(r), 


but that > is not a rational function of wand z. Thus the possibility could 
arise from the preceding result by taking 
w=S (dr), 
: an +b 

where S is a rational function of X not of the form aur we then should 
only have S(A) equal to a rational function of z Such a representation, 
which may be called sub-rational, is easily detected in fact, because the 
equation 


Aw+ Bz+C=0 
then gives more than » values of X; and it can be corrected in form by the 
suitable inverse substitution, which can be obtained as follows*. 
Suppose that, in the expressions 

. _ 4,(r) _ 9(r) 
=— , =. 

x (X) X2 () 
where the quantities @,, 4, x1, %2 are polynomials, s values of X, say 
Ai, Ao, «++» Ag, correspond to given values of w and z: then the equations 


£, () = 0, (V) Xi (u) — 4, (u) Xi (A) =0, 
Er, (X) = 2(X) X%2 (Mr) = 82 (Aa) X2 (A) = 9, 


0) 


have the s roots X= 4, Ay, --., Ay common. Also each of these roots is simple 
for each of these equations; because if any one were multiple, say, A, for 
E,(x)=0, then it would satisfy 


01’ (X) xX (An) — 1 An) xy’ (A) = 9, 


OO) _ 0) 

A (A) x A)’ 
when X=2r,. The quantity , would then satisfy an algebraic equation 
the coefficients of which are non-parametric constants 
excluded when 2, (and so the other values of Ay, ..., Ax) are parametric. We 
therefore can obtain the greatest common measure of 4,(X) and L(A) in the 


so that 


a result obviously 


form 
Ole OSs) 


=! P+ py oe, 


Now not all the quantities w can be absolute constants: some at any rate 
must be a function of A,, say pw, 1s such a function. But pw, is a symmetric 


* Livoth, Math. Ann., t. ix, (1876), pp. 163—165. 
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function of d4, ..., Ax, So that it does not change its value when dy, ..., As 
replace \,; hence it acquires only a single value for given values of w and 2. 
Moreover, to a given value of jy, correspond s values of 2; if one of these be 
d,, the others are As, ..., Ay, because w is a symmetric function of Ay, «..., As. 
Hence to a given value of ,, there correspond a single value of w and a 
single value of z: that is, when the equations 


_ 0) 0.2) 
Ne (A) X2 r) ; 


are transformed by the relation 


Ww 


= fy (X), 
the result is of the form 


Ex. 1. The equation* 
(y? + xy +2”)? = 1l6ay (4yx — 382 —3y4+4)? 
is of genus 0; so that w and y are rationally expressible in terms of a variable parameter. 
To obtain their expressions, we notice that wy must be a perfect square; so that, writing 
MENTE 2+Y=phy, 
we have 


p?+46?= 46 (467-—3n +4), 
and therefore 


(4+ 60)? =166 (146). 
Hence @ is a perfect square, say 6=)?; then 
TNs vty=p=4r- 6072+ 408. 


Accordingly 
(y - 2)? =p2— 48 

= (40 — 8d? + 408) (4 — 424 403) 

= 16d? (1—A)? (1-A +22), 
so that 1 -A+A? must be a perfect square. Take A=5, so that P?— PY+ Y? is a perfect 
square. This form will be secured for P?—PQ+@Q*, =(P+Q)(P+2Q), where @ is 
a cube root of unity, by writing 

P+Qo=(a-o*)*,  P+Qe*=(a-o)?, 

so that P=2a+a*, Q=1+2a, P?—-PQ+@?=(1+a+a®)?: which gives 


2Qa+a? Lia? l+a+a- 


y—uv=4 ‘ [ eee 
1+2a 1+2a 1+2a 
Also 
yronpng te Sab eA MAE Kt 
1+2a (1+ 2a)? 
hence 


y¥=a 2+a ‘ pore | 2+a 
L+Sag 4 4 - EES 


* It is one form of the modular equation in the cubic transformation in elliptic functions ; 
Cayley, Coll, Math. Papers, t. ix, p. 170. 
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It is clear that the line 
Ax+By+C=0 


gives rise to six values of a; it cuts the original unicursal sextic in six points; and 
therefore the expressions are rational, not merely sub-rational. To express a in terms of 
z and y, let 


Pe eey te 
~ 4ay—3a—3y+4’ 
then 
ee ee a(2+a)\* 
U =160y=16 | l42af? 
so that 
2+a))\? 
7 aa {a8 
: e | 14+2a } } 


as may be verified directly by substituting the values of « and y. Also 


y _ 2+a 2 
ca \a (1+2a) 2 
U: 
vee 
4y 
=27+2ax — 2a°, 


so that 


from the value of «; and therefore 


(¢-1) £=2a (w—1)4+2a(1 a”). 


4y 
Also 
U _a(1+2a) 
4y ~~ ela 
so that 
U ee a 
4y 7 OSaR” 
accordingly 
U 
(7) v=2a(7—1)+a(2+a) (1-z), 
and therefore 
On 
°~ dy 
a?+2a—— +7 =0 
ieee 
oY 
From the expression for ——, we have 
U U 
2 Bo eS eS 
2a* +a (1 z) Dy 
Subtract this equation from twice the preceding quadratic ; and we have 
(4¢— 2 
47 — — = 
Bee ie = 
a | : ii il ty + toy 0, 
4y 


which, on substituting 16y for U? when it occurs, leads to 


4ny —4x-+U(1—y) 
x Bay —2Qy—-Qe—U ° 


a= 
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Ex. 2. Shew that the coordinates of the curve in the preceding example can be 
rationally expressed in terms of an arbitrary parameter 8, by taking 
pt — 68? +48 
483 — 6B82+1 
as a value for X in the investigation. Obtain the relation between a and 8: and thence 
(or otherwise) shew that this representation is sub-rational. 
Ex. 3. Discuss the curve represented by the equations 
(e+ 1? Wee) 
M+ B+ 1? A+ 341° 
Ex. 4, Obtain relations of birational transformation which transform the unicursal 
quartic 


(Liiroth.) 


vy? —Qny (guthy) +ax* + 2bey + cy?=0 
into the circle #?+y7?=1. 

248. Some of the simpler properties possessed by equations (or curves) 
of genus unity* can be obtained similarly. In the first place, we have 
Clebsch’s theorem that the variables can be expressed as rational functions of 
a parameter 0 and of ©}, where © is a polynomial of either the third or the 
fourth degree in @. To establish this result, we take an adjoint polynomial 
U of order n — 2 in w and z, where fis of order n; we make it vanish at each 
of the multiple points of f to the multiplicity A — 1, when X is the multiplicity 
of the multiple point of f; and we make it pass through n — 2 arbitrarily 
assigned points on f=0. Then the number of remaining intersections of 
U=0 and f= 0s 

n(n —2)—-(n—2) -—SA(A— 1). 
But (§ 240) we have 
=A (A — 1) =(n—1) (n— 2) — 2p 
=n(n—8), 
in this case; and therefore the remaining number of points of intersection is 
n(n —2)—(n—2)—n(n— 38), =2. 
Let U,=0, U,=0, be any two curves satisfying all the conditions of U, as 
regards its order, and its relations to the multiple points of f, and the n—2 
arbitrarily selected points on /; then 
U, + 0U,=0, 
where @ is arbitrary, is another such curve. It cuts f= 0 in two points, other 
than the multiple points and the assigned n —2 points; hence eliminating 
z between 
U,+0U,=0, f=90, 
and removing from the eliminant the factors that correspond to the multiple 
points and the assigned points, the remaining factor must give the values of 
w for the two points, that is, it is a quadratic in w. Hence we have 
w= A + BO}, 


* Tor a full discussion, see Clebsch, Crelle, t. lxiv, (1865), pp. 210-—270. 
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where A and B are rational functions of 6, and © contains no repeated factor. 
Similarly, by eliminating w, we should have z= C+ D@,, where C and D are 
rational functions of @, and ©, contains no repeated factor. Substituting 
these values of w and zg in U,+ 0U,=0, f=0, the equations are to be 
satisfied ; and therefore the radicals ©?, ®,2 are the same. Thus we have 


w=A+ BO}, z=C+ DO, 


Moreover 


the first represents @ as a one-valued function of w and z; the second, on 
substitution of this value for @, represents ©! as a one-valued function of w 


and z. Hence, writing 
d=2', O=w’, 
we have 


w?=0(0)=0(2’); 
results which shew that the equations 
S=O. wea (2), 
are birationally related by the equations 
w= A{Z)+wBb(z), z=C/)+wD (Zz). 


Now when two equations are birationally related, we know (§ 246) that their 
genus is the same; hence the genus of w’*=© (z’) must be unity. This can 
be the case only if @(z’) is a cubic or a quartic polynomial in z’; and there- 
fore © is a polynomial of either the third or the fourth degree in 6. The 
proposition is established. 


Such curves (or equations) are called bicwrsal by Cayley*; they also are 
sometimes called elliptic, because the equation w? = @(z’) is associated with 
elliptic functions, an association that leads to another mode of expression, as 
follows. If @ be of the third degree in @, a linear transformation of the form 
S=a+ 6 changes © into 


4S? — Gov =. Ys. 
If @ be of the fourth degree in @ and k be one of its roots, a transformation 
il cp: 
@=k+—, O=—, 
p ¢ 


leads to an expression of the same kind, where ® is of the third degree and 
so can be taken (after the above) as 4¢'— 9.6 —g;. Moreover, both of these 
transformations are birational; and neither of them affects the general 


* Coll. Math. Papers, t. viii, p. 181. 
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character of the expressions for w and z, which accordingly can be taken in 


the form 
w=A+BGi, z=C+ D9}, 
where 
D = 4? — Gop — gs ; 
A, B, C, D are rational functions of ¢; and ¢, ? are rational functions of w 
and z. Now take ¢=@(a), where a is a (new) parametric quantity; then 


? = @' (a), and so 
w=—A + BQ, z=C+ DQ, 


where A, B, C, and D are rational functions of @(a). In other words, the 
coordinates are expressible as uniform doubly-periodic functions of a single 
parameter a; also @(a) and @' (a) are rational functions of the coordinates. 


This form leads to interesting applications of elliptic functions to curves 
of genus unity, in particular, to plane nodeless cubics; these applications 
must be sought in treatises on elliptic functions and treatises on geometry. 


Ex. Shew that if the coordinates of a point on a curve are expressible as uniform 
doubly-periodic functions of a single parameter, the genus of the curve cannot be greater 
than unity. Is it necessarily equal to unity, or can it be zero ? 


As regards the degrees (in the parameter) of the various functions that 
represent the coordinates, there is a difference of form, according as the 
equation is of even or of odd degree. Let R denote the least common 
multiple of the denominators (if any) of the rational functions A, B, C, D; 


and let 
abot _S+7o} 


fa aaa ar 


where P, Q, R, S, 7’ are now rational polynomials in the parameter ¢. 


Ww 


If the curve represented be of odd order 2m +1, the line 
aw+ Bz+y=0 
must eut it in 2m-+ 1 points; so that the equation 
ie (aP + BS + yRY = (aQ + BT) (4d? — gp — gs) 

must give 2m +1 values of ¢. Hence, in the most general case, the degrees 
of P, S, R are m, and the degrees of Q, Tare m—1. Thus a curve, of order 
2m +1 and genus 1, is represented by 
GAME (HTD! (DH GG, I! 

(f, 1)” i ok ($, 1)” 


where P=4'—y.p-g,;; of course, in particular instances, considerable 
simplifications may occur. 


Ww 


If the curve represented be of even order 2m, the line 


aw + Be+y=0 
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must cut it in 2m points; hence the equation 


(aP + BS + yR) = (aQ + BLY (46° — gob — gs) 
must give 2m values of ¢. Hence, in the most general case, the degrees of 
P,8, & are m, and the degrees of Q, 7 are m—2. Thus a curve, of order 
2m and genus 1, is represented by 


ete me ee ete Oe 

(p, 1)” (p, 1)™ 
where @=4¢?—g.6 —g;; of course, in particular instances, considerable 
simplifications may occur. 


W 


Ex, 1. The sextic equation 
(y? + Gay +4?) = 16xy (ay +1) 
is of genus 1; express the variables 2 and y rationally in terms of a parameter $ 
and the appropriate &, (Cayley. ) 
Ex. 2. Likewise express in that form the variables of the equations 
y= (a —a)* (a —b), 
y=(a4—a) (a —b), 
yi=(v-a) (ed), 
y=(@—a) (w— by, 
y= (v—a)? (wb), 
p=(e—a) (2b), 
y=(«—a)> (wb)! (wo, 
y=(e-4)? (7—b) (wo), 
y= (e— a} (wb) (0-0), 


respectively: all being of genus unity. 


Ex, 3. Shew that the quartic equation 
a (a? +y?)? + bay +0u (1 +y") +dy (1+27)=0 
is of genus unity; and express its variables algebraically in terms of a single parameter. 

Note. It may happen (as for unicursal equations) that expressions of the variables in 
a bicursal equation haye been obtained, which are of the proper type but are of too 
high degree: so that, in particular, @ and ©? are no longer one-valued rational functions of 
w and z. 

The representation of the variables can be modified, so that the new form shall 
satisfy the conditions as to degree. A method of modification is given in the memoirs by 
Clebsch and by Cayley, which have already been quoted. 

As regards birational transformation of equations of genus unity into 
one another, we infer, from Ex. 1, § 246, and from the fact that such an 
equation is birationally transformable into w*=@(z’), that such equations 
are characterised by the possession of one invariant modulus. Considering 
then the class of equations of genus unity that is determined by a modulus, 
we investigate the number of birational transformations of one curve into 


another and, in particular, of one curve into itself. 
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We have already seen that birational transformations exist between any 
curve of genus unity and the curve 


w? = 42 — gz’ — gs, 


where g,’g;~ is a measure of the invariant modulus. In the first place, 
there is an infinitude of birational transformations of this curve into itself 
or, otherwise stated, there is a birational transformation of this curve into 
itself containing an arbitrary parameter. The result can be seen intuitively 
from the properties of the plane nodeless cubic. We take any point on it, 
say A, depending upon an arbitrary parameter a, and through A draw any 
straight line which will cut the cubic in two other points, say P and Q. 
Then P and Q uniquely determine each other, that is, they are birationally 
related; the analytical expression of the relation contains a, which is an 


arbitrary parameter. 


The analytical expressions can be obtained simply as follows. Any point on the cubic 
curve is given by z=@(a), w=@'(a), where a is arbitrary, say by @, @’; and any line 
through it is given by 

W-—Q’'=m (Z—-@). 
Where it cuts the cubic, we have 
4Z3 — 9,0, — g,={9' +m (Z—@)}? 
= 408 — 9,0 —g,+2m@ (Z—-@) +m? (Z- @)?. 
One root is, of course, Z=@; let the other two be z, 2’, so that these are roots of the 
quadratic 
4Z7+Z (40 — im?) +m?0 — 2m’ + 49? — g.=0. 
Hence 
z+2=jm'-9@, 422’ =O — 2mO' + 40" — go; 
and therefore 
' , ad Leas 4 a) 
2 = 40 (2+2' +0) —20 = +40" — go, 


which leads to 


y 20 +240? — 92) — 209 — 9:0 — 295 
i 4 (z-@)/ 
Also ® 
w—-— 7-9 
ye i = z—@” 
which leads to 6 » 
2 (129? ~ gy) — 20’ — (4° +. 9.0 + 29s) 


w =9'+(w-@) 


4(z—@)8 


The expressions for 2’ and w’ constitute a birational transformation of the given equation 
into itself, the transformation involving an arbitrary quantity a through the functions 
@ (a), Q' (a). 

Simple forms can be obtained by assigning particular values to a. Thus writing 
a=", so that @=e,, Y’=0, the transformation is easily reduced to 


and so for other cases. 


Hx. 1. Indicate the relation of these results to the formule of the addition-theorem 
for Weierstrass’s elliptic functions. 
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Ex. 2. Obtain birational transformations of the equations 
G) w+2=1, 
(i) w?=(1 — 2) (1 — ce”), 
such as to contain an arbitrary quantity and to transform the equations, each into itself. 


Ex, 3. Prove that birational transformations of a plane cubic into itself exist, 
depending algebraically upon an arbitrary parameter 6 in the form 


w'=Rh,(w, 2, 6), 2=Rh,(w, 2, 6), 


such that, for a particular value of 6, the transformation becomes w’=w, 2 =z. 
(Appell.) 


Returning now to the consideration of two equations of genus unity 
with a common invariant modulus, let them have the form 


F (w,, 2) = 90, G9 (We, 2) = 0. 


The former can be birationally transformed into the curve 


w? = 42° — gz — Gs, 


with the common invariant modulus, by relations of the form 


w,=A(z)+wB(z) %4=C(z)+wD “ ‘3 
ZW ey), w= E (w;, 4;) 
The latter can be birationally transformed into the curve 
W?=42' — 9.Z — 9s, er 


also with the common invariant modulus, by relations 
w,=H(Z)+ WF (Z), 2=G(4Z)+WH(Z)) ~ 
Li ad Wan eee), W258, (405, 2) 
Now the curves 
w? = 42° — goz— Qs, W?=42° — 9,2 —gs, 


(being one and the same), can be birationally transformed into one another 
by relations that involve an arbitrary parameter, say in the form 


w= P,(W, Z,.), g2=P,(W, Z, a 
W=0,(w, 2, a); LQ; We Bra) i 


Then the relations 


w, = A(z) + wB(z), 2, = C(z)+ wD (z) 
i P, CW; Z, a), BS P, ( W, Z, a) 
Z =S8,(W2, 22); W=S, (ws, 22) 
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express w, and 2, uniquely in terms of w,, 2, and a. Also the relations 


Ww, = H(Z)+ WF(Z), 2=G(Z)+ WH (Z) 
WO) (0, 2-4), Z=W,(w, 2, a) 
= Tai, 2), Le a Coe ay 


express w, and z, uniquely in terms of w,, 2, and a. The relations therefore 
express a birational transformation, and they contain an arbitrary constant ; 
hence we have the theorem: An equation, of genus unity, is birationally 
related to any other equation, of genus wuity and the same invariant modulus, 
by equations which involve an arbitrary constant. 


Also we infer, as an immediate corollary, that any equation of genus 
unity admits an infinitude of birational transformations into itself; the 
equations of transformation involve an arbitrary parameter algebraically. 
Hence, when p=1, the number p of p. 527 is unity. 


We have seen that, in a birational transformation, an integral of the first 
kind belonging to one equation is transformed into an integral of the 
first kind belonging to the other. When the genus is unity, each equation 
possesses only a single integral of the first kind; and denoting it by » 
for the equation f(w, z)=0, and by w for the transformed equation 
w? = 42” — g.z' —g;, we have (§ 246) 


v=autb, 


where a and } are constants. But wis the argument of the doubly-periodic 
functions in terms of which w’ and 2’ are expressed; hence v is effectively 
that argument, in other words, the integral of the first kind associated with 
an equation of genus unity is effectively the argument of the doubly-periodic 
functions in terms of which the variables are expressible. 


Consider also, in this connection, the birational transformations of the 
equation f(w, z) = 0 into itself, say into f(w’, 2’)=0. After the preceding 
result, we must have some relation 

v(w’, 2) =av(w, 2) +6, 
where a and 6 are constants. The integral of the first kind connected 
with an equation of genus unity possesses two distinct periods; let them 
be denoted by @,, @. It is clear that when v (w, z) increases by a period, 
then v(w’, 2’) also changes by some period: and likewise for v(w, 2), 
when v(w’, 2’) increases by a period. Hence we have 
NO, + MO, = da,, No, + p’@, = hes, 


from the first of these results, », w, ’, uw’ being integers: and 


@, = (pa, + c@,), @ = a(p'@, + o'ws), 
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from the second, p, o, p’, o’ being integers. Denoting Ay’ — r’u by A, and 
po’ —p'o by A,, the first two equations give* 

Ao, = (uo, = [@>), Ao, =a (- Na, + Nw»). 


When these are compared with the second two equations, we have 


we tad Ee is aw). / 
IR Ie She PPO [se 
Now the ratio ,;:@, is not entirely real (§ 231); hence 
be Lule =n , r / 
Men ere et ek seine 
and therefore 
TANG aa i 
Now A and A’ are integers: hence each of them is 1 or is — 1, that is, 
A=. 
Also, let Q denote the ratio w,:@,, so that we have 
. WO+M _ 
HOA+X Aes 


that is, 
pert a ON 0, 


which either is an identity or is an equation satisfied by ©. 

If it is an identity, then 

=O) M0; SW 
Since Aw’ —NVw=+1, we have X=p’=+1 (or +2, but these values are to 
be excluded because and w’ are integers); also a=A, a=’, that is, 
a=+1. 
Hence we have 
v(w, Z)=+u(w, 2) +0. 
If it is an equation, then the value of ] may not be entirely real; 


consequently 
(A— p’)? + 4A“u < 0, 
that is, 
(A+ wy < 4A, 
so that A, which is either + 1 or —1, must now be +1; and the possible 
values of X+yp’ are 0, 1, —1. Also 
9 MHI + wy 4} 
2h 

* Tt is assumed that A is not zero. If A were zero, so that W=hX, u’=ku, where k is real, we 

should have (on dividing one equation by the other) 


> 


Na+ Mw, wy 
bes ee 


OFM, &,” 


which would make the ratio of the periods real; this (§ 231) is impossible, 
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which is a non-parametric constant; so that this case cannot occur if the 
invariant modulus of the equation (which is a transcendental function of 0) 
is parametric. Even in those cases where the invariant modulus has an 
appropriate constant value, we have, on eliminating w, and @, between 
NO, + MO, = Aa, No, + b'@, = U2, 

an equation 

(A — a) (uw —a)— Np =O, 
that is, 

e-—a(ryt+ph)+1=0. 
The possible values of X +’ being 0, 1, —1, the corresponding values of 
a are given by 
a+1=0, v—-a+1=0, ve+at+l=0, 

respectively. 

In every instance, the constant a is determinate: and all the conditions 
are satisfied when the constant b is left arbitrary. Moreover the relations 
have arisen in connection with the birational transformation of the curve 
into itself; and we therefore infer the theorem that the birational trans- 
formations of a curve of genus unity into itself can be represented by 


v(w, 2)=+v(w, z) +5, 
where b is an arbitrary constant: they obviously constitute the simple 
infinitude (p. 542) of birational transformations. The cases, which corre- 
spond to a@+1=0,@—a+1=0,a@+a+1=0, are each of them extremely 
special. 


249. As regards equations (or curves) of genus two, the method adopted 
for equations of genus zero or unity can be applied, if we begin with adjoint 
polynomials of order n—3 instead of with those of order n — 2. 


It is known that, for equations of genus two, there are two distinct 
integrals of the first kind: and each of them determines an adjoint polynomial 
of order n — 3. Let these be denoted by U,(w, z) and U, (w, z); then as each 
of them vanishes to multiplicity X—1 at a multiple point of f which is of 
multiplicity », the polynomial 

U,+ 0U, 
also vanishes to that multiplicity, so that, among the intersections of f=0 
and U,+6U,=0, such a multiple point counts for %(A—1) intersections. 
Hence the number of intersections of f=0 and U, + @U,= 0, other than the 
multiple points of 7, is 


=n (n—3)—XA(A— 1) 

=n(n—3)—{(n—1) (n— 2) — 4} 
in the present case, that is, the number is 2. Eliminate z between the two 
equations, and remove from the resulting equation in w the factors which 
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correspond to the multiple points of f= 0; the result is a quadratic in w, the 
coefficients of which are rational functions of 0, and the roots of which are 
the values of w for the remaining two points of intersection. They are 


‘w= A+ BO}, 


where A, B, © are rational functions, ® having no repeated factor. Proceed- 


ing similarly, we find 
z=C0+ DO", 


where C, D, @' are rational functions; and substituting in the equation f= 0, 
we have ©? = ©”, or the variables can be represented in the form 


w=A+BO}, z=C+ DO}, 


where A, B, C, D, © are rational functions of the parameter 8. Moreover 


ae U, (w, 2) 
5 U,(@ezy’ 
peer 
Be 


the first of these expresses @ as a rational function of w and z; the second, on 
the substitution of this expression for @, expresses also @? as a rational 
function of w and z. There is therefore a birational transformation between 
the curves 
f{w,2)=0, w=O0(); 

and the curves are therefore of the same genus, viz. 2, the genus of f Hence 
© (2) is of degree either five or six (Ex. 2, § 178); and therefore ©, as a 
polynomial in @, is of degree either five or six. It therefore appears that 
the variables in an equation of genus 2 are expressible as rational functions 
of @ and of the radical ©}, where © is a polynomial in 6 of the fifth or 
the siath degree. 


When @ is a sextic which (as has been seen) has no repeated factor, it is 
of the form 
(9 — a) (0b) (0 —c) (0 —d) (0 —e) (0 —f). 


Take : 
(a—6)(@—¢) 
aie a—c+(b—c)¢’ 
@: = cb: 


a—c 
Ay 
Be —¢ ¢ 
which determines a birational transformation; then ® is a constant multiple 


of d(1—¢)(1—«d)(1 —rd) (1 —p) and, in the circumstances, can be 


taken as equal to this quantity. 
PF. 35 
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When ® is a quintic which (as has been seen) has no repeated factor, 

it is of the form 
(6 —a) (0 — b)(@—c) (0 — d) (0 —e). 
Take 
6—-a=—(a-—b) ¢, 
@} = }, 

which determines a birational transformation: then, as in the preceding case, 
® can be taken as equal to 


o(1— $) (1 — Kp) 1 — rg) (1 — #9). 
The representation of the coordinates in either case becomes 
w=H+FOt, z=G+H®?, 
where H, F, G, H are rational functions of ¢, and 


b=$(1—$) (1 — xg) 1 — AG) 1 — wg). 
To determine the degrees of these rational functions, let 7’ be the least 
common multiple of their denominators (if any), so that, say, 


abt Qe! ,_ B+ Se! 


m ) Jas pT 


The line 

aw+ Bz+y=0 
must cut the curve in a number of points equal to its order, and therefore 
the equation 


(aP+ BR+yTY =(aQ+ BSP ® 
must determine the same number of values of ¢. 


If the equation (or curve) f= 0 be of odd order 2m +1, then P, R, T may 
be of degree m, and Q, S may be of degree m— 2; so that the representation 
1s 


Ww 


= APT SE ee eee 
(¢d, ye > (¢, Ly" é 


If the equation (or curve) be of even order 2m, then P, R, 7 may be of 
degree m, and (, S may be of degree m—3; so that the representation is 


1p Pt Oe Se ee 
. (¢, 1)” (¢, Ty" 
Note 1. The three constants «, X, “ in 
w" = D (2) 


determine the three class-moduli, which (p. 527) every equation of genus 2 
conserves as invariants under birational transformation, 


Note 2. It was proved (Ex. 1, § 246) that the equations 


UP = Le, Wh Ug thes 
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where w%, w, are a quadratic and a quartic, are birationally transformable into 
one another, when they have their class-moduli the same. Similarly, the 
equations 

Qe Mie ea sail, 
are birationally transformable into one another with similar limitations : 
where, in each case, neither x, nor wu, has a repeated factor. Now 


Why = Us 


is geometrically interpretable as a quartic curve: owing to the forms of w, 
and w,, the curve has only one double point*, as ought to be the case, 
because its genus is 2. Hence any. plane curve of genus 2 is birationally 
transformable into a plane quartic having only one double point. 


Note 3. It might be imagined that a similar result would hold for p=3 
and for p >3: but this is not the case. In the first place, the argument would 
not apply. It is true that there are p adjoint polynomials of order n —3, so 
that 

U+r,U,+r.U, +... =0 
would be the general equation of a curve of order n—3, vanishing to the 
proper order at the multiple points of f But the remaining number of 
points of intersection is 2p—2; and we should then (if the earlier process 
be adopted) have an equation of degree 2p — 2 to solve, its coefficients being 
rational functions of p—1 parameters. 


In the second place, if a curve of genus 3 be birationally related to 
we=2(1— 2) (l= 12’) 1 — K2’) A — 32’) 1 — &2’) 1 — 2’), 
it manifestly can have only 5 invariant moduli, to determine the five 
quantities x. As a curve of genus 3 in general has 6 (=3.3—3) such 
moduli, it follows that the preceding curve is not general. This argument 
applies, « fortiort, when the genus of a curve is greater than 3. 


There are curves of genus p, which are birationally related to 
we=2(1—2)1—K,2) ... 1 — Ky 12) 3 


but they are not general, for they have only 2»p—1 moduli instead of 
3p — 3. Such curves are often called hyperelliptic. 

It thus appears that, so far as concerns the representation of the variables 
of an equation in a form that is birational, there is a fundamental distinetion 
between the cases p< 3, p>3. It is also found (though this is beyond the 
range of these present investigations) that there is a fundamental distinction 
between the properties of functions associated with an equation of genus less 
than three and those associated with an equation of genus equal to, or greater 


than, three. 
* The double point is at infinity. 
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250. We have seen that, in the case of an equation of genus zero, there 
is a triple infinitude of birational transformations of the equation into itself 
(§ 247); and that, in the case of an equation of genus unity, there is a single 
infinitude of similar transformations (§ 248): the infinitude, in each case, 
arising through the existence of arbitrary constants in the relations of 
transformation. For equations of genus greater than unity, we have the 
theorem that the number of birational transformations of an equation of genus 
greater than unity into itself is limited. Schwarz* first proved that such a 
birational transformation cannot exist involving an arbitrary parameter, so 
that there cannot be a continuous infinitude of such transformations ; Klein + 
first stated that there could not be a discrete infinitude of such transforma- 
tions, that is, not an infinitude of particular transformations; and Hurwitzt 
obtained 84 (p — 1) as the upper limit of the number. The first two of these 
results can be established by the following argument, due to Picard§: for the 
third, reference can be made to Hurwitz’s memoir. 


It was proved that, when a birational transformation is effected upon an 
equation of genus p,so that it gives another equation also of genus p, the 
integrals of the first order associated with one equation are linearly express- 
ible in terms of those associated with the other. Let w, ..., uw, denote the 
normal elementary integrals of the first order associated with f(w, z)=0; 
and let w,’,..., uw’ denote those associated with f(w’, 2’)=0, a birational 
transformation of f into itself. Then we have p equations of the form 


Up = Kor thy + Kyla + 200 + Key Up + hey, 
where the quantities / and h are constants (§ 246). 


The constants & depend only upon the periods. For let the point w, z 
move on the Riemann surface from one edge of the cross-cut a, to the same 
point on the opposite edge: then the point w’, 2’ describes a closed irreducible 
cycle on its surface. Let 0’, denote the period for w,’, which is a combina- 
tion of the periods of the normal integrals with integers for coefficients ; we 
therefore (§ 235) have 

OF heat. 


for all values 7, s =1, 2, ..., p. 


Let U,(w, z), U,(w, z),..., U,(w, 2) denote the adjoint polynomials of 
order n—3 arising through the normal integrals: then differentiating the 
above relation, we have 


Arty! = Key ity + heyy +... + yy Atty, 


* Crelle, t. Ixxxvil, (1879), pp. 139—145. 
+ In a letter (dated 1882) to Poinearé, quoted Acta Math., t. vii, (1885), p. 10. 


+ Math. Ann., t. xli, (1893), p. 424; see also a memoir by him, Math. Ann., t. xxxii, (1888), 
pp. 290—308. 


§ Cours Analyse, t. ii, p. 437. 
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that is, 
U, (w’, py oe 7 = (kU, (w, 2) + kigU, (w, 2) +... + hip Uy (w, 2)} = 
ow" ow 


This holds for all the values i 2, ...,p, and (by hypothesis) p>1. Taking 
the relation for 7 =1, 2, and fading we find 


U,(w', 2’) kin U1 (w, 2) + kU (w, 2) + «1. + Keay Up (w, 2) 
U,(w', 2’) ky U, (w, 2) + kU, (w, Z)+...+ kipU»y (w, 2)’ 


which, in connection with 


fe Ory 7,08, 2) = 0; 


serves to define the birational transformation of f into itself. 


As the constants k depend only upon the moduli at the cross-cuts of the 
Riemann’s surface, so that they are pure constants and are not parametric, it 
follows that no arbitrary constant can occur in the equations of the birational 
transformation. This is Schwarz’s result. 


Any birational transformation of f= 0 into itself leads to a relation (or to 
several relations) between the adjoint polynomials of the foregoing type; and 
such a relation may be regarded as the initial form of the birational trans- 
formation. In order that the relations may exist, the constants / must 
satisfy equations which clearly are all algebraical in form. If these equations 
do not determine the constants k, then one or more of them would be 
arbitrary ; and then the birational transformation would involve an arbitrary 
constant, contrary to Schwarz’s result. The constants % must then be 
determinate, manifestly by a finite number of algebraical equations. Hence 
there is a limited number of solutions; accordingly, as each solution determ- 
ines a birational transformation, there is only a limited number of birational 
transformations, distinct from one another. This is Klein’s result. 


The preceding argument is valid, only if p>2. The results are known 
not to hold when p < 2. 

For various properties (such as the periodicity for repeated application) of the birational 
transformations of an equation of genus greater than unity into itself, see Hurwitz’s 
memoirs quoted on p. 248; also Baker’s Abelian Functions, ch. xxi. 


251. The assignment by Riemann (§ 247) of a class of equations, as 
constituted by those of the same genus birationally transformable into 
one another, suggests the desirability of reserving some form of equation 
of that genus as a normal form (or normal curve). When p=0, a normal 
form is superfluous; when p=1, the normal form can clearly be taken to be 
the nodeless cubic (§ 249); when p = 2, the normal form can clearly be taken 
to be the uninodal quartic (§ 250); and we therefore are concerned with the 
cases, where p is equal to 3 or is greater than 3. 
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Denoting the p functions, which arise as the derivatives of the p normal 
elementary integrals of the first kind, by ¢y,..., dp, and the respective 
adjoint polynomials of order x —3 by U,, ..., U,, consider any linear 


combination 
p 


2, 0tp U5, 

7=1 
where the coefficients ¢ are arbitrary. Choose p—3 arbitrary places on 
the surface, independent of one another, and make the preceding combined 
polynomial vanish at each of them: then there are p—3 relations established 
among the coefficients c, and the curve 
Pp 
Sera) 


r=1 


Qi + «Q, + BQ; = 0, 
where a and 8 are arbitrary, and Q, Qs, Q; are definite adjoint polynomials 
of order n—8, each of which vanishes at the p—3 arbitrarily assigned 
positions on the surface. Now let 


ly Q. (w, Z) , Qs (w, z) 
ge yeaa r w =~ —. 
Q, (w, 2) Q; (w, 2) 

These equations determine a rational transformation of the surface ; 
to every point on the old surface corresponds only a single point of the new 
surface. In order that the transformation may be birational, then to any 
point on the new surface must correspond only a single point on the old. 


becomes effectively 


If this is not the case, choose an arbitrary point on the new surface; and 
let at least two points on the old, say w, 2; WW, 23 correspond to it. Then 


Q> (Wo 20) Qa (wr; 41)) 
0), (Wo, zy 0; (wy, 23) 


Quin 2) _ Qn 20) | 


a} (Wo, 2) ” Q, (W;, 21) 


Q; rr al). ar BQs =0 
choose those which pass through the point w, 2%: so that a single relation 
is established between a and 8: and there is a single infinitude of such 
curves. But on account of the preceding relations, each such curve passes 
through the point w,, z,; and therefore on the original surface, the arbitrary 
point w, 2) determines (on the present hypothesis) at least one other point 


Now among the curves 


UW 5 Zev 


In general, this is not the case: that is to say, an arbitrary point 
on a quite general Riemann’s surface determines no other position on 
that surface. Accordingly, in general, only a single point on the old 
surface corresponds to an arbitrarily assigned point on the new surface; 
and the transformation is then birational. 
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Or 


Let f(w, z2)=0, F(w’, 2‘) =0, be the old and the new equations (or 
curves) respectively; as f is of genus p, so F' also is of genus p. The 
degree of F is given by the number of zeros possessed by the linear 
function 

ra’ + ww’ + v, 
that is, by the function 
A Qo (w, 2) + Qs (w, 2) + ¥ Oi (w; 2) 
Q; (w, 2) : 
This is a rational function on the original Riemann’s surface: and it 
consequently has as many poles as it has zeros. Its poles are the zeros 
of Qi (w, 2), which are 2p —2 in number (§ 241); but of these, p—3 are 
common to Q,, Q:, Q;, corresponding to the p—3 arbitrary assigned places 
where Q:, Q, Q; vanish, so that these p—3 zeros of Q, are not poles of 
the function. There remain 2p —2—(p—8), =p+1, poles; and therefore 
the degree of Fis p + 1. 


Accordingly, we may take as the normal equivalent of a quite general 
equation, which rs of genus p>, an equation of degree p+ 1. 


Ez. Prove that, if all the multiple points of the normal equation are merely double 
points, their number is $p (p—3). 
Manifestly, these arise as solutions of the equations 
@1 (15 %) @» (5 4%) a G3 (1s 41) 
Q1 (os 4) 2 (Woy %) Ys (os 20) 
for special (and not arbitrary) positions. 


One obvious exception to the general argument arises in the case of 
the hyperelliptic equations, of the form 


; 2. 7 
w= Lene, UP Apes 


which are of genus p. Each of the quantities Q is then a polynomial in z of 
degree < p—1; and if 
Q +aQ. + BQ: 

vanishes for 2=2,, 2, ..., Zp-s, it vanishes at. 2 (jy —3) places on the surface, 
instead of only at p—3. If the relation between a and 8 1s chosen so 
as to make the polynomial vanish at one other, say at w=, z=, then it 
vanishes also at the (distinct) place w=~—%, z= The preceding theorem 
therefore does not apply to hyperelliptic equations*. 


252. One of the most important instances of birational transformation 
arises when an algebraical equation f/(w, z)=9 is made to correspond 
birationally with another algebraical equation having multiple points of only 
the simplest character or, in geometrical language, when any plane 

* The theorem was first enunciated by Clebsch u. Gordan, Theorie d. Abel’schen Functionen, 


p. 65. Picard (Cours @ Analyse, t. ii, p. 445) shews that the hyperelliptic curves are the only 
exception to the theorem. 
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algebraical curve is transformed birationally into another plane algebraical 
curve the only multiple points of which are double points with distinct 
tangents*. 

Let a denote any value of z, and let a denote one of the roots of the 
equation f(a, @)=0. If ais a simple root of the equation, then we know 
(Chap. VIII.) that a branch of the algebraical function exists given by 


w—a4=a,(2-a)+a,(2-a)+..., 


where the function on the right-hand side is a uniform function of z— a, and 
only a finite number of the initial coefficients a,, a, ... can be zero. If a be 
a root of any multiplicity, then the corresponding roots can be arranged 
in systems; and each system can be expressed in the form 


e—a=C%, w—-a=€? Pb), 


where P is a regular function of € that does not vanish when ¢=0, and 
is such that the common factor (if there be any common factor other than 
unity) of the indices in €? P() is not a factor of g. Also p and q are finite 
positive integers, the pot being multiple when neither of them is unity. 
We have at once i 
p 1 
w—-a=(¢—a)t P {(z—a)%, 
p> 4 L 
z2—-a=(w—a)? P, {(w—a)?} 


is 


and even if g and p have a common factor, still the restriction on the form of 
P makes p the least common multiple of the denominators in the indices 
which occur in the expansion of z—a, Thus there are g circulating values 
of w—a in the vicinity of z—«a; there are p circulating values of z—«a in 
the vicinity of w— «a, 

Such a system is called a cycle ; the smaller of the integers p and q 
is called its degree; the combination a, @ is called its origin. When both 
p and q are unity, the cycle is called linear. The object of the trans- 
formations is to replace cycles of any degree by linear cycles. 


If « be infinite, we replace w—a by —; likewise, if a be infinite, we 
w 


1 
replace z—a by =e To take account of all the cases, we introduce 
homogeneous variables X, Y, Z, such that 


ZS 
hin 


L=2-Aa= y=W-a= 


NI 


* The chief stage in the proposition is due to Nother, Math. Ann., t. ix, (1876), pp. 166—182. 
See also Bertini, Math. Anm., t. xliv, (1894), pp. 158—160 ; Jordan, Cours d’ Analyse, t. i, ch. v, 
Sections ili, iv; Appell, Théorie des fonetions algébriques, ch, vi; Brill u. Nother, Jahresb. d. 
Deutschen Math.-Vereinigung, t. iti, (1894), pp. 367—402, where many references are given. 
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and we assume expansions of the form 


ACH TRES 8 NS S(G) 5 eZee INS): 
where p, o, T are integers; FR, S, 7 denote regular functions of € which 
do not vanish when €=0, and are such that a factor (if any, other than 1) 
common to all the indices in any one of the expansions for XY, Y, Z is not 
common to all the indices in any other of those expansions. 


The axes of the homogeneous variables can be transformed without 
affecting the degree of the cycle: or, in other words, the variables z and w 
can be subjected to a homographic substitution without affecting that 
degree. For suppose such a substitution changes the origin from a’, a’ 
to a, a: then 


Tene a, (4— a) +b, (w— a) ieee a, (z—a)+b,(w—a) 
 a3(2— a) +b,(w—a) +1’ ~ a;(4—-4a) +6,(w—4)+ 1? 


so that writing z—a=€%, w—a=€? P(6), either 2’—a’ or w’—a’ begins 
with a power of € equal to the degree of the cycle and neither of them 
begins with a lower power. Accordingly, we can take linear combinations 
of X, Y, Z above, so as to secure that p, o, r are unequal, without affecting 
the degree of the cycle. 


. - . . 7s 
When the cycle has a finite origin as above, viz. z—a= GZ U-4=y) 


then p>t, ¢>7; the degree of the cycle is the smaller of the two integers 
p-—tT,a¢—T. The reason for the introduction of homogeneous coordinates is 
to treat cycles by one and the same method, whether their origin be in the 
finite part of the plane or at infinity. Accordingly, we assume that the three 
integers p, a, 7 are different from one another and are in decreasing order : 
_ then o—T is the degree of the cycle. The number p—o is the class of 
the cycle. whee Sn 

When the origin of a cycle is at infinity, the expression of the branches in the cycle is 


of the form 
~P p-1 


YHA vd aR Sea ninae ; 
when # has infinite values: there are three cases, according as ¥ is infinite, finite, or zero, 
at the origin. 
For the first case, when ay is not zero, if 
Vv Me 

Ul Z? Ui Vy 

we take 
Ail. GE, WCU (anGe Pa Ga rr lt.) 
=ayCt-P Fa, Cti-Pt..,. 

If ¢ > p, the three indices in decreasing order are g, g—p, 0: so that g—~p is the degree of 
the cycle. If g=p, the degree depends upon the lowest index in }’—a)X, being equal 
to that index if less than g. If ¢ <p, the decreasing order of the indices is g, 0, y—p: 
so that p—q is the degree of the cycle. 
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For the second case, we have 
L t+1 


Y=WtNT THyge 1 toe, 
where />1,; as before, we take 
A=1, 4=¢4, VHC (yt yl +e) 5 
Yap Z=yi02t!+.... 


The indices, in decreasing order, are g+/, g, 0: the degree of the cycle is ¢. 


and therefore 


For the third case, we have 


where £>1; we take 
X=1, Z={4 Vala (Polk +...) = Bol 4+... 
The degree of the cycle is g. 


Lastly, y may have infinite values for finite values of w: the expression of the cycle 


then is 
sal 
q 


s 
y=Ooe 14+d2 7 +..., 


where s > 0. We take 
X= (Its, Zs Y=Op+d,C+...3 


the degree of the cycle is s. 


For purposes of transformation, we use the birational transformation 
which arises out of a geometrical relation used for this purpose by Halphen*. 

Given a plane curve C; let an arbitrary conic } be taken in its plane: 
draw the tangent to C at any point p of the curve, and let this tangent 
be intersected at P by the polar of p with regard to {; then P is regarded 
as the geometrical transformation of p. Manifestly, a point p leads to 
a single point P; to infer the converse, let PP’ be the polar of p with 
regard to the conic, P’ denoting the point where the line touches the 
reciprocal of C. Thus pPP’ is a self-conjugate triangle; and therefore pL’ 
is the polar of P. Hence given the locus of P, we find p by drawing 
the polar of P with regard to the conic: this will cut C in a number 
of points: we select as p that one of the points such that Pp is a tangent 
to C at the pointt. Thus each point of the locus of p determines a single 
point P, and conversely; the analytical expressions of the geometrical 
relation constitute a birational transformation, which may be called Halphen’s 
transformation. 


Two forms arise, according as the conic does not or does cut in real points 
the curve to be transformed. The conic is at our disposal and it could be 


* Liouville, 3™° Sér., t. ii, (1876), pp. 87—144. 

+ A limited number of pairs of points can exist, for any conic », such that the construction 
would not discriminate between them. We do not regard this as interfering with the general 
character of the transformation : its significance in the result appears towards the close of the 
investigation. For the analytical relations, expressing p in terms of P, see a note by the 
author, Messenger of Mathematics, vol. xxx, (May, 1900), pp. 1—7; they are not actually required 
for the succeeding investigation. 
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chosen so that it does not cut the curve to be transformed; but the 
transformation has to be repeated a number of times, and some of the 
transformed curves might be cut by the conic. On the other hand, there is 
a finite limit to the number of times the transformation is applied; and we 
may therefore assume that, if the conic cut in real points the curve or a 
transformed curve, the tangents to the conic and the curve are different from 
one another. 

When the conic and the curve do not cut, take any point M on the curve 
and the tangent MM” to OC; let M’M’ be the polar of M with regard to &, 
cutting MM” in M”; and let MM’ be the polar of M” with regard to &, 
cutting M’M”’ in M’. The triangle MMW'M" is self-conjugate with regard 
to =; when this is chosen as the triangle of reference, the equation of 
the conic can be taken to be 

A? + Y? 4/7? = 0: 
. When the conic and the curve cut, say in a point M, then let the 
tangent at M to the curve cut the conic in M and WM’; and draw MM’, 
M’M the tangents to the conic at these points. We choose MMM" as 
the triangle of reference; the equation of the conic can be taken to be 


Y?+2ZX =0. 
In the former case, let #, y, z denote the position p, and X, Y, Z that of 


P. Then we have 
A“z+ VYy+Zz=0, 


because P lies on the polar of p with regard to the conic; and 
Ange You 7 =), 
ea aes 
wy, @ | 
(where a =da/d€ and so for y’ and 2’), because P lies on the tangent at p to 
the original curve. Hence 
X=y (ay — ya’) — 2 (2a — a2) = 0 (wa! + yy’ + 22’) — a (vw +? +2) 
V=2 (yz — zy) — (ay — yw) =y (aw tyy +22) —y (et y+ | 
Z=a(2u' — ad) —y (yz —2y/) = 2 (wal + yy + 22')— 2 (wt ty +2)! 
which express X, Y, Z in terms of «, y, 2. 
In the latter case, we find similarly the relations 
A =y (ay — yx’) — x (Za — x2’) 
Y= a (yd — 2y’) — 2 (ay' — yo’) > 
Z=2 (20 — x2')—y (yz — zy’) 
which express X, Y, Z in terms of a, y, z. These respective relations 
constitute part of the analytical form of Halphen’s transformation, which is 
birational for the curve but not birational for the plane. 
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Let any point on the curve to be transformed be denoted by 
= f° R(L) = & (ppt) 
y = 67S (C) = C7 (on +.>.)/ » 
amie TC) = Caer ay) 
where R, S, 7 denote regular functions of ¢ in the vicinity of €=0: and we 
assume that the integers p, o, 7 are distinct from one another. 
When the second transformation is the one to be effected, we remember 
that the tangent to the curve is the axis of y for the triangle of reference ; 
accordingly, we assume o > p >7, so that p —7 is the degree of the cycle, and 


a—p is the class of the cycle; also p—2¢+7<0. The result of the 
transformation is 


X =— p,1)(p —7) C2etr-1 Se ap ee 
Y = pairs (p= 20 r) CPP og Co he 
= Tipo (po — 7) crn ety CF Pee 


say. We have o” >p”>7"; also p’—71” =p-—tT, o” —p”=a—p; so that the 
degree and the class of the cycle (if any) are unaltered. 

When the transformation with regard to an assumed conic is applied 
a number of times, the conic being assumed so as not to cut the initial curve, 
then it may happen that, after a number of transformations, the latest curve 
cuts the conic. The further application of the transformation will then, by 
the foregoing analysis, have no effect upon either the degree or the class of a 
cycle: it therefore is ineffective for our purpose of further reduction. To 
secure such further reduction, we should proceed to effect transformation 
with regard to another arbitrarily assumed conic, chosen so as not to cut the 
curve. 

When the first transformation is the one to be effected, assume that 
p>a>rt,so that o—7 is the degree of the cycle (if any) at the point, and 
p—o isits class. The result of the transformation is 

ry | 3 es 
A= Fete {our? (7 — p) +...} = FF (py + = 
7 Yot2r-1f 2 9 no So 
Yo Cero ry (r— Oo) aap ee (a =| , 
if, » = 9 
Z= Ceotr-ligery(o—7)+...} 
say. We have p’>o’; also because t’—o’ =a —7, we have t’><a’; there 
are therefore three cases. 
2 / / ei Naas te . 
(1) Let p’>7’>0’. The degree of the cycle (if any) is 7’ — o’, that is, 
g—T: it 1s unaltered by the transformation. The class of the cycle is p—T, 
which is p—20 +7, =p—a@—(c-—7), 8o that p’—1’ < p—c; it is decreased 
by the transformation. In this case p—2¢+7>0; also 


pi — 20 +o"): = p= Deere aii hy ep ora 
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(ii) Let 7r’>p’>o’. The degree of the cycle (if any) is p’—o’, that is, 
p—o. But 7’ >’, so that p—a<a—rT: hence p’—o’ <o—r, or the degree 
is decreased. The class of the cycle is 7’ —p’, that is, o— 7 —(p—c); there 
is no useful rule of increase or decrease compared with the old cycle in 
general, though we note that the new class is less than the old degree. In 
this case p—20+7< 0. 


(i) Let r’=p’, so that p—2c0+7=0, or the degree and the class of 
the cycle (if any) are equal. Effect a (birational) transformation 
M=a=X, VY=V, BH=a3(e—17)X —pyrn(r—p)Z 
=¢" (% +:.-), 
where 7” > p + 27-1, that is,7’”>p’. Accordingly, for the transformed cycle, 
we have 7" >p’>o’. The degree of the cycle (if any) is p’—o’, that is, p—o, 
which is equal to c—T: it is unaltered by the double transformation. Also 


“wy 


tT” — 2p’ + 0° >pt+2r—1-—2(p+27-1)+0+27-1>0- fp, 


7 


where o —p is a negative quantity. If 7” —2p’+o'>0, another application 
of the transformation by the conic leads to the first case above: and the 
class is decreased, while the degree is unaltered. If 7” — 2p'+o' < 0, another 
application of the transformation by the conic leads to the second case above: 
the degree is decreased. If 7” — 2p’+o’=0, the new class is equal to the 
new degree, each of them equal to the common value of the old class and the 
old degree: the cycle must be considered further. 


For this case, let p—o=o—T=n; then 


© _ yen [Po oe n (2 
Zapm(O4...), Par (24...), 


To To 
or, remembering the source of the homogeneous coordinates, and takin 
) g 


Saya ey ee 12 
we have 
1 
n= EG (E"), 
2 
where G is a regular function of &”, that does not vanish with &: and this 


corresponds to the original cycle by a birational transformation. It may 
1 
happen that the initial powers of &” in @ give integral powers of &; let 


a. 1 
ata Pee 
n= P(E) +E "G (E"), 
where P(£) contains powers of & not higher than the qth and not lower than 


the second, where n > a> 0, and where G, does not vanish with & To this 
form, apply the Halphen transformation with respect to the conic 


CHa 7) =, 
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taken arbitrarily in the first instance. The point X, Y which corresponds to 
E, n 18 given by 

ad ; 

Y—9= ae (X— =n (E86); 
OCs aU OC _ 
Ow : sy 2 0z a 
where we write w, y, z= 7, &, 1 in the latter: thus 


X=a(é, ; n'), Y=B €, UB 7’); 


where a and £8 are rational functions in 7’ of the first degree. Hence 


dV _Be+ Brn! + Bon” _ aes 
dX aa Ae + 0,7 te a,” — y (é, 7,7, ), 
uty Oy 

@Y dé a . 


if 4; 
75 aa = >, 7; 2 re ts 
Ch Cm RG mes (¢ ee ae + ann’ + an 


and generally ary 


an aw 
ym — amy = (E ” a ln '™) fe | ee gp OT, 
dax™ m—1 ed ? ? (ag ze an an any" 


Choose the conic C, so that 


Ory / yy 
an” 0, ag + ayn" + a,” + 0, 
for E=0, »=0; then as »'% is the first derivative of » with regard to & 
that becomes infinite at E€=0,7=0,so VY is the first derivative of Y with 
> 7 ) 
regard to X that becomes infinite at the new origin: that is, if Y,, X, be the 
fo) oO ? 
new origin, we have 
a 1 
=e ree = 
Y—Y,=P,(X — X,)+(X — X,) mG, ((X — X,)"I. 
Let the transformation be applied g — 2 times in succession ; we have, at the 
end, 
2+" 
Y’—Y, =a, (X’ —X,') Fa, (XxX — XX + a, (X — Xa) Bg 
or changing the axes by taking X’— X,/= X”", Y’—Y, —a(X’-X,/)=Y", 
we have 
a 
Vas — Xx”? yen 
= Ags + Os 2 ao weeny 
where n>a>0. This can be represented in the homogeneous form 
y= CO", eet foes Sala 
Applying now the Halphen transformation in its analytical form, we have 
AX =— 2na, 6" — (2n+ a) ag6™te4 _..., 
yaa Sean) 
Ys 40 =e 
LZ= 1 ne 
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or transforming so as to have X + 2a.4, Y, Z, as the new coordinates, we 
have 

A =— (Qn +a)a,ortes —.., 

Vil Snead. 

TOE eS ee 


The three indices in decreasing order are 2n+a—1, 2n—1, n—1; the 
degree of the cycle is n, its class is a, which is less than n ; and therefore the 
birational transformations have reduced the class below the degree. 

Hence given a cycle of any degree m, greater than unity and of any class 
m’, we can by Halphen’s birational transformation change it into another 
cycle. If m’ be greater than m, the new class is less than m’ while the new 
degree is m: and repetition of the transformation can, by the first case, be 
made, so long as the class is greater than the degree: and, by the third case, 
until the class is less than the degree; without altering the degree. When 
another repetition of the transformation is made, the degree will (by the 
second case) be decreased. 

Proceeding in this way, we can make the cycle of the first degree: then 
by the first case, of the first class also: that is, we can make the cycle linear. 
When this process is applied to each cycle, the final equation has only linear 
cycles: and wt vs connected with the initial equation by birational transformation. 

Further, it was proved that a Halphen transformation of a linear cycle of 
the form 

w—a=k,(z—a)+h.(z-aP+... thy (e-a)y™ +... 
leads to a relation 
W-d=k/(Z-a) +h (Z-adyt... th ma (F-v)y"7 4+ ..., 


where k’,_, depends upon k,, linearly and upon hy, ..., km. If therefore 
two linear cycles agree up to (but not beyond) the mth order of small 
quantities, the transformation replaces them by two linear cycles agreeing up 
to only the (m—1)th order of small quantities: and so on, by successive 
repetitions of the transformation, until they agree only in their origin, so that 
the tangents differ. Now the origin of a new cycle, engendered by trans- 
formation, lies on the tangent to the cycle which is to be transformed: hence, 
applying a Halphen transformation once more, the origins of the two cycles 
are different. It therefore follows that the cycles of any degree and class 
having a common origin can be birationally transformed into linear cycles, 
each of them with its own origin distinct from that of all the remainder. 

The resolution thus effected transforms every multiple point of any 
character into an aggregate of simple points, and would therefore transform 
an equation with multiple characteristics into an equation having only simple 
points, if new singularities were not introduced in the process of birational 
transformation. Reverting to the initial geometrical exposition of the 
birational transformation, we see that such singularities may arise through 
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exceptional points on the locus, as follows. From P, which is uniquely 
obtained from the point p on the given curve, a number of other tangents 
can be drawn to that curve; let g denote the point of contact of any one of 
them. In order that pg may be the polar of P with regard to the conic, one 
relation must be satisfied by w and y, the coordinates of P, in addition to 
the equation of the curve on which p lies: that is, there are two algebraic 
equations satisfied by (x, y), and therefore there is a finite number of 
simultaneous values satisfying these conditions. Each such point is a double 
point on the locus of P, with distinct tangents for the branches: so that the 
transformed curve thus possesses simple nodes unrepresented by any multi- 
plicity on the original curve. But, in general, there cannot be two points 
such as q, say g and q, the tangents at which are concurrent with the tangent 
at p; for this purpose, some relation between the coefficients of the curve and 
the constants of the conic would need to be satisfied—which is not the case, 
when the conic is arbitrarily assumed and the curve is not extremely special. 
We therefore have the theorem, expressed geometrically : 

Any algebraic curve can be birationally transformed into some algebraic 
curve the singularities of which are double points with distinct tangents. 

The two curves must be of the same genus, and they must have the same 
moduli: the complexity of the transformation manifestly depends upon the 
original equation. 

Ex, Consider the resolution * of the singularity of 

of — uty? + 08 =9ay' 
ab y=0; 2=0: 
Proceeding as in Chap. VIII., we find the six branches of the curve given by 
w=, y=oCS+OP+..., 
where ?=1, 6?=1: thus for our homogeneous coordinates, we may take 
ment  UOE Oa aa leh 
Thus p=8, c=6,r=0, The class of the cycle is 2, the degree is 6. 
Since p—20+7 <0, Halphen’s transformation, when applied, falls under the second 
case. The indices after transformation are 
r=2o6+ r—1=11=p, 
p= p+2r-1= 7=0;7;3 
a= 0+2r-1l= 5=7, 
the class of the cycle is 4, the degree is 2. 


Since p,—20,+7, >0, Halphen’s transformation, when applied, falls under the first 
case. The indices after transformation are 


p" = py; +27, —1=20 
7’ =20,+ 1,-1=18}; 
o”= o,+27r,-—1=16 


* C. A, Seott, Amer. Journ. Math., t. xiv, (1892), p. 318, 
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the degree of the cycle is 2, the class is 2. For the cycle, we have 


aa? (lee fy ta SKC) pa 
: 1 =o me ~$ P.(Q); as = ceT(C—$ Si (¢) 
and therefore 
WANG eae 
This is an instance of the second case, when the class and the degree are equal: the 
actual form is 


Np P 1 
$o VY" = —SoX’?- ot Xt eX" 2 +,... 


47. 243 
8 


Three applications of the Halphen transformation will reduce the class to unity and will 
give a cycle of the form 
yf = dytt!” + age” +... 5 


and one more application will give a linear cycle. 


Note. The preceding sketch (§§ 245—252) is intended only as an intro- 
duction to the theory of birational transformation, the development of which 
really belongs to the detailed theory of Abelian functions. 


Moreover, transformations which are rational but not birational are 
practically omitted from consideration. If further information be desired, 
the various works and memoirs quoted in the preceding sections, and in 
§ 243, may be consulted: an ample account of the general theory of corre- 
spondence will be found in Baker’s Abelian Functions. 


The normal curve in § 251, adopted by Clebsch and Gordan, must not be 
supposed the only normal curve that can be adopted; others are discussed 
in the places to which references have just been given. 

Ex. Prove that any Riemann’s surface of genus p can be birationally transformed 
into a surface of 27—2 sheets, given by an equation f(w, z)=0 of degree 2p —2 in w: such 
that on this surface w is an integral function of z whose only zeros are at the branch-points 

: : : : dz Zaz : 
of the surface (Klein’s canonical form). Shew that on this surface | : and | vp are integrals 
of the first kind. 


Verify that, in general, if w~ and v are rational integral functions of z of degrees four 
and two, with no common or repeated factors, then 


(w?+uv)?+kur=0, 


k being a constant, is such a canonical surface for p=3; and determine for it three 
independent integrals of the first kind. (Math. Trip., Part II., 1899.) 


SUPPLEMENTARY Notes: ABEL’S THEOREM. 


The results, which have been outlined in the preceding chapters relating to an 
algebraical equation 


and to the functions of position on the associated Riemann’s surface, are due to the 
development by successive mathematicians of those researches of Abel upon transcendental 


F. 36 
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functions, which completely revolutionised both the content and the method of analysis. 
It may therefore be deemed not out of place to give a brief exposition of Abel’s principal 
result, commonly called Abel’s theorem, and a few of its applications. The analysis, 
by which that theorem was originally established, was really only a wonderful exercise 
in the integral calculus; it will be shortened and simplified by using the results obtained 
in connection with Riemann’s surfaces. 

Abel’s great memoir is Mémoire sur une propriété générale dune classe tres-étendue 
de fonctions transcendantes, written in 1826, published in 1841, and included in his 
uvres Completes, t. i, pp. 145—211. The proof of the main theorems is rearranged 
and much simplified by Rowe, “Memoir on Abel’s Theorem,” Phil. Trans., (1881), 
pp. 713—750, whose exposition is adopted in what follows. 


Other references are to be found in the works quoted in § 239, Note 1. 


I. We take the equation f(w, z)=0 in the form (§ 193) 
ST (uw, 2) =w + w" gh (2) +... + WIn—-a (2) + Gn (2) = 9, 
where the functions g are polynomials in z: and we are concerned with 


rational functions of position on the Riemann’s surface, which (§ 193) can 
be taken in the form 


w= Ce ay 
of 
Ow 
where ~ (= ae 
V (w, 2) = w"" ky (Zz) + w" ky, (2) +... + na (2), 
and the functions hy, k,, ..., k,. are rational functions of z only. By 
taking 
/ 4 A 
w = w"’ ——k,(z), 
n 
we have 
re U (w, 3) 
J of 
ow 
where 


VY U (w, 2) = why (Z) + why (2) +... + na (2), 

and the functions hy, h,, ..., hy. are rational functions of z only. 

In the preceding investigations, we have considered the special properties 
of the simpler and most typical forms of the integral 

Jw’ dz, 

taking account, in particular, of the effect upon its expression of modifying 
the path of variation from the lower to the upper limit; the integral being 
a transcendental function. Now it is known that, for quite simple equations 
f=0, the sum of a number of such integrals may be expressible in simple 
terms, no single integral itself being so expressible, when certain algebraic 
relations connect the upper limits. Thus for the equation 


ee Az’ — 9,2— 9s, 
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we have 
5 dz * dz * dz 


W W WwW 


oO ice} (ea) 


0, 


(or equal to a period of the integral), if 


UW, 4, 1 | =0: 


We, 2, 1 


W3, 235 ih 


effectively giving the addition-theorem in elliptic functions. Similarly, the 
sum of three elliptic integrals (Jacobian) of the second kind is expressible 
as an algebraic function, and the sum of three elliptic integrals (Jacobian) 
of the third kind is expressible as a logarithmic function. We proceed to 
that part of Abel’s theorem which establishes the corresponding results for 


the equation 
f(w, 2) = 9, 


called the permanent equation. 


To consider a sum of integrals of the same form, we need to have a 
number of upper limits, and the same number of lower limits. The upper 
limits will be regarded as given by those positions on the associated 
Riemann’s surface at which 

0 (w, z) = 0, 
called the conditional equation. Manifestly, 6 can be made of degree 
m—1 in w at most, by means of the permanent equation: the coefficients 
of the various powers of w in @ are polynomials in z, and the constant 
coefficients in these polynomials are completely arbitrary. The actual 
positions, which give the upper limits of the integrals, are determined as 
the simultaneous roots of the two equations 


F(w, 2)=9, @(w, 2)=0. 


Similarly for the lower limits of the integrals, which are associated with 
another conditional equation. The arbitrary constants will be regarded as 
parametric: when parametric variation of these constants takes place, the 
positions of the upper limits vary. If we choose, we can associate variation 
from the lower limit to the ypper limit with the variation; but this is 
unnecessary, and all that we require is the variable dependence of the 
limits upon the parametric constants. 


To obtain the algebraical expression of these upper limits, we proceed 
as follows. Let w,, Ww, ..., Wn denote the m values of w for any value of z; 


then the eliminant in z, say #'(z), is given by 


L= (2) = IL @ (w,, 2), 
——<——- _ r=] 
36—2 
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the values of z being given by the roots of #(z)=0. To obtain the value 
of w to be associated with a root of H(z) =0, say z=c, it is sufficient to 
obtain the greatest common measure of 


fw, c)=9, Ow, c)=0. 
The roots of Z=0 may be of two kinds: (i), depending upon the para- 


meters in 6, and consequently varying with them; (ii), independent of 
these parameters. If c denote one of the latter class, then the corre- 
sponding value of w, say y, satisfying f(w, c)=0 cannot involve the 
arbitrary parameters, so that the position y, c is independent of the 
parameters. Now since £ vanishes for z=c, one of the n quantities 
6(w,, 2) vanishes for w,=y, 2=c: that is, a relation then exists among 
the parametric constants in @ which is linear if the parameters occur 
linearly in 6 (We can, of course, secure that the case does not arise, 
by taking all the parameters in @ initially independent of one another: 
but it sometimes is desirable that the case should arise, and we therefore 
admit its possibility.) Let P(z) represent the product of all the factors 
in Z, which give roots depending upon the parameters in 6, and let C(z) 
represent the product of those which give roots independent of the para- 
meters, so that 


Z=C (2) P (2). 


Tt will be assumed that all the roots of P(z)=0 are simple, so that P’(z) 
and P(z) do not vanish together: and that they are ~ in number, say 
, @,..., 0,4. Let the corresponding values of w be 4, Yo, ..-, Yz; 80 that 
the upper limits for the integrals are (yj, 2), Yo is), + (Yur Gy 


The integral to be considered is fw’dz, that is, 


U(w,2) 3 
jig2s 
ow 


where w is one of the n branches of the function defined by f(w, z) = 0: to fix 
the ideas, let w, denote this branch, so that we also have @ (w,,2)=0. The 
integral is a function of its upper limit, and therefore varies when the limit 
varies, that is, when the parameters vary. Let_é denote small variations for 
the parameters; then the variations of the roots s of P (z)=0 are given by 


P’ (2) dz+ 6P (z)=0 
and therefore 
dP (z) 
P’(@) 
dF (z) 
C (2) P’ (2)’ 


dz=— 
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because EH (z)=C(z)P(z), and C(z) does not involve the parameters. 
Now 


E@)= 1h Ge, 2), 
, r=1 
so that 


ae Ee) 

dH'(z) a 0 (w,, 2) 56 (w,, 2). 

In our subject of integration, we are dealing with the branch w, of w; and 
for this branch @ (w,, z)=0. Hence all the terms in the summation vanish 
except that for r=1, and we have 


EB 
SH (2) = ie SEEN ve 
Thus 
ry Ce) 1 E(2) : 
wdz=— ae OG HG) 6G, 2) 50 (w,, 2). 
Ow, 


The right-hand side vanishes if w, be replaced by any other of the branches 
We, +++, Wn, because H(z)+O(w,, 2) 18 zero unless r=1; it therefore is 
unaffected when we add to it all these vanishing terms, that is, we bave 


1 2 U (Uy, 2) E(B) 
COOP Gs of 0 (w,, 2) 


Ow, 


w dz= 


50 (wy, 2). yh 


a E (2) 
The quantity ACh) 
...,Wn, (and it is an integral function of z): by means of f=0 it can be 
made a function of z and w, only, which is polynomial in w, and is rational 
inz. Also U (w,, 2), which is a polynomial in w,, has rational functions of z 
for its coefficients: let M(z) be the least common multiple of all the denomi- 
nators in this rational function, so that, when we take 


is an integral symmetric function of wy, ..., Wa, Wr; 


U Gt, 2) = Wie 


W is polynomial in w, and z, of degree not higher than n— 2 in w,. Hence 


E (2) 


Vv 
Gar 50 (w,, 2) 


W (wy, 2) 
is a polynomial in w,, the coefficients being polynomials in z; by means 
of f= 0, it can be expressed in the form 

Ww 


-1 
Kyw,', Y 
=0 


t= 
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where the coefficients K are polynomials in z But wy, ..., W, are the 
roots w of f(w, z)=0, and therefore* 


Pa > Kyw,t 

>> ~ = NG ’ 

ret ela : 

Ow, 
so that 
ee 1 
Hf w dz= one M(z) O(z) P (z) Vee. 
Hence 
= (w' dz), = — S Kn Ge) 


go (ay Gs) Fale 


on taking the summation over the w roots of P(z)=0. 


g 


To obtain an equivalent for the right-hand side, we consider the express- 
ion of 


IG (z) 
M (2) C(z) P (2) 
in partial fractions. Let a, ...,¢, denote all the roots of M=0, any (or all) 
of which may be repeated, and assume that no one of these is a root of 
P(z)=0; and let q,...,¢» denote all the roots of C(z), any (or all) of 
which also may be repeated. Then 


Ha (2) S A x Ci, 
Wher 5 sild > ——4+2 — 
M (z) G (2) P (2) Og aera k=l 2— Ck 
a S Kia (Ze) ue - 1 
oat (A) C@)LP (2c) 2— 3s 
Be en tere Te 


where the unexpressed terms involve higher powers of (z— a)~, (2 — ck)”, 
respectively for each repeated root, and Z(z) is a polynomial in z, if the 
order of K,_, is not less than that of M(z)C(z)P(z). Thus 


A, = coeff. of —— in the expansion of 7 in ascending powers of z — a,, 
Z— Ap 


and the coefficient of — in the expansion of 7’ in descending powers of 2 1s 
Zz 


s m Be TG (Zo) 
3 A. SO ei eee, 
0 2 Ae 2 Pe aii Maeno 


so that if, from the sum of the coefficients of oo and Slee: (for all the 
Z—, a OL 


* Burnside and Panton, Theory of Equations, (4th ed.), vol. i, p. 172. 
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values of p and hk), the coefficient of z be subtracted, the result is the 


ath Kn (2) 
*lracal Fa if 
where © denotes* the result of the following operations: Take each factor 


z—a of M(z)C(z) in turn, obtain the coefficient of (¢—a) in the 
expansion of 


. . Me r . . . 
expression required for = (w'dz),. We express this in the symbolic form 
‘ 1 


Kn (2) 
M (z) C(z) P(z) 
in ascending powers of z—a, and form the sum of all of these coefficients ; 
from this sum subtract the coefficient of 2 in the expansion of the same 
expression in descending powers of z. 


Hence 
3 was. =0 | are Tole 
kd be x Re ae = a 2 Fae) 86 (w,, 2) 
Ow, 
-6lyove|co 3 ¥ ala 
Ww. 


The symbol © is clearly distributive, from its definition: and upon the 
subject to which it applies, integration can be effected with regard to 
parameters in such a way that the symbol applies to the integrated form. 
The inverse of the operation 6 with regard to the parameters on the right- 
hand side implies integration with regard to the variables on the left; hence 


(Yg> %q) 
S | eA 
=I 


; Mes a 
7 ee (WCU, 2) ; 
=@0 -el ae ore 5 | oe mon log 0 (w,, z) 
Ow, 


where A is a constant of integration, and where we now write w for w, 
in the subject of integration, w, having been any branch of the quantity w 
defined by f(w, z)=90. To evaluate the right-hand side, only algebraic 
expansions are necessary; and the result will be some function of the 
parameters. These parameters are connected by the equation P (a)=0 

* The symbol, in this significance, is due to Boole, Phil. Trans. (1857), p. 751; the various 


coefficients are manifestly the Cauchy residues (§ 25, Ex, 9) of the expression for its poles, which 
arise through the zeros of M (z) C (z) and through an infinite value of z. 
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with the upper limit of the integrals : when expressed in terms of them, the + 
right-hand side is clearly a logarithmic and an algebraic function of those 
limits, which in special cases may degenerate to a more simple form. The 
constant A can, if desired, be determined by taking another conditional 
equation, similar to @(w, z)=0, in order to assign lower limits to the 
integral. 


This result is Abel’s Theorem in its most general form. We proceed 
to some applications, first recapitulating the significance of the various 
symbols. The fundamental equation is f(w, z)=0, of degree n in w, 
having the coefficient of w” equal to unity, and polynomials in z for the 
coefficients of the remaining powers of w. The conditional equation is 
O(w, z)=0, which (by means of /=0) is taken of degree not higher than 
n—1 in w; the coefficients of the various powers of w are polynomials 
in z, having arbitrary parameters for coefficients of powers of z. The 
result of climinating w between f= 0, @=0, is obtained; C'(z) represents 
the aggregate of Pater corresponding to roots that are ide vein of the 
parameters; the roots, that depend upon the parameters, are taken, in 
conjunction with the appropriate values of w, to be the upper limits of 
the integral. The quantity W (w, 2) is a polynomial in w and in z, of degree 
not higher than n—2 in w, The quantity M(z) is a polynomial in z; 
it may be a constant ; if it is variable, no one of its roots may be one of the 
quantities a, ..., & pelonging to the upper limits of the integrals. And 
lastly, the symbol © requires the various algebraic operations specified 
in its definition, connected with the roots of M(z)=0 and of O(z)=0 
as well as with an expansion in descending powers of z. 


Usually we have C(z)=1; but even when it is different from unity, 
its roots frequently contribute only zero terms to the final sum on the right- 
hand side. 

Note. The preceding proof dispenses with many of the properties of functions of 
position on a Riemann’s surface that have already been established; the main reason 
why such a proof is given is, that some notion of Abel’s theorem may be obtained on the 
lines solely of Abel’s analysis. We shall, however, in the proof of other results, use more 
freely the properties of functions of position to which reference has just been made. 


Another method* of obtaining the result is to consider the integral 


[15,2086 (w, 2)} de, 


taken over the Riemann’s surface, where / denotes 


It is left as an exercise: it follows the lines of §§ 230—238. 


* This is Neumann’s method, Vorlesungen iiber Riemann’s Theorie der Abel’schen Integrale, 
pp. 285—303. 
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JA Ex. 1. Let the permanent equation be 


w= 42 — goz— g. 
and take - : - 
aw+bz+e=0 


as the conditional equation. There are three quantities 2, 7, v3 given as the roots of 
a (48 — gaz — g3) — (bz +0)? =0. 
Now take the integral of the first kind associated with the equation; it is 
dz 


é vv 
w 


We have M(z)=1, O(z)=1, W(w, z)=1; and the roots of the permanent equation can be 
taken as w’, —w'. Hence in the operation © we have only to obtain the coefficient of 


iz j : 
; ina descending expansion, so that 


3 Xe oz 4 C = eet bol o w+be+ 
2 wD ‘t Rp GS CAL? Y 


1, be+e+aw 
a 2 ie be+ce—aw- 


When the quantity on the right-hand side is expanded in descending powers of z, the first 


5. cee eee. : 
term is —;, so that no term in = exists. Accordingly 
Z - 


i 3 Xe dz 
> | ee, V 


wo 


Copzea lel 


where A is a constant independent of the arbitrary constants in the conditional equation, 
and therefore determinable by assigning special values to those constants. Taking a=0, 
b=0, the three values of x become each infinite, so that 


3 [%> dz 
> ( ——=(; 
c=1 (c'a) w 


Now let 2, =@(u,), for c=1, 2, 3; the last equation can be written 


Vv 


Uy +U,+ Us = 0. 
Also ¥,=@ (u,); so that, as the equation 
a’ (w,) + bP (u,) +e=0 
holds for ¢=1, 2, 3, we have 
| P(e), PCy), 1 
| O' (uz), P(e), 1 
PPC) 1 


provided w,+%,+u,=0. This isa known form of the addition-theorem. 
Again, we have 
b 
Mt ea (#1 — 2g). 
Also, from the equation whose roots are 7, #, 3, we have 


b2 Y4—- Yo 2 
+My +H3=7 =4 G ts) , 


HL, — Hy 
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that is, 


“(u4) - 0 ; 
Q (U1) +0 (Ug) + (Us) =F {oes = 3 aa} 


another form of the addition-theorem. 


: ; zdz 
Ex. 2. Consider, in connection with the same equations, the integral | Oe We have 


>> 


s [ -B=- 015 ash pada 
c=1 


w - 8 bet C= 


in the same way. Now, for the descending expansions, we have 


Zl Jo _ 93 ae Yo 
= 1 —-+ a = wee 
WwW Opt ( 422 43 Qz% bs 162% BELG 


b 
Ps ee Ee 
Z+e+aw Oz ) 
log (. _—— )= log (-—1)+log 
bz+c—aw 1_ pies 
Qaz* 


b 
=log (= 1) rare, 
an" 
so that 


C, = loo bze+ce+aw b 
tw 8 bz +o—aw 2a’ 
and therefore 


>> 
o=1 


3 ps ae VJ 


B being a constant independent of a, b, c« By taking b=0, c=0, and a not zero, 
we have @,, @, @; aS simultaneous values ; hence 


3 [= b 1 P" (%) — @ (uy) 


ae eg W Qa 2 @ (u)—@ (Uy) * 


Now in the integral [= , let z=@ (uw), w=’ (w); it becomes 
Je (w) du= — ¢ (wv). 
Also u, %,, U3 corresponding to 2, v2, #3, are such that u,+ugt+u,=0; ¢, eg, &3 are 


possible values of #1, 7, v,,and we can take +o,, +@,, +0, as possible values of u,, w,, U3. 
Choosing them so that the sum shall still be zero, take ,, —@,, @3 as the values ; then 


ie Q (21) — M" (ue) 
7 € (ty) —¢ (@y) +E (ta) +E (@2) +E (Ug) — € (3) = — $ @ (u) @ (u,) = @ (%) 


¢ (@) =n + = (@1) + ¢ (os) ; 
and therefore 


aj 1 0 Uy) — M (uy) 
C(m)+¢( 9) + ¢ (Us) = es 3 @ (a) — Q (2 ly) ’ 


when 2% +%,+U3=0: in accord with Ex, 3, § 131, 


Ex. 3. Consider, also in connection with the same equations as in Ex. 1, the integral 


lene 
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where g is a constant. Denote by y, —y, the two values of w for z=g: so that, if g=@ (a), 
then y=@’ (a). We have 


3 [% dz W265 4 etetaw 
von (z—g)w -9 Deena 


as before. In effecting the operations for ©, we note that 


1 bz+c+aw 
os w log bztco—aw 
from Ex. 1; and therefore, a fortiori, 
1 bz+ce+aw 


2 (-g)w °8 bzte—aw 


consequently, we shall have only the coefficient of = to retain. Thus 


Sr 1 bg+ce+ay 
a Se cer erat a 
ae a (2- 5 wo ¥ bg +¢— ay 
where C is a constant independent of a, 6, c. To determine C, let a=0, b=0; then 
o is the value of w,, w,, 7: and we have 
3 (pe E = 
‘ de aioe bg +c—ay 
call %4-g)w y¥ bg+ce+ay 
@ (a) 5) =e (a), 1 
P(%), OCH), 1 
l C2) 
1 
1 
1 


“FH G@), PW, 
P(%), — O (%), 

1 P (2H), P(e) 
where 21, 22) %3=@ (%4), @ (Us), P (M3), and w+ Uy + %3=0. 


Ex. 4. Prove that, with appropriate limitations upon the paths of the variables, 
i % dz | y dz | SOs 
ae ar aime eo) 
o (1-2) o (1—2%)8 0 (1—2°)8 


Ex. 5. Obtain the addition-theorem for the Jacobian elliptic functions in the same 
way as that theorem for the Weierstrassian elliptic functions was obtained in Example 1. 


provided w+y?= 


Obtain also in this way the known theorems for the (Jacobian) second elliptic 
integral and for the (Jacobian) third elliptic integral. 


Ex. 6. Obtain the addition-theorem for the doubly-periodic functions associated with 


the equation 
w+ P—B3auz=1. (Dixon. ) 


Ex. 7. Two dependent variables wv and v are determined by the (algebraical) equations 
IIOp Gh B=O; CHO Ch BSW 
and a series of values of z are determined by the association of an algebraical equation 
H (u, v, 2)=0 
with /=0, G=0: say #1, %,...,%,. Prove that 


2 fo Wit, 2, 2) de 1 W log H 
S | One fg as 5) °Lae preety laa 


oxl 
U, v U, v 
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where W is an integral polynomial in its arguments, / is any polynomial in z, and 
the summation on the right-hand side extends over all the simultaneous w- and v-roots of 
F=0, G=0. 
Ex. 8. Using the result of Ex. 7, and taking 
w= 1 — 27, e=1—h2, 
as a special case, prove that 
Sp Gig Cha 1 0): 
| 82» eas dy, 1 
RP are Zr Hl 
Srey Cin Clag, l 
(where s,, ¢,, @;,=sn w,, cn u,, An w,, and so for the others), if 
Uy + Ug + Ug+Uy=0. 
In the same case, viz. when u,+U.+U;+%4=0, shew that 
k?s,85838, 4 C0, 


=e > 


— —— 
1+ 4s, 898384 5-1 5 


4 
> L(u,)= 


o=1 o 


and obtain an expression for 


4 
> I(u,, @). 
=I 


Cc 


II. Reverting to the general theorem, it is clear that, when the 
operations on the right-hand side have been completed, and the various 
combinations of the parameters have been expressed as functions of the 
variables in the upper limits of the integrals, the expression can, at the 
utmost, involve only logarithmic and algebraic functions. Logarithmic 
functions will occur in connection with each separate factor of M (2), and 
no other part of the operation © will give rise to them; so that, if the 
right-hand side is to be free from logarithmic functions, M(z) must be 
unity (that is, there are no factors), and conversely. Algebraic functions 
will occur when the coefficient of 27 in the descending expansion in 
powers of z is different from zero; the usual (but not necessary) form in 
which the coefficient is zero arises when the expansion begins with a 
power z~"*), where yw is a positive commensurable quantity. 


We proceed to apply the theorem to the integrals which give rise to 
functions of the first kind, functions of the second kind, and functions of 
the third kind, respectively upon the Riemann’s surface. 

Integrals of the first kind. In this case, we have M(z)=1; and 
W(w, 2) is then an adjoint polynomial of order not greater than n—3 
in w (§§ 205, 234). Because M(z) is unity, there is no logarithmic term 
resulting from the operation 0, 

The integral, being of the first kind, is everywhere finite: so that, when 
|z| is very large, we have 

W (w, z) 
of 


ow 


d2z= A == ay 
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where A, is determinate only save as regards multiples of the periods of the 
integral, and « >0, being a positive integer unless z= is a branch-point. 
Hence, in the vicinity of z= 0, we have 


Moreover, log 6 (w, z), when expanded in descending powers of z, contains no 
term z having a positive integer for its index p. Consequently, in 
W (w, 2) 
—— ] 
oF og 8 (wu, 2) 


ow 


ee 


ie! 
no term in 7 occurs, for any of the branches w; and therefore 


W (w,, 
0 


C1 S) log 0 (w,, z)=0. 


Hence 


where K is a constant of integration independent of the parameters in 
6 (w, 2). 

The constant K can be obtained by taking the sum of the integrals 
as determined by a different set of parameters in @ which (as K is a 
constant independent of their value) may be made as particular as we 
please. Moreover, we recall the property that an integral of the first 
kind upon a Riemann’s surface is not entirely determinate, its expression 
being subject to additive integral multiples of its periods: and we have 
the theorem that the sum of the values of an integral of the first kind 
at the positions on a Riemann’s surface, where a polynomial @(w, 2) 
vanishes, remains unaltered no matter how the parameters in that poly- 
nomial are changed: subject always to modification by additive multiples 
of the periods. The theorem is also expressed sometimes as follows: If 


u(w, 2) denote an integral of the first kind, then 


| Mer 


fog 
U (We, 2o)= % U(Yo, Lo); 
1 GH ~ 


Where Wy, 213 +.+5 Wu, 23 are the zeros, and Y,, #3 ...5 Yu, 3; are the infinr- 
ties of any function > that is rational on the Riemann’s surface. 


Ex. 1. Obtain the result in the latter form by considering the integral 
d 
fu (w, 2) ae flog h (w, z)} dz 


upon the Riemann’s surface, @ denoting the rational function. 
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Ex. 2. The preceding result can be otherwise obtained: one method is indicated 
in the preceding example: another is as follows, based upon a theorem due to Jacobi*, 


which will be proved in deducing the result. 


We have f(w, z)=0; and therefore 


F aw de=o, 
so that 
oe dw 
ha aoe 
Ow 2OS*« 


ae dw+ oie ea, 
Ow 0z 

and therefore 
dé= 66 i 66 


say. Accordingly, ~ denoting the integral of the first kind, 
du=U (w, 2) dé 
U86 
= ¥, ) 
so that this is the element of the integral to be considered, the sum being taken for 
the simultaneous roots of 
(uw, 2=09, 6(w, z)=0. 

Take f to be a polynomial in w and z, and let ” be the degree of terms of the highest 
order; also assume f to be quite general. Similarly take @ to be a polynomial, and let m 
be the degree of terms of the highest order ; m can be taken as less than n, but that does 
not prove important for the present purpose. Let Z=0 denote the result of eliminating 
w between f=0 and 6=0, so that Z is of degree mn in z; likewise let W denote the result 
of eliminating z between f=0 and 6=0, so that W is of degree mn in w. Let the roots of 
Z=0 be £1, ..., Lmn; those of W=0 be ¥,..., Ymn; and let the simultaneous roots 
of f=0, d=0 be 

Vy Yrs Vay Yor vreeee > Ymny Ymns 
which will be called the congruous roots. The other combinations will be called the 
non-congruous roots. 

By the known theory of elimination, we have 
Z=Af+ BO, W=Cf+ DO, 

where the orders in w and 2 are: 

A, m-linw, mnr—n im z, 

B, n-linw , mn—m in z, 

C, mn—n in w, m-1 ing , 

D, mm—m in w, n—-ling ; 
and therefore A, = AD— BC, is a polynomial whose highest power in w alone is mn—1, 
whose highest power in z alone is mu—1, and whose highest terms in w and z combined 
are of order 2mn-—m—n, that is, A is a polynomial of order 2mn—m—n. Now the 


* Ges. Werke, t. iii, p. 292. 
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congruous roots make f and 6 vanish; the non-congruous roots do not make f and 6 
vanish, while they do make Z and W vanish ; accordingly, the non-congruous roots make 
A vanish, 


We have 
af oW af, 06 
Oe =v 4B Ow Ow Ow 
dZ_ ,of ; Ofoeeeo| 
Fees Ax Bee 0 =C. +D~ 


when congruous roots are substituted after differentiation : so that, for any such con- 
gruous pair, 


Wh e Of , 700 | __ 
Z'W'= A; zak os Cx, De Ay, 
Yao, Cn 
and therefore 
56 UA8é 
ay js 
du= UC 7 = HW 
whence 
EP z a (Far) 
g=1 ie C=! “4 w’ L=Lg» Vee 


where p=mmn. But A=O for the non-congruous roots, and therefore the expression 
UA66~(Z' W’") vanishes for non-congruous roots, assuming (as we may) that Z and W do 
not possess equal roots ; hence, adding these vanishing terms, we have 


EE AUINOG 
S du,= = 2 2 (aa), nee. 


say. 

is) q ee ? : 
We? where © is a polynomial in w and z of dimensions not 
greater than 2mn—3: and express it in partial fractions. As the denominator is of the 
form WZ, that is, is 


Consider an expression 


7 
had ). 1 (2%), 
i= 


we have 
e “ A; Bb B; Boe 0;; 
WA er w= 4) te j= (@- ie b—Y;) 
Clearly 
7 tS) 
ou-( rz), 
Now 


: re ilies x © 
is manifestly the coefficient of a the expansion of WZ 


As © is of dimensions 2in—3, while W is of dimensions mn and likewise Z, the first 


in descending powers of w and z. 


term in that expansion is of dimensions — 3, so that there is no term in ae Consequently 


eo 
> 5 C,;=0, 


i=1 j=l 
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bck e 
2S Grz),-° 
This leads at once to the result. For the most general integral of the first kind, 
U is an adjoint polynomial of order n--3; so that UA8é is a polynomial of order 
(n—3)+(2mn-—m—-—n)+m, 
that is, of order 2mn-3. Consequently 


eae ONO 
SS (eS = (0 
i=1 j=l (zr ay : 


Be 
and therefore = du,=0, 


c=) 


that is, 


BK 
or = wu, is a constant, independent of the parameters in 6 and therefore independent of 
o=1 
the upper limits of the integrals : which is the proposition to be established. 


Note. Jacobi’s theorem, indicated at the beginning of this proof, is an immediate 
inference from the preceding analysis, viz. 


a 
E Dercnn 
o=1 \/ @=Xg, V=Vg 


where / is any polynomial of order not greater than m+n -— 3. 
Integrals of the second kind. We shall take only the normal elementary 


integral of the second kind, and denote by z = a, w=a its one infinity on the 
surface. Then (§ 208) the subject of integration is 


U (w, 2) 
» OF 
(2 %) aD 


where U isa polynomial of degree 1 it 1 he vanishes at the n—1 points 
other than w= given by z =a, and also vanishes to order \ — 1 at a branch- 


point of f which is of order >}. Then 


s pre dz=@ F se | 3 [ee eae +K, x 
cat Tae ah of (20) | a3 | of ; 
Ow Ow, | 


where & is an arbitrary constant, independent of the parameters in @(w, 2). 
In order to effect the operations in ©, we require, first, the coefficient of 
i ; 
—— in the expansion of 
a 
1 ROT biip 2) 
j a6 9 a, 
(2@-@) ya Of 


Ow, 


log 8 (w,, 2), 


, : ee Le; 
in ascending powers of z—a: and secondly, the coefficient of — in the ex- 
Zz 


; 1 U U (wr, 2) Zz) 
ans of ——$—- we ) 
pansion o Ca: ee wa log 6 (w,, 2), 
Ow, 


in descending powers of z. 
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The latter is manifestly the coefficient of z in the expansion of 


3 Ue, 
sa a 


ow, 


eee) log 6 (w,, 2) 


in descending powers. Now our integral, being finite everywhere on the 
surface except for the place where z =a, is finite at z= ©, and therefore 
® 
U (w,, 2) Ks reba 
ae es ee Ma 


Ow, 


when |z| is very large: (there is no term - because the integral has no 


logarithmic infinity). Moreover log 0 (w,, z), expanded in descending powers, 
has no positive powers of z. Hence the coefficient of z in the preceding 
expansion is zero; and therefore the part in © contributed by the coefficient 


dle 
of — 1s zero. 
zZ 


in the expansion, it is sufficient to 


To obtain the coefficient of 


obtain the coefficient of z—a in the expansion of 


2 — log 6 (w,, 2). 
Ow, 


Take z—a=€, w,=4,+ 0, (say w=a+v); then, as in § 208, 


Sl Ree 
0 vat oan? 
60 U 
U (w, z) = U (a, Day A a 
ae 


| ply (Fin) 1 


es pr Ne — 
ee /of \” O(a, a) of’ 
ow (ia) aa 
; col O(fe) 
log 8 (w, 2) = log 0 (a, hrs Meme McCray 
Oa 
The pots z=a, w=4, @, ..., 4 are neither algebraic nor logarithmic 


infinities for the integral; hence (§ 208) 


UGG) 0 (a2 2... 7), 
37 


- 
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which conditions exclude an algebraic infinity, and 


a(f, U) _ a 
CEA © (7 = Ue eeey N), 


which conditions exclude a logarithmic infinity, at any of the n —1 places. 


The point z=a, w=, is an algebraic but not a logarithmic infinity ; 
hence 
. of 


: HCE ah) _a¢f U) 
oe ee Oe 
3a, 


which excludes the logarithmic infinity for the integral. The algebraic in- 
finity at a, a for the integral is clearly 


le U (a, a) _o 


Oe — a 
0a, 
The coefficient of in the foregoing expansion is 
U (a, a) L : 0 (f, ®) 
of O(a, a) O(a, a) 
0a, 


Le co UT CA ny cs U(m,a) 1 2 (f, 9) 
ol | Peer ee oe of O(a, @) O(a, a)" 


ow 0a, 


The right-hand side is a rational function of the parameters in 6 and there- 
fore is an algebraic function of the variables v. Hence the sum of the values 
of a normal elementary integral of the second kind at the positions on a 
Riemann's surface, where a polynomial vanishes, 1s an algebraic function 
of the variables of those positions. 


The result can also be enunciated in the form: Let E(w, z) denote a 
normal elementary function of the second kind, having its sole sumple infinity 


ee, ; . A 
at the position z=a, w=a, of the form ——. Also let wy, 23 ...3 Wy, 2; 
—_—_—_.” * . Z— 0 ro 


a 


denote the zeros: and ¥,, @13 ...3 Yu, Uy. denote the injfinities of a function 9, 
rational on the Riemann surface: then 


bs MK 0(f, log p) 
» EL (we, @)—- & E (Ye, &)=—A | 223 : 
‘i o=1 °) o=1 ( i; 0 (Ww, Z) _jw=a, z=a 


The equality is subject to additive multiples of the periods of the integral. 
Ez. 1. In the preceding investigation, the assumption is made that a is finite, so that 
zZ=00 1s a point where the integral is finite. 


Obtain the corresponding result when z= is the sole simple infinity of a normal 
elementary integral of the second kind. 
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Ex, 2. The line aw+8z+y=0 touches the curve f(w, z)=0, and U(w, z) is an 
adjoint polynomial of order —2, which vanishes at each of the remaining n—2 points 
where the line meets the curve. Obtain an expression for 


UE 

aw+Bz+y am 

Ow 

where the upper limits of the integrals are the points of intersection of f(, 2)=0 with any 
other curve 6 (w, 2)=0; also an expression for 
e le U(w, 2) de 

(aw+ z+)" Pf’ 

Ow 


o=1 


o=1 
where « is an integer greater than unity. 


Integrals of the third kind. We shall take only the normal elementary 
integral of the third kind; and we shall denote by z=c, w=; z=¢, w= 2} 
its two logarithmic infinities on the surface. Then (§ 211, Ex. 2) the subject 
of integration is . 


V (w, 2) 
(- y: 


where V (w, 2) is an adjoint polynomial of order n — 2, which vanishes at 
the »—2 points, other than the infinities of the integral. Moreover as 
V is of order less than n—1 in w, we have, by a known theorem in partial 
fractions, 


S V (w,, 2) 


rai OF 


Ow, 


== (0) 


so that, in the present case, 


Vin, C)_ ” V (9%, c) 2a 


of of “ 
or, OY2 
say, thus verifying the property proved in § 211. 
We have 
a Zs WWE 
(7 Lew) -1-0 1] eon) 
ee ke yo 2—C| y=1 of 
ra Ain Ow,. 


where Z is an arbitrary constant, independent of the parameters in 0 (w, 2). 


In the same manner as for the normal elementary integrals of the second 


kind, we have * 
C; = Da Te Oe A=; 

a ae ae 

Ow,, 


ee) 
~I 
‘ 
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and therefore the right-hand side is 


% V (yr, 6) 
S rn: log 8 (¥,, C). 


Ory 
In this sum all the terms vanish except for r= 1, r= 2: it thus becomes 
2 
een Te O tog A (Yr, ¢) 
nai ne), 
Ory. 
= 8 (2, ¢) 
= ONO Oe oe 
and therefore 
3 _V (w, 2) - —~L=COlog Oy 6) 
dhs 0 (m; c) 
(2 i ot a 


Proceeding as before, this result may be enunciated as follows: Let 


II. (w, z) denote a normal elementary function of the third kind, having its two 


logarithmic infinities at z=c, w=; 2=0, W= 42; Of the form 


respectively. Also let $(w, 2) denote a rational function of position on the 


Riemann’s surface, having tts zeros at W,, 23 ....6 > Wy, 2.3 and its poles at 
Ugly a canis OTT Ce OAL 

‘ g 2) C 

3 The (We, Ze) — & Te (Yo, tte) = O log 20% 9 

ge o=1 b(n, ¢) 


The equality is subject to additive multiples of the periods of the integral. 


Kz. Let U(w, z) be an adjoint polynomial of order n—2, vanishing at n—2 of the 
points where the (non-tangent) line aw+8z+y=0 meets the curve. Obtain an expression 


for 
yu vo U (w, Z) az 
be 1 aw +Bz+ y aT i 


Ow 


where the upper limits of the integrals are the points of intersection of f/(w, z)=0 with any 
other curve @(w, z)=0. (This is more general than the case in the text, where z is taken 
to have the same value at the two points.) 


Ill. Abel's theorem in general, and the special examples in particular, 
shew that the sum of a number of integrals 


' [Wes 2q 
I (we, Ze), =| dl, 
can be expressed as a logarithmic and algebraic function, say G, so that 


LW, ee, 
Sees 
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and therefore 


I 


p 
lw 2.) = — 
1 


o 


bw 
> I (we, 2)+G, 
=p 


o=pt1 


say, where p is the number of parameters in @(w, 2). As there are pu roots of 
the equation #'(z)=0, or w simultaneous sets of roots of 


if (w, 2) = 0, -@ (w, 2)= 0, 


which depend upon the parameters, it follows that the parameters can be 
regarded as functions of p of these roots, and that the remaining p — p roots 
can then be regarded as functions of the p roots. At this stage, these p roots 
may now be considered as arbitrary quantities; and therefore the sum of a 
number of integrals with arbitrary upper limits can be expressed as a sum 
(with an additive function G) of a number of integrals with other upper 
limits, which are algebraic functions of those arbitrary quantities. The 
question then arises: what is the smallest number of integrals in the second 


set as a sum of which any number of integrals can be expressed ? 


This number ts equal to p, the genus of the permanent equation. Abel 
originally obtained the number, though not in this special form: the investi- 
gation is, however, a long one. 


The result can be more briefly established by using the properties of 
functions on a Riemann’s surface which have already been proved. It will 
suffice to establish the result for a sum of p+1 integrals with arbitrary 
upper limits; for, granting the result for this case, then a sum of p+2, 
=(p+1) +1, integrals can be transformed into a sum of p+1 integrals by 
transforming the sum of any p+ 1 in the p+ 2 into a sum of p integrals ; 
and so for the sum of a greater number. There are two cases, according as 
the equation is hyperelliptic, or is not hyperelliptic. 

When the equation is hyperelliptic, we take it in the form 
V 


2 


Ws— Lops ‘ 


Any other uniform function on the Riemann surface can be made of only the 
first degree in w; and we therefore take the conditional equation in the 


form 
O(w, z)=w-9O=0. ah 
The upper limits of the integrals satisfy the equation 
Zopi1 — B= 0. 
Let %, --., 24, be p +1 arbitrary quantities, taken to be upper limits for an 


integral fdI: and choose ® to be a polynomial in z of degree p having 
arbitrary coefficients. The most general form of © contains p +1 of these 
coefficients; they therefore can be chosen so that %, ..., 244 satisfy the 


equation 
Lop — @7= 0, 
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and they then are determinate. The equation is of degree 2p +1, and 
consequently it has other p roots, say, %, ..., Zp: these are functions of the 
constants in @ and therefore are functions of 2, ..., Zp, being manifestly 
algebraical functions. Now applying Abel’s theorem to the integral /dJ, we 
have 


pt 
S L(un, %)+ 3 SER e) Gr, 


so that 
pti p 7 
> LD (Ws;.20) = — LY es 
Ce—ail mil | 


or the sum of p+1 integrals is expressible as a sum (with an additive 
function @) of p integrals. The result is therefore proved for the hyper- 
elliptic case. 


When the equation is not hyperelliptic, we take it in the customary form 


f(w, 2) =0 


where the degree x of f in w is equal to or is greater than 3. The conditional 
equation 


7 (w, 2) =90 


is obtained by taking @(w, z) as the most general adjoint polynomial of order 
n— 2: that is, @(w, Z) is to vanish to order X—1 at a multiple point of f 
which is of order X. Now in order that a point on a curve may be multiple 
of order X— 1, a number of conditions equal to $A (A — 1) must be satisfied ; 
hence the number of conditions to be satisfied, in order to make @(w, 2) an 
adjoint polynomial, is 

da (A-1) 

+ (n—1)(n = 2)—>p, 


by § 240. As @ is a polynomial of order n—2, the number of terms it 
contains is 4(#—1)n: and therefore the number of disposable constants in 
the equation @=0 is }(n—1)n—1. Some of these are used to make the 
polynomial adjoint ; hence the number of disposable constants in the adjoint 
polynomial of order n — 2 is tn pare 


$(n—1)n—1-— {4( (n —1)(n—2)—p} 
=n+p—2 


in all, As n>3, it follows that n+p—2>p+4+1. If the number =p+lI, 
choose the disposable arbitrary constants so that @ shall vanish at the p+1 
positions Wy Ay 5 Wnty p43 given as assigned upper limits for the 
integral. If the number is >p +1, choose p+ 1 of the constants so that 6 
shall vanish at the assigned p+ 1 positions We, 2¢, and the remaining n—3 of 
the constants, so that @ shall vanish at n—3 definite positions a, d,3 . 


oe 5 
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An—3, M3; On the surface, to be regarded as fixed positions defined by pure 
constants. 


In the intersections of f= 0, @= 0, a multiple point of order A on f, being 
of order X — 1 on @, counts for X(X— 1) points; hence the number of points, 
other than the multiple points, given by @=0 on the Riemann’s surface is 


n(n —2)—SA(A— 1) 
=n(n—2)— {(n — 1) (nm — 2) — 2p} 
=n+ 2p-2 
=(n + p—2)+p. 

Of these, we have the n + p— 2, given by 


We, tor c= li pl, 


Ae, Ge Okan eo, 
the latter set not occurring if n=3; let the remaining p be 
Wer Ee iOU Ke Pay, De 


so that the upper limits for our integral are the sets W,, 25 G;, Ur} Ye, Le- 
Applying Abel’s theorem to the integral fdZ with these as limits, we have 


pti 4 n-3 PR 
> I (We, Zq) 5 > 1G Crs ay) aE > JE (COs He) = G. 
1 r=1 K 


=1 


c= 


Now each term in the second sum is a pure constant, so that, when the sum 
is transferred to the right-hand side, it can be absorbed into the constant of 
integration that occurs in G; hence 


ptl Pp 
> if (We, 5p = > dE Res Le) a Gh, 
=] 1 


o k= 


thus proving the result for the case which is not hyperelliptic. 


This result, that the sum of any number of integrals can be expressed as a sum 
of p integrals, has of course an entirely different significance from the result that p linearly 
independent integrals of the first kind exist upon a Riemann’s surface. The two results 
can be combined, as in § 239, so as to lead again to the inversion-problem ; this 
discussion, however, is a fundamental part of the theory of Abelian functions, and is 


beyond our present range. 


CHAPTER XIX. 
ConroRMAL REPRESENTATION: LNTRODUCTORY. 


253. In § 9 it was proved that a functional relation between two 
complex variables w and z can be represented geometrically as a copy of 
part of the z-plane made on part of the w-plane. At various stages in the 
theory of functions, particularly in connection with their developments in the 
vicinity of critical points, considerable use has been made of the geometrical 
representation of the analytical relation; but it has been used in such a way 
that, when the equations of transformation define multiform functions, the 
branches of the function used are uniform in the represented areas. 


The characteristic property of the copy is that angles are preserved, and 
that no change is made in the relative positions and (save as to a uniform 
magnification) no change is made in the relative distances of points that he 
in the immediate vicinity of a given point in the z-plane. The leading 
feature of this property is maintained over the whole copy for every small 
element of area: but the magnification, which is uniform for each element, 
is not uniform over the whole of the copy. 


Two planes or parts of two planes, thus related, have been said to be 
conformally represented, each upon the other. 


Now conformal representation of this character is essential to the consti- 
tution of a geographical map, made as perfect as possible: and a question 
is thus suggested whether the foregoing functional relation is substantially 
the only form that leads to what may be called geographical similarity. In 
this form, the question raises a converse more general than is implied by 
the converse of the functional relation, inasmuch as it implies the possibility 
that the property can be associated with curved surfaces and not merely 
with planes. But a little consideration will shew that the generalisation is 
a prior not unjustifiable, because, except at singular points, the elements of 
the curved surface can, in this regard, be treated as elements of successive 
planes. We therefore have* to determine the most general form of analytical 
relation between parts of two surfaces which establishes the property of 
conformal similarity between the elements of the surfaces. 


bagel, SOE eV eso ‘ : 
lhe following investigation is due to Gauss: for references, see p. 593, note. 
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Let w, y, z be the coordinates of a point R of one surface with t, w for its 
parameters, so that x, y, z can be expressed in terms of ¢, w; and let X, Y, Z 
be the coordinates of an associated point R’ of the other surface with 7, U 
for its parameters, so that X, Y, Z can be expressed in terms of 7’, U. Then 
the analytical problem presented is the determination of the most general 
relations which, by expressing 7’ and U in terms of ¢ and u, establish the 
conformal similarity of the surfaces. 


Suppose that G and H are any points on the first surface in the imme- 
diate proximity of R, and that G’ and H’ are the corresponding points on 
the second surface in the immediate proximity of R’: then the conformal 
similarity requires, and is established by, the conditions: (a), that the ratio 
of an arc RG to the corresponding are R’G” is the same for all infinitesimal 
ares conterminous in R and R’ respectively; and, Gi), that the inclination 
of any two directions RG and RH is the same as the inclination of the 
corresponding directions R’G’ and R’H’. Let the coordinates of G and of H 
relative to R be da, dy, dz and dz, dy, 82 respectively ; and those of G’ and 
of H’ relative to R’ be dX, dY, dZ and 6X, SY, 6Z respectively. Let ds 
denote the length of RG@ and dS that of R’G’; let m be the magnification of 
ds into dS, so that 

dS = mds, 
a relation which holds for every corresponding pair of infinitesimal arcs 
at Rand RF’. 

By the expressions of #, y, z in terms of ¢ and w, we have equations of 
the form 


dx =adt+adu, dy=bdt+b'du, dz=cdt+c'du, ee 
where the quantities a, b, c, a’, b’, c’ are finite. Let there be some relations, 
which must evidently be equivalent to two independent algebraical equa- 
tions, expressing 7’ and U as functions of ¢ and w; then we have equations 
of the form 

dX =Adt+A’du, dY=Bdt+Bdu, dZ=Cdt+Cdu, ~~ 
where the quantities A, B, 0, A’, B’, C’ are finite and are dependent partly 
upon the known equations of the surface and partly upon the unknown 
equations of relation between 7, U and ¢, u. Then 

ds? = (a2 + b? + c”) dt? + 2 (au' + bb’ + cc’) dtdu + (a? + b? + c?) du’, 
dS? = (A?+ B2+ C?) dt? + 2(AA’+ BB’ + CO’) dtdu + (A? + B?+ C0”) dw. 
Since the magnification is to be the same for all corresponding ares, 
it must be independent of particular relations between dt and dw; and 
therefore 


A?4 B84 0? AA'+ BB+ 00" AP4 B40 
ete+re  aa+b+cl a?+b%+c?’ 


each of these fractions being equal to m’. 
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Again, since the inclinations of the two directions RG, RH; and RG, 
RH'; are given by 
ds 8s cos GRH 
= (a? + b? +c) dt 8t + (aa’ + bb’ + cc’) (dt Su + dt du) + (a? +b? +6”) du du, 
dS 58 cos GR’ H’ 
=(A?+ B+ 0%) dt5t+(AA’+ BB’ + CC’) (dt du + dtdu)+(A?+B"+ C”)dudu, 


we have, in consequence of the preceding relations, 


mds 6s cos GRH = dS &S cos GR’ H’. 


But dS = mds, 6S=més; and therefore the angle GRH is equal to the 
angle G’R’H’. It thus appears that the two conditions, which make the 
magnification at R the same in all directions, are sufficient to make the 
inclinations of corresponding arcs the same; and therefore they are two 
equations to determine relations which establish the conformal similarity 
of the two surfaces. 


These two equations are the conditions that the ratio dS/ds may be 
independent of relations between dt and du; it is therefore sufficient, for 
the present purpose, to assign the conditions that dS/ds be independent of 
values (or the ratio) of differential elements dt and du. 

Now ds? is essentially positive and it is a real quadratic homogeneous 
function of these elements; hence, when resolved into factors linear in the 
differential elements, it takes the form 


ds* = n (dp + 1dq) (dp — idq), 


where n is a finite and real function of ¢ and wu, and dp, dq are real linear 
combinations of dt and du. Similarly, we have 

dS? = N (dP + idQ) (dP — idQ), 
where, again, V is a finite and real function of ¢ and w or of 7 and U, and 


dP, dQ are real linear combinations of dt and dw or of dZ’ and dU. Thus 


as N (dP + 1dQ) (dP — dQ) 
n (dp +idq) (dp — idq) * 
It has been seen that the value of m is to be independent of the values and 
of the ratio of the differential elements. 
Now taking 
6= cua’ + bb’ + cc’ a? + 624+ ¢? 
w+be+e ? e+e+ce? 
so that @ and ¢ are, by the two equations of condition, the same for ds and 
dS, and denoting by w the real quantity (@ — 6?)', we have 
ds’ = (a? + b+ c*) {dt + du (0 + ip)} {dt + du (0 — ip)}, 

and dS? = (A* + B+ C?) [dt + du (0 + iy)} {dt + du (0 — ip)}. 
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Then, except as to factors which do not involve infinitesimals, the factors of 
ds’ and of dS? are the same. Hence, except as to the former factors, the 
numerator of the fraction for m? is, qua function of the infinitesimal 
elements, substantially the same as the denominator; and therefore either 


(a) ———~ and —— 


are finite quantities simultaneously ; v 


or 
dP + idQ dP —idQ ‘ vest Pas 
(8) em us and Seren are finite quantities simultaneously. 
_ Either of these pairs of conditions ensures the required form of m, and so 
ensures the conformal similarity of the surfaces. 


Ex. Shew that both p and q satisfy the partial differential equation 


\(¢a- an) + (Va) fee 


Consider (a) first. Since (dP +7dQ)/(dp +idq) is a finite quantity, the 
differentials dP + idQ and dp+cdq vanish together, and therefore the quan- 
tities P+7Q and p+zq are constant together. Now P and Q are functions 
of the variables which enter into the expressions for p and g; hence P+7Q 
and p +g, in themselves variable quantities, can be constant together only if 

P+id=f (p+ 29), 
where f denotes some functional form. This equation implies two independent 
relations, because the real parts, and the coefficients of the imaginary parts, 
on the two sides of the equation must separately be equal to one another ; 
and from these two relations we infer that 


Lei fi p19); 
where f,(p—v7g) is the function which results from changing 7 into — 7 
throughout /(p + tq) and is equal to f(p — 1g), if ¢ enter into f only through 
its occurrence in p+7qg. From this equation, it follows that 
dP —idQ 
dp — idq 
is finite; and therefore a necessary and sufficient condition for the satisfaction 
of (a) is that P, Q and p, ¢ be connected by an equation of the form 
P+iQ=f (p+ %q). 
Moreover, the function f is arbitrary so far as required by the preceding 
analysis; and so the conditions will be satisfied, either if special forms 
of f be assumed or if other (not inconsistent) conditions be assigned so 
as to determine the form of the function. 


Next, consider (8). We easily see that similar reasoning leads to the 
conclusion that the conditions are satisfied, when P, Q and p,q are connected 
by an equation of the form 

P+iQ=9(p-—%); 
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i 
7 


and similar inferences as to the use of the undetermined functional form of g 
may be drawn. Hence we have the theorem :— 


Parts of two surfaces may be made to correspond, point by point, im 
such a way that their elements are similar to one another, by assigning 
any relation between their parameters, of etther of the forms 


sada AG Oa Ia ELI Sd 
and every such correspondence between two gwen surfaces is obtained by the 
assignment of the proper functional form in one or other of these equations. 
Ex. In establishing this conformal representation, only small quantities of the first 


order are taken into account. Sketch a method whereby it would be possible to evaluate, 
to a higher order of small quantities, the magnitude 


dS’ ds’ 

dS ds’ 
where dS, dS’ are two small conterminous arcs on one surface, and ds, ds’ are the 
corresponding small conterminous arcs on the other surface. (Voss. ) 


254. Suppose now that there is a third surface, any point on which 
is determined by parameters X and yw; then it will have conformal similarity 
to the first surface, if there be any functional relation of the form 


N+ tw =h(p + rq). 
But if i be the inverse of the function h, then we have a relation 
P+iQ=/(l-Atip)} 
=F (r+ ip), 


which is the necessary and sufficient condition for the conformal similarity 
of the second and the third surfaces, 


This similarity to one another of two surfaces, each of which can be made 
to correspond to a third surface so as to be conformally similar to it, is an 
immediate inference from the geometry. It has an important bearing, in 
the following manner. If the third surface be one of simple form, so that its 
parameters are easily obtainable, there will be a convenience in making it 
correspond to one of the first two surfaces, so as to have conformal similarity, 
and then in making the second of the given surfaces correspond, in conformal 
similarity, to the third surface which has already been made conformally 
similar to the first of them. 


Now the simplest of all surfaces, from the point of view of parametric 
expression of points lying on it, is the plane: the parameters are taken to 
be the Cartesian coordinates of the point. Hence, in order to map out two 
surfaces so that they may be conformally similar, it is sufficient to map 
out a plane in conformal similarity to one of them and then to map out 
the other in conformal similarity to the mapped plane: that is to say, we 
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may, without loss of generality, make one of the surfaces a plane, and all 
that is then necessary is the determination of a law of conformation. 


We therefore take P=X, Q=Y, N= and then 
P+1Q=X41V =Z, 


where Z is the complex variable of a point in the plane; and the equations 
which establish the conformation of the surface with the plane are 


ds? = n (dp? + dq’) 
X+1Y=f(p + iq) , 
men =f" (p +9) fi (p — 4g) 
where f,(p—1q) is the form of f(p+72q) when, in the latter, the sign of 7 is 
changed throughout. 


As yet, only the form P+7Q=/(p+iq) has been taken into account. 
It is sufficient for our present purpose, in regard to the alternative form 
P+1Q = 4 (p—1q), to note that, by the introduction of a plane as an inter- 
mediate surface, there is no essential distinction between the cases*. For 
as P=X, Q=Y, we have 
Mpa); 
and therefore X —1Y =9,(p +79), 


which maps out the surface on the plane in a copy, differing from the copy 
determined by 

X+1VY=9,(p +79), 
only in being a reflexion of that former copy in the axis of X. It is therefore 
sufficient to consider only the general relation 

X+1Y =f (p+ iq). 

Ex, We have an immediate proof that the form of relation between two planes, as 
considered in § 9, is the most general form possible. For in the case in which the 
second surface is a plane, we have ds?=dx?+dy”, so that n=1, p=x, g=y: hence the 
most general law is 

X4i¥=f(e+wy), 
that is, w=f (2), 
in the earlier notation, Some illustrations arising out of particular forms of the function 
f will be considered later (§ 257). 

255. In the case of a surface of revolution, it is convenient to take $ 
as the orientation of a meridian through any point, that is, the longitude of 
the point, o as the distance along the meridian from the pole, and q as 
the perpendicular distance from the axis; there will then be some relation 
between o and gq, equivalent to the equation of the meridian curve. Then 


ds* = da? + ¢d¢* 
= q? (d¢’ + dé’), 


* A discussion is given by Gauss, Ges. Werke, t. iv, pp. 211—216, of the corresponding result 
when neither of the surfaces is plane, 
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where d@ = <, so that @ is a function of only one variable, the parameter of 


the point regarded as a point on the meridian curve. Here n=q’; and so 
the relation, which establishes the law of conformation between the plane 
and the surface in the most general form, is 


o+iy=f(p+16); 


and the magnification m is given by 


ma =f' (db +10) fy (b — 20). 

Evidently the lines on the plane, which correspond to meridians of 
longitude, are given by the elimination of 6, and the lines on the plane, 
which correspond to parallels of latitude, are given by the elimination of ¢, 
between the equations 

Qn =f (p +10) + fi(b — iO) 
iy =f (d + 18) —fi(p — 18)} 
Ex.1. A plane map is made of a surface of revolution so that the meridians and the 


parallels of latitude are circles. Shew that, if (7, a) be the polar coordinates of a point on 
the map determined by the point (6, @) on the surface, then 
cos a 


~ “= —2ae fae cos 2 (ep +g) +b cos (g +h)}, 


~—"—  Qae fae? sin 2 (ep +9) +5 sin (g+h)}, 


where a, b, c, g, h are constants, 
Prove also that the centres of all the meridians lie on one straight line and that the 


centres of all the parallels of latitude lie on a perpendicular straight line. (Lagrange. ) 


Ka, 2, Prove that, in a plane map of a surface of revolution, the curvature of a 
a) 


meridian at a point 6 is ry 
( 


1 : ; 
eS and the curvature of a parallel of latitude at a point 


eG) Fe oF an ; 
is ig (aa Hence shew that, if the meridians and the parallels of latitude become 


circles on the plane map given by 


z=f (p+76), 
the function / and the conjugate function /, must satisfy the relation 
[fh G+i={h, p16}, ) 
where {f, »} is the Schwarzian derivative, (Lagrange.) 
Kx. 3. On the surface of revolution, let 
p= —4i {mqdo, 
where m, g, o have the significations in the text ; shew that d and satisfy the equation 
Ow\? Ou (Ow \? d2u 
+ Fats (ae ea a0) 
0z,) Of"  \Oz,/ O22 


where 2,, 2, are the conjugate complexes «+7y in the plane. (Korkine.) 
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256. The surfaces of revolution which occur most frequently in this 
connection are the sphere and the prolate spheroid. 


In the case of the sphere, the natural parameter of a point on a great- 
eircle meridian is the latitude A. We then have do = adn, where u is the 
radius; and g=acosX, so that 


ds’? = a? dd? + a? cos? dd? 
= a cos’r (dg? + dS”), 
where sech ¥=cosX. Hence we have 
A+1VY =/(64+715); 
and the magnification m is given by 
- ma cos r={f'(p +79) A’ (b—79)}?. 


There are two forms of f which are of special importance in representa- 
tions of spherical surfaces. 


First, let f(u) =k, where & is a real constant; then 
X+1Y =k(¢g +15), 
and therefore A’ =k, Y=kS=ksech (cos d); 


that is, the meridians and the parallels of latitude are straight lines, 
necessarily perpendicular to each other, because angles are conserved, 
The meridians are equidistant from one another; the distance between 
two parallels of latitude, lying on the same side of the equator and 
having a given difference of latitude, increases from the equator. We 
have f' (¢+73) =k=f,/(¢ —t3); and therefore 


k 
m=-—secar, 
a 


or the map is uniformly magnified along a parallel of latitude with a 
magnification which increases very rapidly towards the pole. This map is 
known as Mercator’s Projection. 
Secondly, let f(u)=ke', where k and ¢ are real constants; then 
X +1V = ke ++) = ke (cos ch +7 sin cd), 
and therefore A = ke coscd and Y = ke~** sin cg. 
For the magnification, we have 
F' (6 +19) = tcke* @*™) and f/ (¢ —13) = —icke" @—, 
so that ma cos X= cke~, 


ae a ck (1—sin A)B 6-9 
or Wim — 0 © BOO. A ae 
a a (1+sin rye 
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The most frequent case is that in which e=1. Then the meridians are 
represented by the concurrent straight lines 
Y= X tan ¢; 
the parallels of latitude are represented by the concentric circles 
1—sind 
2 72 —— Jr2p—2> — Jn2_ é 
Ary he nasa 
the common centre of the circles being the point of concurrence of the 
lines; and the magnification is 


k 
Ween 


mm 


This map is known as the stereographic projection: the South pole being 
the pole of projection. 


It is convenient to take the equatorial plane for the plane of z: the 
direction which, in that plane, is usually positive for the measurement of 
longitude, is negative for ordinary measurement of trigonometrical angles. 
If we project on the equatorial plane, we have 

4 = keer 
= heats, 


which gives a stereographic projection. 


Ex.1. Prove that, if w, y,z be the coordinates of any point on a sphere of radius @ and 
centre the origin, every plane representation of the sphere is included in the equation 


¥+iY=f (=) i 
for varying forms of the function 


Ex, 2. Shew that rhumb-lines (loxodromes) on a sphere become straight lines in 
Mercator’s projection and equiangular spirals in a stereographic projection. 
Ex, 3. A great circle cuts the meridian of reference (¢=0) in latitude a at an angle a; 
shew that the corresponding curve in the stereographic projection is the circle 
(X +h tan a)?+(V+k cot asec a)?=k? sec? a cosec? a. 
Ex, 4, A small circle of angular radius 7 on the sphere has its centre in latitude ¢ and 


longitude a; shew that the corresponding curve in the stereographic projection is the 
circle 


. keosccosa\2 _ keosesina\2 k? sin? ¢ 
Xe a4) hehe — ———e 


cos 7 +sin ¢ cos7+sine/ — (cos7+sin ec)?" 


The less frequent case is that in which the constant ¢ is allowed to 
remain in the function for the purpose of satisfying some useful condition. 
One such condition is assigned by making the magnification the same at 
the points of highest and of lowest latitude on the map, If these latitudes 


be 24, A», then 
(1 = sin r,)3 {e—1) a. (1 —_ sin ro)? 


(1+sin A,)F¢) ~~ (14 sin A,)Pe’ 
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so that 
1—sin Xx 1+sinX 
i °8\T— sin NG pales 1+sin A, 
i" é —sin >) aki. é + sin a p 
8 \{—sin ro 8 1+sina, 


This representation is used for star-maps: it has the advantage of leaving 
the magnification almost symmetrical with respect to the centre of the map. 


Lx, Prove that the magnification is a minimum at points in latitude are sin ec. 


Shew that, if the map be that of a belt between latitudes 30° and 60°, the magnification 
is a minimum in latitude 45° 40’ 50”; and find the ratio of the greatest and the least 
magnifications. 


Note. Of the memoirs which treat of the construction of maps of 
surfaces as a special question, the most important are those of Lagrange* 
and Gauss}. Lagrange, after stating the contributions of Lambert and of 
Euler, obtains a solution, which can be applied to any surface of revolu- 
tion; and he makes important applications to the sphere and the spheroid. 
Gauss discusses the question In a more general manner and solves the 
question for the conformal representation of any two surfaces upon each 
other, but without giving a single reference to Lagrange’s work: the 
solution is worked out for some particular problems and it is applied, in 
subsequent memoirs, to geodesy. Other papers which may be consulted 
are those of Bonnet §, Jacobi||, Korkine{, and Von der Miihll**; and there 
is also a treatise by Herztt. 


But after the appearance of Riemann’s dissertation tt, the question 
ceased to have the special application originally assigned to it; it has 
gradually become a part of the theory of functions. The general develop- 
ment will be discussed in the next chapter, the remainder of the present 
chapter being devoted to some special instances of functional relations 
between w and z and their geometrical representations. 


The following three examples give the conformal representation of three surfaces upon 
a plane. 


Ex. 1. A point on an oblate spheroid is determined by its longitude 7 and _ its 


* Nouv. Mém. de V Acad. Roy. de Berlin, (1779). There are two memoirs: they occur in his 
collected works, t. iv, pp. 635—692. 
+ Schumacher’s Astr. Abh. (1825); Ges. Werke, t. iv, pp. 189—216. 
+ Gott. Abh., t. li, (1844), ib., t. iii, (1847); Ges. Werke, t. iv, pp. 259—340. 
§ Liouville, t. xvii, (1852), pp. 301—340. 
\| Crelle, t. lix, (1861), pp. 74—88; Ges. Werke, t. ii, pp. 399—416. 
4] Math. Ann., t. xxxv, (1890), pp. 588—604. 
** Crelle, t. lxix, (1868), pp. 264-—285. 
++ Lehrbuch der Landkartenprojectionen, (Leipzig, Teubner, 1885). 
+t “Grundlagen fiir eine allgemeine Theorie der Functionen einer veranderlichen complexen 
Grosse,” Gottingen, 1851; Ges. Werke, pp. 3—45, especially § 21. 
E 38 
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geographical latitude ». Shew that the surface will be conformally represented upon a 
plane by the equation 


XHivas| l4i |p-+4elog ( mE yt, 


l+esin p 


for any form of the function f; where sech p=cosp, and ¢ is the eccentricity of the 
meridian. 

Also shew that, if the function f be taken in the form f(wu)=he', the meridians in 
the map are concurrent straight lines, and the parallels of latitude concentric circles ; and 
that the magnification is stationary at points in geographical latitude are sin ec. (Gauss. ) 


Ex. 2. Let the semi-axes of an ellipsoid be denoted by p, (p?— B24, (p?—2)*, in 
descending order of magnitude. Shew that the surface will be conformally represented 
upon a plane by the equation 


X+ivaslh (w+iv) +4 log 


8 (u+a)e wert 
© (u—a) © (tww—a@) 

for any form of the function f; where w and v are expressed in terms of the elliptic 
coordinates p, and p, of a point on the surface by the equations 


iP 1 ; 2 eee 
C (p2—b ee Us C (pq? — 6?) 


na Nes ea CEN U2 ee ae 
pe (= 02) pe (=) 3 
th Rea ema uc Ae 
e modulus 18 © pee 9 the constant @ is given by 
b=cdna, 
and the value of the constant A is tna dna—Z (a). (Jacobi. ) 


Ex. 3. The circular section of an anchor-ring by a plane through the axis subtends an 
angle 7 —2e at the centre of the ring, and the position of any point on such a section is 
determined by /, the longitude of the section, and by XA, the angle between the radius from 
the centre of the section to the point and the line from the centre of the section to the 
centre of the ring. 

Shew that, by means of the equations 

(= Ira, 
tan $\= tan $e tan (ay tan e), 


the surface of the anchor-ring is conformally represented on the area of a rectangle whose 
sides are 1 and cote. (Klein.) 


257. It was pointed out that the conformation of surfaces is obtained 
by a relation 
P +iQ=f(p+i9) 


and therefore that the conformation of planes is obtained by a relation 


w=f (2), 
whatever be the form of the function J, or by a relation 
@ (w, z)=0; 
whatever be the form of the function ¢. Some examples of this conformal 
representation of planes will now be considered; in each of them the 
representation 1s such that one point of one area corresponds to one (and 
only one) point of the other, 
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Hx. 1. Consider the correspondence of the two planes represented by 


(a—b) w*?—-22w+(atb)= 
that is, 
aay 


2z=(a—b) w+ — 
Let 7, 6 be the coordinates of any point in the a ots and w, y¥ the coordinates of any 
point in the z-plane: then 


20=| (a-8)r+"*° cos 6, 2y | (a b) rE |sin 8. 


Hence the z-curves, corresponding to circles in the w-plane having the origin for their 
common centre, are confocal ellipses, 2c being the distance between the foci, where 
e=a?—b?; and the z-curves, corresponding to straight lines in the w-plane passing 
through the origin, are the confocal hyperbolas, a result to be expected, because the 
orthogonal intersections must be maintained. 


Evidently the interior of a w-circle, of radius unity and centre the origin, is, by the 
above relation, transformed into the part of the z-plane which lies outside the ellipse 
z*/a?+7?/b2=1, the w-circumference being transformed into the z-ellipse. 
Ex, 2. Consider the correspondence implied by the relation 
1 2K 
k~? w=sn (= s)=on2, where a +77'=2 (Spa 
vis 7 
with the usual notation of elliptic functions. Taking w= X+7Y, we have 
k-* (X+iY)=sn (a! +2y’) 
_ sn av’ end’ dn vy’ +sn zy cn x’ dn a 
1—#? sn? 2’ sn? w/' 


Let y'=+3K’': then sn w= +7 OU = ee dn vy'=/1+4, so that 


1+é sna’ iene ane 
“2X a esi : 
(SEY) — fe 1t+ksn? a’ yz 1+ksn?v'’ 
ices _ (+4) sn a’ ya4™ a’ dn a 
Nee Teepe SES? 
and therefore ACRE) ex. 


which is the curve in the w-plane corresponding to the lines y= +34" in the 7-plane, 
aK’ . 
1K 
mK’ Wa a : : i 
When y= + 4K and «’ lies between A and — K, that is, x lies between $7 and — 47, then 
Y is positive and Y varies from 1 to —13 so that the actual curve corresponding to the 


that is, to the lines y= + in the z-plane. 


rel 


‘ an” : tas : . : r 
line Y=iKn * the half of the circumference on the positive side of the axis of Y. 
5 K 
“ate 


<e : . ak’. > ‘ 
Similarly, the actual curve corresponding to the line y= — 4K 8 the half of the circum- 
ference on the negative side of that axis. 


The curve hereby suggested for the z-plane is a rectangle, with sides #= + $7, 


Y= _. = To obtain the w-curve corresponding to c=4$7, that is, to v’=K, we have 
tira oo 
oe dn % ry” 


38—2 
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so that Y=0 and Be ay! Seat by 
dn wy 
Now 7’ varies from $X’ through 0 to —}K’: hence X varies from 1 to k® and back 
from k* to 1. Similarly, the curve corresponding to #=—4$r, 
that is, to 2’ =—A, is part of the axis of Y repeated from 


~1 to —k* and back from ne 


Hence the area in the w-plane, corresponding to the rect- 
angle in the z-plane, is a circle of radius unity with two diametral 
slits from the circumference cut inwards, each to a distance ki 
from the centre. 


The boundary of this simply connected area is the homo- 
logue of the boundary of the z-rectangle given by w= +47, 
y=+ ee the analysis shews that the two interiors corre- Ben: 
spond*, And the sudden change in the direction of motion of the w-point at the inner 
extremity of each slit, while z moves continuously along a side of the rectangle, is due to 
the fact that dw/dz vanishes there, so that the inference of § 9 cannot be made at this 
point. (See also Ex. 11.) 


Corollary. We pass at once from the rectangle to a square, by assuming A’=24; then 


k=(/2—1)%, and the corresponding modifications are easily made. 


Ex. 3. Shew that, if z=sn?(}w, *) where w=w+7v, then the curves u=constant, 
v=constant, are confocal Cartesian ovals whose equations may be written in the form 


r,—7rdn(u, )=cn (u, &), r+r dn (vi, k’)=cn (v7, &), 


where 7 and 7, denote the distances from the foci z=0 and z=1. 


| 


If 7, denote the distance of a point from the third focus z=-, find the corresponding 


a 


equations connecting 7, 72; and 7, 79. 


Shew that the curves w= A, v=AX’ are circles, and that the outer and the inner branches 
of an oval are given by w and 24 — 4, or by v and 2K’ —», (Math. Trip., Part II., 1891.) 


Ex. 4, The w-plane is conformally represented on the z-plane by the equation 


2h 
SIN SS 
 \="0)"? 


where / and ¢ are real positive constants. 


QlX 


Shew that, if an area be chosen in the w-plane included within a circle, centre the 
origin and radius unity, and otherwise bounded by two circles centres 1 and —1 (so that 
its whole boundary consists of four circular ares), then the corresponding area in the 
z-plane is a portion of a ring, bounded by two circles, of radii ce* and ce-* and centre the 
origin, and by two lines each passing from one circle to the other. 


Prove that, when the semi-circles in the w-plane are very small, so as merely to 
exclude the points 1 and —1 from the circular area and boundary, the corresponding 
z-figure is the ring with a single slit along the axis of real quantitiest. 


* For details of corresponding curves in the interiors of the two areas, see Siebeck, Crelle 
t. lvii, (1860), pp. 359—370 ; ib., t. lix, (1861), pp. 173—184 : Holzmiiller, treatise cited (p. 2 aye 
pp. 256—263: Cayley, Camb. Phil. Trans., vol. xiv, (1889), pp. 484—494. ; 
+ See reference, p. 470, note. 
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Ex. 5. Consider the correspondence implied by the relation 


Z2=—csin w, 
Taking w= Y¥+7Y, we have 


a+iy=csin(X+47V) 
=csin XY cosh Y+iccos X sinh FY, 
so that z=csinX cosh Y,  y=ccos X sinh Y. 
When YF is constant, then z describes the curves 


»@ 2 
AP aS = 
c2 cosh? Y © ¢? sinh? Y 


1, 


which, for different values of Y, are confocal ellipses. 


Now take a rectangle lying between Y=+4n7, Y=+r. For all values of X, 
cos X is positive: hence when Y=+), y 
is positive and 2 varies from eccoshA to 
—ccosh i, that is, the half of the ellipse on 
the positive side of the axis of y is covered. 


Let X= —47: then 
y=0 and #=—ccosh Y. 


As VY varies from +2 through 0 to —X 
along the side of the rectangle, x passes 
from B to H (the focus) and back from H 
to B. 

When Y=-—, then z describes the half of the ellipse on the negative side of the axis of 
y: when X=+47, then y=0, w=ccosh Y, so that z passes from A to S (a focus) and 
back from S to A. 


Hence the z-curve corresponding to the contour of the w-rectangle is the ellipse 
with two slits from the extremities of the major axis each to the nearer focus: the 
analytical relations shew that the two interiors correspond. 


Ex. 6. Consider the correspondence implied by the relation 


1 2K c z K 
ip pn (= sin7! )=sn C : ae 
7 c Tv 


From Ex. 2, it follows that the interior of a w-circle, centre the origin and radius 


“Nf 


unity, corresponds to the interior of the ¢-rectangle bounded by w= + $7, y=+ 1K? 


provided two diametral slits be made in the w-circle along the axis of w to distances 


1—* from the circumference ; and, from Ex. 5, it follows that the same ¢-rectangle is 


transformed into the interior of the z-ellipse 


d 


eh UE 
TE A 


where a=c cosh ae and 6=e sinh oe provided two slits be made in the elliptical area 


4K 
along the major axis from the curve each to the nearer focus. 
Thus, by means of the rectangle, the interiors of the slit w-circle and the slit z-ellipse 


are shewn to be conformal areas. 


‘ 
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But the lines of the two slits are conformally equivalent by the above equation. For 
the slit on the positive side of the axis of w extends from w=c to a=ccosh \, where 


nae, and it has been described in both directions: we thus have 
z=c cosh B, 

where 8 passes from 0 to X and back from A to 0. Hence 

sin-1<=sin7! (cosh B)=$2 +78, 


so that the corresponding w-curve is given by 


ikectis (Ae) 
a) 7 


k-*? w=sn (x= rt 
za an 4 
TT. 


. 1 a ce 
Then, when 8 assumes its values, w passes from 1 to £? and back from &? to 1, that is, 
w describes the circular slit on the positive side of the axis of X. 


Similarly for the two slits on the negative side of the axis of real quantities. Thus 
the two slits may be obliterated : and the whole interior of the w-circle can be represented 
on the interior of the z-ellipse. 


From the equations defining a and 6, it follows that 
mK! 


a—b —_ . oe 
a+b > “a 
in the Jacobian notation ; and c?=a?— b?. 
Combining the results of Ex. ] and Ex. 6, we have the theorem * :-— 
The part of the z-plane, which lies outside the ellipse x®/a*+y?/b?=1, ts transformed 
into the interior of a w-circle, of radius unity and centre the origin, by the relation 
(a—b) w?-22w+(a+b)=0; 


and the part of the z-plane, which lies inside the same ellipse, is transformed into the interior 
of the same w-cirele by the relation 


=] OK. an 
k t=su[ — sin7! {z (a? — b?) a 5 
7 


where the Jacobian constant q which determines the constants of the elliptic functions, is 


gwen by 
feo? 
= aa) : 


7 * Lord . ~ ‘ a + . . 7 a » a o . 

Hx. 7. Investigate the equations that effect the conformal representation of the 
annular region between two confocal ellipses, whose semi-axes are dy, bp and a, b,, upon 
the annular region between two coaxal circles whose limiting points are A and B. Prove 

} > circles c 2A a 1A, 1 Ds » 7 . ic 
that, if the cir cles cut BA produced in Py and P,, then the ratio (a,+),) : (a+b,) is one 
aH ys or » potiog ” > re is >, : 2 
of the anharmonic ratios of the range (BA, P)P,). (Math. Trip., Part II., 1896.) 
Lx, 8. Consider the correspondence implied by the relation 
(w+1)?2=4, 
When w describes a circle, of radius unity and centre the origin, then w=e: so that, 


if 7 and @ be the coordinates of z we have 


4 ee 
a (cos 6—Zsin 8) =(1 +e%")2, 


* Schwarz, Ges. Werke, t. ii, pp. 77, 78, 102—107, 141. 
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a ales se bi - 
or ars cos 5 —7sin 5 =1+e"%=1+cos¢+7sin d. 
2 
Hence ( = 008 5-1) see cine 2 
Nae r 2 
; 6 
that is, r cos’ 5=1, 


shewing that z then describes a parabola, having its focus at the origin and its latus 
rectum equal to 4, 


Take curves outside the parabola given by 
r=p? sec? a 
where » is a constant >1. Then 


1 
— =-— cos $6, 
-, # 


so that pees e740 _ 2 .~ 308 cos 46; 
et be % 
2 1 
therefore X+1==— cos? 46=- (1+ cos 6), 
He He 
= Z sin 6, 
2 
2 IN eal 
so that (441-") ee 
ro pe 
a series of circles touching at the point Y=—1, Y=0, and (for » varying from 1 to o) 


covering the whole of the interior of the w-circle, centre the origin and radius unity. 


Hence, by means of the relation (w+1)?z=4, the exterior of the z-space bounded by 
the parabola is transformed into the interior of the w-space bounded by the circle. 


Hz. 9. Consider the correspondence implied by the relation 


w=tan? (}mrz*). 


We have re (nz) =cos ($7 pt @8%%), 
so that, if w+l=Re™, u= =tn1 cOS$6, v= Lar? sin $6, 
then 2R-1! cos © — 1=cos u cosh 2, 
2k-tsn@ =sin w sinh »v. 


The w-curves, corresponding to the confocal parabolas in the z-plane, are 


_ 2 et) 
(2Zcose—h)? 4 sin o_ R. 
cos? u sin? w 


If « <4}, then 2R-! cos © > 1, that is, R<2 cos 0 ; while, if wu >}, we have 2 >2 cose. 
It thus appears that the z-space lying within the parabola w= $7, that is, 7 cos? 5@=1, 
is transformed into the interior of a w-circle, centre the origin and radius unity, by means 


of the relation 


w=tan? (¢ we). 


By the two relations* in Ex. 8 and Ex. 9, the spaces within and without the parabola 


are conformally represented on the interior of a circle. 


* Schwarz, Ges. Werke, t. ii, p. 146. 
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Ex. 10. Consider the relation 
t= w . 
7 fai” 
then, if z=x2+2y and w=X-+7Y, we have 
1—X?- Y?4+72X 
X*4+(1+ V)? 


When w describes the whole of the axis of Y from —# to +, so that we can take 


abYy= 


X=tan d, Y=0, where ¢ varies from —> ™ to +=, we have w=cos 2, y=sin 2g ; and z 


2 2? 
describes the whole circumference of a circle, centre the origin and radius 1. For internal 
points of this circle 1—w?—y7? is positive: it is equal to 4¥+{X?+(1+Y)%}, and there- 
fore the positive half of the w-plane is the area conformal with the interior of the circle, 
of radius unity and centre the origin, in the z-plane. 


Ex. 11. Again, consider a relation 
aN 
~ \e+ie) ~ 
(a2 +? — 07)? — 402? + dicen (2 — a? — Y) 
{y2+ (y+c)?}? 


(av? + ¥? — 2cxu — 0) (a? +4? pact aeyy 
a+ (y +6)" 


pe ACG Ge = 9?) 
~ + GOR? 


Let «=0, so that Y=0; then 
yeild 2 (sy 
(yte* \yte 


As z passes from A to B (where OA=OB=c), then y changes from —e to +e, and XY 
changes continuously from + to 0. 


We have A+t4V= 


so that Ee 


Let #?+y7?—c?=0, so that Y=0; then 


; — 4x? e-4 
A= = J _ _tan? 46, 
(20+ 2y) e+y a 
where y=ccos 6. Hence, as z describes the semi-circular 
are BCA, the angle @ varies from 0 to m and X changes 
from 0 to —o. 


(The whole axis of XY is the equivalent of AOBCA ; and 
at the w-origin, corresponding to B, there is no sudden 
change of direction through $7. The result is apparently 


in sc ine to § 9; the explanation is due to the Fig. 88. 

fact that ae =0 at B, and the inference of § 9 cannot be made. Similarly for 4, where 
dw . : 

m7] is infinite. See also Ex. 2.) 

a 


For any point lying within the z-semi-circle, both «# and c?—a?—y? are positive, so 
that Y is positive. Hence by the relation 


the interior of the z-semi-circle is conformally represented on the positive half of the 
w-plane. 
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It is easy to infer that the positive half of the w-plane is the conformal equivalent 
of 


—iec\2 
(i) the interior of the semi-circle ACBA by the relation w= (2) ; 


ee 23 
ca ee EAE LOD tan he ee w=(- ) 


And, by combination with the result of Ex. 10, it follows that the relation 


. (2—w? 
ec (=) a 22 — C24 %cz 
i+(G2) 2—c— cz 
Z+12¢ 
conformally represents the interior of the z-semi-circle ACBA on the interior of the 
w-circle, radius unity and centre the origin. 


Similarly for the other cases. 


Ex. 12. Find a figure in the z-plane, the area of which is conformally represented on 
the positive half of the w-plane by 


5 pe - ize 
©) DSe, (ii) w= (55) : 
Ex. 13. Consider the relation 


w=ae® : 
then X=dercos a, VY=ae-" sin 2. 


The curves corresponding to y=constant are concentric circumferences ; those corre- 
sponding to z=constant are concurrent straight lines. 


As # ranges from 0 to a, both XY and Y are positive ; for a given value of « between 
these limits, each of them ranges from 0 to 0, as y ranges from © to—o. As # ranges 
from 37 to 7, X is negative and Y is positive; for a given value of « between these 
limits, — XY and Y range from 0 to o, as y ranges from o to —a. 


Hence the portion of the z-plane lying between y= —0, y=, v=0, v=m, that is, a 
rectangular strip of finite breadth and infinite length, is conformally represented by the 
relation 

w= ae 
on the positive half of the w-plane. Combining this result with that in Ex. 10, we see that 
the same strip is conformally represented on the area of a w-circle, centre the origin and 
radius a, by means of the relation 


Jote. It may be convenient to restate the various instances of areas in the z-plane, 
bounded by simple curves, which can be conformally represented on the area of a 


(i) The positive half of the z-plane; Ex. 10. “ 
(ii) An infinite strip of finite breadth; Ex. 10, Ex. 13. v 


(iii) Area without an ellipse; Ex. 1. e 
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(iv) Area within an ellipse; Ex. 6. 
(v) Area without a parabola; Ex. 8. 
(vi) Area within a parabola; Ex. 9. 
(vii) Area within a rectangle; Ex. 2. 
(viii) As will be seen, in § 258, any circle changes into itself by a proper homo- 
graphic relation. 
Ex. 14. Consider the correspondence implied by the relation 
me) 
l+w']~ 
Then we have two values of w’, say w,°, w,°, where 
_1-¢ , ite 
142’ soa 1-2" 


Let z describe the axis of w, so that z=a. 


When 0<w#<1, then w,? is real and less than 
unity and w,? is real and greater than unity. Hence 
drawing a circle in the w-plane, centre the origin 
and radius 1, and six lines as diameters making angles 
of 42 with one another, and denoting a cube root of 
1 by a, then, as z passes from 0 to 1 along the axis of «, 


w, passes from A to 0, 


MDs adler ..... A to A’ (at infinity), 
CUD emoneao- eaten C to O, 

GW y eee sei C to C’ (at infinity), 
Q2U aise easton E to O, 
DU team E to £” (at infinity). 


When 1 < # < , then w, is a real quantity changing continuously from 0 to —1, and 
w,? is a real quantity changing continuously from —« to —1. Asz passes from 1 to « 
along the positive part of axis of 2, 


w, passes from O to F, 


Wi. “isoianat ateseer B’ (at infinity) to B, 
GU oceans aisesees O to B, 

WU pean ence gence D’ (at infinity) to D, 
Gi" loa aseo ees O to D, 
CID men cnee sae 2” (at infinity) to F. 


Hence, as z describes the whole of the positive part of the axis of w, the branches of w 
describe the whole of the three lines A’D’, BA’, C’F". 


When ~ is negative, we can take v= —tan® , so that varies from 0 to $7. Then 


gAl= ttan p _ Qi , 


w= -—, =@€ 
1 1+itan : 
so that, as z passes from 0 to — a, w, describes the are of the circle from A to F, aw, the 
arc from C' to B, and a’w, the are from # to D. And then 


ws = grt 
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so that w, describes the are of the circle from A to B, aw, the are from C to D, and aw, 
the arc from # to F. Hence, as z describes the whole of the negative part of the axis of «, 
the branches of w describe the whole of the circumference. 


As z describes a line parallel to the axis of w and very near it on the positive side, the 
paths traced by the branches are the dotted lines in the figures; the six divisions, in 
which the symbols are placed, are the conformal representations by the six branches 
of w of the positive half of the z-plane*. 


Hz. 15. When the variables are connected+ by a relation 


cmtl p (2) 


ma) 


where @y is the function which in coefficients is conjugate to , then the z-circumference, 
centre the origin and radius ¢, is transformed into the w-circumference, centre the 
origin and radius ¢. 


UV= 


Taking wy and Z as the conjugate variables, we have 


Wy= oS 
Cc 
7m ( G ) 
oo \%0 
2m +2 Z 2 
SO that WW) = 4 ( 2 po ( 0) 


g,mgm Cc c2\ ~ 
mmo) &(G) 


so that Ww = C2, 


shewing that w describes the circumference of a circle, centre the origin and radius e. 


To determine whether the internal area of the z-circumference corresponds to the 
internal area of the w-circumference, we take zz=c?—e, where ¢« is small. Then 


#(E)=$(e+2)-8@+2 40, 


(5) = 0 (so £) do 60) +5 du!) 


i IL a) ORG 
= Git cr Te ee (z) 1 Po (2) 
2 ab) 2 o@ 
atten 2 8, Peal 
ae " is is “0 5 ’ 
(2) p (a) 
so that the interior of the z-circumference finds its conformal correspondent in the 
interior or in the exterior of the w-circumference according as 


(2), # () 
op (2) vu p (%)’ 


mM<or>z 
taken along the circumference. 


* Cayley, Camb. Phil. Trans., vol. xiii, (1880), pp. 30, 31. 
+ Cayley, Crelle, t. evii, (1891), pp. 262—277. 


1) | 
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The simplest case is that in which ¢ (2) is of degree m, so that it can be resolved 
into m factors, say $ (z)=A (z—a) (¢—8)...(2—0): then 


w(S)nas(E-n) (CH) (E-4): 
A (z= a) (2— 8)... (2-8) 


OS ers NT RT ECT 
Ave as) (Toa 1a) 


But the converse of the result obtained—that to the w-circumference there corresponds 
the z-circumference—is not complete unless the correspondence is (1, 1). Other curves 
which are real—they may be, but are not necessarily, circles—and imaginary curves enter 
into the complete analytical representation on the z-plane corresponding to the w-circum- 
ference, of centre the origin and radius ¢ on the w-plane. 


an 


Ex. 16. Discuss the z-curves corresponding to |w|=1, determined by 
—/2 
peel) 


—. Cayley. 
ace (Cayley.) 


Ex. 17. Consider the relation 


We have W— Wy : {" z+1) ot. 


27 | (@=2P ai -%P 


The function on the right-hand side, being connected with the expressions for the six 
anharmonic ratios of four points in terms of any one ratio, vanishes for 


1 1 Z, Z,—-1 
B=) =» 1 ie) see aa 0 a) 
od) —~<9 “_ ied) 
so that 
paste ee 4 (z-%) (2 —1) (+4 —1) {2 (2 — 1) — 2} (229 — % +1) {2(@—1)+]} 
a =F EEE De kl ee oe 
(22 — 2)? (@? — Zp) 


Hence, taking 
w=X+iY, z=x+1y, 
we haye 
4 Qiy (a+ y?—1) (Qe —1) (#2 +4? — Qa) (2? +4? -— “x +1)? +y" 
27 (a? + y?)? (vt+y? —2xe+1) ’ 


2 


Hence it appears that, when Y=0, so that w traces the axis of real quantities in its 
own plane, the z-variable traces the curves 
y=0, wv? +y?-1=0, 
2¢—-1=0, «#+7?-2x¢=0, ——a 
that is, two straight lines and two circles in its : 
own plane. 


In order to determine the parts of the z-plane =— 
that correspond to the positive part of the w-plane, 
it is sufficient to take Y equal to a small positive 


quantity and determine the corresponding sign of 


y. Let 


y=pY, 
where Y (and therefore y) is small: then, to a first r. 
approximation, Fig. 90. 


27 a3 (a —1)8 


E@ (Qa—1)(@+1) (w@—2)(a2—a+1)” 
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and the sign of » determines whether the part on the positive or negative side of the axis 
of x is to be taken. 

When #<-—1, p» is negative ; z lies below the axis of 2 When w is in AQ, so that 
% > —1<0,,p is positive ; z lies above. When 2 is in OB, so that z >0 <4, p is negative; 
2 lies below. When « is in BC, so that a >3<1, p is positive; z lies above. When « is 
in CD, so that 7 >1<2, pis negative; z lies below. And, lastly, when a is beyond D, so 
that v> 2, is positive and z lies above the axis of real quantities. The parts are indicated 
by the shading in fig. 90. 

It is easy to see that w=0, for z=P, Q; that w=1, for z= A, B, D; and that w=oa, 
for z=0, C. The zero value of w is of triple occurrence for each of the points P and Q; 
the unit-value and the infinite value are of double occurrence for their respective points*. 


Note. It is easy to see that figures 89 and 90 are two different stereographic projections 
of the same configuration of lines on a sphere (§ 277, L, 7=3), so that the relations in 
Ex. 14 and Ex. 17 may be regarded as equivalent. 


Ex. 18. Find, in the same way, the curves in the z-plane, which are the conformal 
representation of the axis of Y in the w-plane by the relation + 
DIGoe ey 
~ 108 (4+274- 2)?" 
Ex. 19. Shew that, by the relation 
w2=1+e?, 


WwW 


the lines, v=constant in the z-plane, are transformed into a series of confocal lemnis- 
cates in the w-plane; and that, by the relation 
2 (e+? —1)=cw?, 

where ¢ is a real positive constant greater than unity, the interior of a z-circle, centre 
the origin and radius unity, is transformed into the interior of the lemniscate RA’ =c? 
in the w-plane, where & and # are the distances of a point from the foci (1, 0) and 
(—1, 0). (Weber. ) 

258. The preceding examples} may be sufficient to indicate the kind 
of correlation between two planes or assigned portions of two planes, that is 
provided in the conformal representation determined by a relation ¢ (w, z) = 0 
connecting the complex variables of the planes. We shall consider only one 
more instance; it is at once the simplest and functionally the most important 
of all§. The equation, which characterises it, 1s linear in both variables; and 
so it can be brought into the form 

az+b 
wW=——_, 

CZ +a" 
where a, b, c, d are constants: it is called a homographic transformation, 
sometimes a homographic or a linear substitution. 

* See Klein-Fricke, vol. i, p. 70. 

+ See Klein-Fricke, vol. i, p. 75. 

+ Many others will be found in Holzmiiller’s treatise, already cited, which contains ample 
references to the literature of the subject. 

§ For the succeeding properties, see Klein, Math. Ann., t. xiv, pp. 120—124, ib., t. xxi, 
pp. 170—173; Poincaré, Acta Math., t. i, pp. 1—6; Klein-Fricke, Hlliptische Modulfunctionen, 
vol. i, pp. 163 et seq. They are developed geometrically by Mébius, Ges. Werke, t. ti, pp. 189—204, 
205—217, 243—314. 
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Taking first the more limited form 


A = 


2 


Xls 


and writing w= Re®, z=re*, w=k’e™, we have 
Rr=k?, O+0= 2y, that is, O-y=y-9, 


and therefore the new w-locus will be obtained from the old z-locus by 
turning the plane through two right angles round the line y through the 
origin, and inverting the displaced locus relative to the origin. The first 
of these processes is a reflexion in the line y; and therefore the geometrical 
change represented by wz=y is a combination of reflexion and inversion. 


A straight line not through the origin and a circle through the origin are 
corresponding inverses; a circle not through the origin inverts into another 
circle not through the origin, and it may invert into itself; and so on. 


Taking now the general form, we have 


Reet ae ad — be 
(245) 
Cc 


or transforming the origins to the points = and =e in the w- and the z-planes 
c 


: : ad — be P 
respectively, and denoting — ae by w, we have WZ =u, that is, the former 
case. Hence, to find the w-locus which is obtained through the transforma- 


tion of a z-locus by the general relation, we must transfer the origin to me 
c 


5] 


turn the plane through two right angles round a line through the new origin 


be—ad\ . : . 
) , vert the locus in the displaced 


whose angular coordinate is } arg. ( 


yore) 


ee , , f be ; 
position with a constant of inversion equal to — ia , and then displace the 


or: a ; : 
origin to the point mer Hence a circle will be changed into a circle by a 
homographic transformation unless it be changed into a straight line; and 
a straight line will be changed into a circle by a homographic transformation 
unless it be changed into a straight line. 

The result can also be obtained analytically as follows; the formule 
relating to the circle will be useful subsequently. 

A circle, whose centre is the point (a, 8) and whose radius is 7, can be 
expressed in the form 

(2 —a— Bt) (4,—a+ Br) =r, 

or 22) + 02 + A+ 7 =0, 
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where —@=a— i, —0,=44+ fi, y=00,—7°. Conversely, this equation 
represents a circle, when @ and @, are conjugate imaginaries and y¥ is real; 
its centre is at the point —4(6+9,), 4¢(@ — 9,), and its radius is (00, — y)}. 


When the circle is subjected to the homographic transformation 


_az+b 
cz +d’ 
we have z= — elo and therefore z= mS oy 
ah) CoWy — Uh 


Substituting these values, the relation between w and w, is 
Oo WwW + Ow + Oy w +7 =0, 

dd, — @de, — A,cd, + yee), 

OY =— bd + Pad + Acb. — yea, 

0) =— bd, + Ace,b + Aad, — yout, 


' 


y = bby — Oayb — O,ab, + yaa : 


where re 


here 6’ and 7’ are real, and @’ and 6,’ are conjugate imaginaries ; therefore the 
equation between w and w, represents a circle. 


Ex. A circle, of radius 7 and centre at the point (e, f), in the z-plane is transformed 
into a circle in the w-plane, by the homographic substitution 


_az+b. 
ced’ 
shew that the radius of the new circle is 
r | ad—be 
al @ |? 
where A=(o cos 8+e)?+(o sin B+/)?—7?, 


and o, 8 are the modulus and the argument respectively of 2 Find the coordinates of 


the centre of the w-circle. 


Moreover, since there are three independent constants in the general 
homographic transformation, they may be chosen so as to transform any three 
assigned z-points into any three assigned w-points. And three points on a 
circle uniquely determine a circle: hence any circle can be transformed into 
any other circle (or into itself) by a properly chosen homographic transforma- 
tion. The choice of transformation can be made in an infinite number of ways: 
for three points on the circle can be chosen in an infinite number of ways. 


A relation which changes the three points z,, 2,, 2; into the three points 
W,, W., W; 18 evidently 
(w— W,) = Wr) W2 — Ws) (@— 2) (% — £3) 
(w— Ws = wr) (w (w,— —W;) (2 —2)(4— 23) 


Hence this equation, or any one of the other five forms of changing the three 
points 2, 2, 2; into the three points w,, w,, w; in any order of correspondence, 
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is a homographic transformation changing the circle through 4%, 2, 2, into the 
circle through w,, w,, Ws. 

It has been seen that a transformation of the form w=/(z) does not 
affect angles: so that two circles cutting at any angle are transformed by 
w= eae into two others cutting at the same angle. Hence* a plane crescent, 


+d 


of any angle, can be transformed into any other crescent, of the same angle. 


The expression of homographic transformations can be modified, so as to 
exhibit a form which is important for such transformations as are periodic. 

If we assume that w and z are two points in the same plane, then there 
will in general be two different points which are unaltered by the transform- 
ation; they are called the jiwed (or double) points of the transformation. 
These fixed points are evidently given by the quadratic equation 


pM au +b 
~ cut+d’ 
that 1s, cu? —(a—d)u—b=0. 


Let the points be « and 8, and let M denote is ay + 4be; then 
2ca=a—d+M*, %2wB=a—d—M}., 
If, then, the points be distinct, we have 


w—-a (z—4a)(a—ca) zZ-a wif : 
GAZ 3 Ci Ce ce 
_a-—ca at+d—M? 


where = Ga @ Ee 
Pp 1\? (a+dp 
and therefore (VK + 7 rr eae 


The quantity K is called the multiplier of the substitution. 


If there be a z-curve in the plane passing through a, the w-curve which 
arises from it through the linear substitution also passes through a. To find 
the angle at which the z-curve and the w-curve intersect, we have w=2-+ dw, 
z=a+6z: and then 

ow = K8z, 
so that the angle between the tangents to the w-curve and the z-curve is the 
argument of K. Similarly, if a z-curve pass through 8, the angle between 
the tangents to the z-curve and the w-curve is the argument of K. 

The form of the substitution now obtained evidently admits of reapplica- 
tion; 1f z, be the variable after the substitution has been apphed n times, (so 
that 2 = 2, Z,=w), we have 


an — a ~ kn Aw a of 


Zr—8 z—pB- 


* Kirchhoff, Vorlesungen tiber mathematische Physik, i, p. 286. 
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The condition that the transformation should be periodic of the nth order 
is that z, =z and therefore that K”=1; hence 


(a+ d)?=4 (ad — be) cor, 


where s is any integer different from zero and prime to n; K cannot be 
purely real, and, in general, M is not a real positive quantity. The 
various substitutions that arise through different values of s are so related 
that, if points 2, 2,..., 2, be given by the continued application of one 
substitution through its period, the same points are given in a different 
cyclical order by the continued application of the other substitution through 
its period. 

Note. The formula in the text may be regarded as giving the nth power of a substi- 
tution. The form of the substitution obtained is equally effective for giving the nth root 


of a substitution: all that is necessary is to express A in the form pe”, and the ath 
root is then 


Ex. 1. The value of z, has been given by Cayley in the form 


(Kn*1— 1) (az+b)+(K"— K) (—dz+b) | 
(Anti — 1) (cz2+d)+(K n— K) (cz—@) é 


obtain this expression. 

Ex. 2. Periodic substitutions can be applied, in connection with Kirchhoff’s result 
that a plane crescent can be transformed into another plane crescent of the same angle ; 
the plane can be divided into a limited number of regions when the angle of the crescent 
is commensurable with 7. 


Let ACBDA be a circle of radius unity, having its centre at the origin: draw the 
diameter AB along the axis of y. Then the semi-circle ACB can be regarded as a plane 
crescent, of angle $7; and the semi-circle ABD as another, of the same angle. Hence 
they can be transformed into one another. 

We can effect the transformation most simply by taking A (=z) and B(=—7) as the 
fixed points of the substitution, which then has the form 


wWw—-% 6-1 


=K Ms 
w+ Z+t 


The line AB for the w-curve is transformed from the z-circular are ACB: these curves 
cut at an angle 47, which is therefore the argument of A. Considerations of symmetry 
shew that the z-point Con the axis of v can be transformed into the w-origin, so that 
-1-7 
—l|=k—_, 
—1+2’ 
whence A=7, so that the substitution is 
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The figure (Fig. 91) shews the effect of repeated application of the substitution through 
a period. The first application changes the interior of ACBA into the interior of ABDA : 
by a second application, the latter area is transformed into the area on the positive side of 
the axis of y lying without the semi-circle ADB ; by a third application, the latter area is 


NY 


Fig. 91. 


transformed into the area on the negative side of the axis of y lying without the semi- 
circle ACB; and by a fourth application, completing the period, the latter area is 
transformed into the interior of ACBA, the initial area. 


The other lines in the figure correspond in the respective areas. 


Ez. 3. Shew that, if the plane crescent of the preceding example have an angle 


of x instead of 47 but still have +7 and —7 for its angular points, then the substitution 


Z2+t 
W=——— 
1—¢z’ 
where ¢ denotes tan m7 8 & periodic substitution of order 27 which, by repeated appli- 
PAV] 
cation through a period to the area of the crescent, divides the plane into 2n regions, all 


but two of which must be crescent in form. Under what circumstances will all the 2 
regions be crescent in form ? 


Ev. 4, Tf in the plane of the complex variable z, two circles be drawn entirely exterior 
to one another, sketch the proof of the theorem, that a function of z exists which is real 
at the circumferences of these circles and, exterior to the circles, is everywhere finite and 
continuous save at z=, where its infinite part is Az, A being a real assigned constant 
and 7 an assigned positive integer. 


If a, 8 be the complex arguments of the limiting points of these circles, and a, b the 


Z— : : 
modulus of — upon the circles surrounding a, 8 respectively, express this function 
e—@ 
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b 


in terms of @u—@c ; where @u is Weierstrass’s elliptic function formed with 2 and 2; log a 
7 


as periods, w= > log (; —*), c= : log G). 
Tv 


Oa a TU a 


ae Yep 
Determine the geometric meaning of the transformation oe = (5) whe : and its 
a 


n=% b\(n +h? /z—B\n+4 
S Cen seed ite 
N=— 0 


and state the relation connecting this function with @u above. 
(Math. Trip., Part II., 1893.) 
259. Homographic substitutions are divided into various classes, according 
to the fixed points and the value of the multiplier. As the quantities a, b, 
c, d can be modified, by the association of an arbitrary factor with each of 
them without altering the substitution, we may assume that ad—be=1; 
we shall suppose that all substitutions are taken in such a form that their 
coefficients satisfy this relation. Figures which, by them, are transformed 


into one another are called congruent figures. 


effect upon the function 


If the fixed points of the substitution coincide, it is called* a parabolic 
substitution. 


There are three classes of substitutions, which have distinct fixed points. 

If the multiplier be a real positive quantity, the substitution is called 
hyperbolic. 

If the multiplier have its modulus equal to unity and its argument 
different from zero, it is called elliptic. 

If the multiplier have its modulus different from unity and its argument 
different from zero, it is called loxodromic. 

These definitions apply to all substitutions, whether their coefficients be 
real or be complex constants; when we consider only those substitutions, 
which have real coefficients, only the first three classes occur. Such sub- 
stitutions are often called real. 

The quadratic equation, which determines the common points of a real 
substitution, has its coefficients real; according as the roots of the quadratic 
are imaginary, equal, or real, the real substitution will be proved to be 
elliptic, parabolic, or hyperbolic respectively. For all of these, we take 


2+ onotiy, w- “=X +i¥, 


which imply a transference of the respective origins along the respective axes 
of real quantity ; and then 


“— ty 7 
oF (a? + y") 


* All these names are due to Klein: l.c., p. 605, note. 


39-—2 
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Vm 1 

yee) 

The axes of w and of X have been unaltered by any of the changes made in 
the substitution; and Y, y have the same sign and vanish together; hence 
the effect of a real transformation is to conserve the axis of real quantities, by 
transforming the half of the z-plane above the axis of « into the half of the 


so that 


w-plane above the axis of X. 
A real transformation, which changes _z into w, also changes z, into Wo 
(these being conjugate complexes). A circle, having its centre on the 
axis of x and passing through a, 8, passes through a, @, also: hence a 
transformation, which changes a circle through a, 8 with its centre on 
the axis of # into one through y, 6 with its centre on the axis of X, is 
z—-a B-4 w-y S—% 
Z—-% B-a2 w—% =" 
Ex. 1. Shew that, if this circle, through a, 8, ay, By, cut the axis of w in hf and &, 
anh Bk 
a=k BEA 


where / lies in 88, and & in aap, and if [a8] denote ,a real quantity greater 


than 1, then 


a-—a — 4[aB : / 

Hz, 2. Prove that the magnification at any point, by a real substitution, is Y/y. 

(Poincaré.) 

Ez, 3. Any z-circle, having its centre on the axis of 2, is transformed by a real 
substitution into a w-circle, having its centre on the axis of X, 

Let the classes of real substitutions be considered in order. 

(1) For real parabolic substitutions, the quadratic has equal roots: let 
their common value be a, necessarily a real quantity, so that the fixed points 
of the substitution coalesce into one on the axis of #. The quantity M is 
then zero, so that (d+a)??)=4. We may, without loss of generality, take 
d+a=2. If both origins be removed to the point a, then, in the new 
form, zero is a repeated root of the quadratic, so that b=0, and a—d=0. 
Hence a=d=1, and the real substitution is 


w= ms 1 ; 
CZ 
that is,* ! 
at 1s, =—+¢. 
w Zz 


The equations of transformation of real coordinates are 


- : x y a? + yf? 
X—c(X?+¥%) YY X24 72 
= ] 
(l-—cX + ey? 
* If the origins be not removed to the point a, the form is os = i She 
W-a Z-a 
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Ex.1. A z-circle passing through the origin is transformed, by a real parabolic substi- 
tution having the origin for its common point, into a w-circle, passing through the origin 
and touching the z-circle: and a z-circle, touching the axis of # at the origin, is trans- 
formed into itself. 


Ex. 2.. Let A be a circle touching the axis of # at the origin: and let ¢ be the 
extremity of its diameter through the origin. Let a real parabolic substitution, having 
the origin for its common point, transform ¢, into ¢,, ¢ into ¢,, ¢ into ¢, and so on: all 
these points being on the circumference of A. 


Prove that the radii of the successive circles, which have their centres on the axis of « 
and pass through the origin and ¢,, the origin and ¢,,... respectively, are in harmonic 
progression, and that, if these circles be denoted by C,, C,,..., then C;, is the locus of all 
points ¢;, arising through different initial circumferences A. 


Kx. 3. What is the effect of the inverse substitution, applied as in Ex. 2? 


Ex. 4. Shew that, if a curve of finite length be drawn so as to be nowhere infini- 
tesimally near the axis of x, it can cut only a finite number of the circles C in Ex, 2. 


(Vote. All these results are due to Poincaré.) 

(1) For real elliptic substitutions, a and 8 are conjugate complexes ; 
hence M is negative, so that 

(d— a) + 4be < 0, 
or (d+ ay < 4 (ad — be) <4. 
The value of K, by using the relation ad — be = 1, is 
K=t4[(a+dyp—2—-i(a+d) (4-(a+d)}?]. 

It is easy to see that |AK|=1 and that its argument is cos {4 (a+ d)?— 1}, so 
that, if this angle be denoted by oa, we have 


Pl aid 
NOSE 


shewing that the substitution is elliptic. 


It is evident that, if z describe a circle through @ and 8, its centre being 
therefore on the axis of «, then w also describes a circle through « and 8 
cutting the z-circle at an angle o. The two curves together make a plane 
crescent of angle o having 4, @ for its angular points. 

Ha. Shew that a real elliptic substitution transforms into itself any circumference, 
which has its centre on a produced and cuts the line a8 harmonically. (Poincaré. ) 


Gii) For real hyperbolic substitutions, the roots of the quadratic are real 


and different; hence the fixed points of the substitution are two (different) 
points on the axis of z The quantity M is positive, so that 


(a+dyP>4: 


we may evidently take a+d>2. Moreover K is real and positive, shewing 


that the substitution is hyperbolic. 
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Taking one of the fixed points for origin and denoting by f the distance 
of the other, we have 0 and / as the roots of 


—_aut+db 
eS ecrenn: 


with the conditions ad—be=1, a+d>2. Hence b= 0, a—d=cf, ad=1, 


a 
K =a 
negative. We shall take K>1 as the normal case; and then the sub- 


stitution 1s 


then K is greater or is less than 1 according as ¢f is positive or 1s 


az 
w= — 
ce +d’ 


With > > d,. a+ o> 2. 00— I 


Ex. 1. A zcurve is drawn through either of the fixed points of a real hyperbolic 
substitution : shew that the w-curve, into which it is changed by the substitution, touches 
the z-curve. Hence shew that any zcircle through the two fixed points of the substi- 
tution is transformed into itself. 


Ex. 2. Wet A be a circle through the origin and the point f; and let cy) be the other 
extremity of its diameter through f. Let a real hyperbolic substitution, having the origin 
and f for its fixed points, transform c) into ¢,, ¢, into ¢,, ¢ into cz, and so on: all these 
points being on the circumference of A. 

Shew that the radius of a circle C 


,, having its centre on the axis of # and passing 
through ¢, and the origin, is 


nr 
ab fate 
20 qn — qd”? 
so that C,, is the locus of all the points ¢, arising through different initial circumferences 
A. What is the limit towards which C,, tends as 7 becomes infinitely great ? 
Ex, 3. Apply the inverse substitution, as in Ex. 2, to obtain the corresponding result 
and the corresponding limit. 


Ev. 4, Prove that a curve of finite length will meet an infinite number, or only a 
finite number, of the circles C,,, according as it meets or does not meet the circle having 
the line joining the common points of the substitution for diameter. 


(Note. All these results are due to Poincaré.) 


It follows, from what precedes, that no real substitution can be loxodromic ; 
for, when the multiplier of a real substitution is not real, its modulus is 
unity. 


It is not difficult to prove that when a substitution, with complex 
coefficients a, b, c, d, is parabolic, elliptic, or hyperbolic, then a+d is 
either purely real or purely imaginary. In all other cases, the substitution 


is loxodromie, 


Any loxodromic substitution can be expressed in the form 


ata BPI igi 
w—B z—-p° 
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the coefficients of the quadratic determining a and 8 are generally not real, 
and the multiplier K, defined by 


2K =(a+dyP—2-—(a+d) {(a+dy—4} 


is a complex quantity such that, if 


2 


i= pe: 
where p and are real, then p is not equal to unity and @ is not zero. 


Ez. Shew that, if a, b, c, d are real or complex integers and ad -— be is equal to 1 or 7, 
the only possible elliptic substitutions are periodic of order 2, 3, or 6: and construct an 
example of each. (Math. Trip., Part II., 1898.) 


260. Further, it is important to notice one property, possessed by elliptic 
substitutions and not by those of the other classes: viz. an elliptic substitution 
as either periodic or infinitesimal. 


Any elliptic substitution of which «and @ are the distinct fixed points, 
(they are conjugate imaginaries), can be put into the form 


WO ay 
Ue ZB: 
where |K|=1: let K=e%. Then the mth power of the substitution is 
Wm — & = z a! emer. 
Wm — B i B 
Now if 6 be commensurable with 277, so that 
0/27 = r/ pm, 


then, taking m = w, we have 


that is, W, = 2, 
or the substitution is periodic. 

But if @ be not commensurable with 27, then, by proper choice of m, the 
argument m@ can be made to differ from an integral multiple of 27 by a very 
small quantity. For we expand 6/27 as an infinite continued fraction: let 

° / 
pla, p|¢ be two consecutive convergents, so that p’¢—pq’=+1. We have 


0 =Pan (2-2), where 0<2A< 1, 
q 


tr q 
=P 47, 
q ¢ 


1 
where |7| < 1, that is, gO — 2pm = 2a a 
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where 7, being real, is numerically less than 1. | Hence, taking m=q, we 


have 
2ant 


Wad. oe 0. =25| Qrn . | 
2 a gt a Sr eres 
Wg — B Oi p Bs B q 
where, by making q large, we can neglect all terms of the expansion after the 
second. Then 
_ @=4)@=8) 2a . 
—Z= 1; 
a—B q 


that is, by taking a series of values of q sufficiently large, we can, for every 
value of z find a value of w differing only by an infinitesimal amount from 
the value of z. Such a substitution is called infinitesimal; and thus the 
proposition is established. 


Wq 


But no parabolic and no hyperbolic substitution is infinitesimal in the 
sense of the definition. For in the case of a parabolic substitution we have 


which does not, by a proper choice of q, give w, nearly equal to z for every 
value of z: and a parabolic substitution is not substitutionally periodic, that 
is, it does not reproduce the variable after a certain number of applications. 
But it may lead to periodic functions of variables: thus (z, 7+@) is a 
parabolic substitution. And in the case of a hyperbolic substitution, we 
have 

a OI eT Ns 

W_—B z—B’ 
where is a real quantity which differs from 1. No value of q gives wy 
nearly equal to z for every value of z: hence the substitution is not infini- 
tesimal. And it is not substitutionally periodic. 


Similarly, a loxodromic substitution is not periodic, and is not infini- 
tesimal. 


Hence it follows that, in dealing with groups of substitutions of the kind 
above indicated, viz. discontinuous, all the elliptic transformations which occur 
must be substitutionally periodic: for all other elliptic transformations are 
infinitesimal. It is easy to see, from the above equations, that the effect of 
an unlimited repetition of a parabolic substitution is to make the variable 
ultimately coincide with the fixed point of the substitution; and that the 
effect of an unlimited repetition of a hyperbolic substitution is to make the 
variable ultimately coincide with one of the fixed points of the substi- 
tution. These common points are called the essential singularities of the 
respective substitutions, 
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261. It has been proved (§ 258) that a linear relation between two 
variables can be geometrically represented as an inversion with regard to a 
circle, followed by a reflexion at a straight line. The linear relation can be 


associated with a double inversion by the following proposition*, due to 
Poincaré :— 


When the inverse of a point P with regard to a circle is inverted with 
regard to another circle into a point Q, the complex variables of P and Q are 
connected by a lineo-linear relation. 


Let z be the variable of P, uw that of its inverse with regard to the first 
circle of centre f and radius 7; let w be the variable of Q, and let the second 
circle have its centre at g and its radius s. ‘[hen, since inversion leaves the 
vectorial angles unaltered, we have 


(w-f)(a—fy=" 

for the first inversion, and 
(w—g) (uo — 9) = 8 
for the second. From the former, it follows that 


: 7? Sie 
and therefore a 2 (Ge =fr—9%; 
: _ az ae B 
leading to w= ie 


where, when a6 — By =1, we have 
rsa =9(fo— Go) + 8*, 
rsB = gr — f° — fg (fo— Io), 
rsy =fo— Go 
rs8 = — f (fo— Go) +7”. 

This proves the proposition. 

Moreover, as the quantities fg, 7, s are limited by no relations, and as, 
on account of the relation ad — By=1, there are substantially only three 
equations to determine them in terms of a, 8, y, 6, it follows at once that the 
lineo-linear relation can be obtained in an infinite number of ways by a pair of 
inversions, and therefore in un infinite number of ways by an even number of 
inversions. 

Again, taking the two circles used in the above proof, we have 

re(at8£2)= (rt 9=(F- 9 (fr) 
=(rtsyP—a@, 


* Acta Math., t. iii, (1883), p. 51. 
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where d is the distance between the centres of the circles. Hence a+6 
is real, and the substitution cannot be loxodromic. Moreover, if the circles 
touch, the substitution is parabolic; if they intersect, it is elliptic; if they 
do not intersect, it is hyperbolic. 


Eliminating r and s between the equations which determine a, 8, y, 6, we 


find 
LaF De 
g yates 
so that, when one centre is chosen arbitrarily, the other centre is connected 
with it by the linear substitution *. 


Ex. 1. Shew that, if fand g lie on the axis of real quantities, so that the substitution 


is real, then 
m=(f—X)(f-p), s’=(g—2) (9-F), 


where \ and yp are the fixed points of the substitution. 


Hence prove that, if two real substitutions be given, it is generally possible to 
determine three circles 1, 2, 3, such that the substitutions are equivalent to successive 
inversions at 1 and 2 and at 1 and 3 respectively. Discuss the reality of these circles, 

(Burnside.) 


Ex, 2. Shew that, if a loxodromic substitution be represented in the preceding 
geometrical manner, at least four inversions are necessary. (Burnside. ) 


This geometrical aspect of the lineo-linear relation as a double inversion 
will be found convenient, when the relation is generalised from a connection 
between the variables of two points in a plane into a connection between the 
variables of two points in space. 


* Burnside, Mess. of Math., vol. xx, (1891), pp. 163—166. 
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CONFORMAL REPRESENTATION: GENERAL THEORY. 


262. IN Gauss’s solution of the problem of the conformal representation 
of surfaces there is a want of determinateness. On the one hand, there is an 
element arbitrary in character, viz., the form of the function; on the other 
hand, no limitation to any part of either surface, as an area to be represented, 
has been assigned. And when, in particular, the solution is applied to two 
planes, then, corresponding to any curve given in one of the planes, a curve 
or curves in the other can be obtained, partially dependent on the form 
of functional relation assumed, different curves being obtained for different 
forms of functional relation. 


But now a converse question suggests itself. Suppose a curve given in 
the second plane: can a function be determined, so that this curve corresponds 
to the given curve in the first plane and at the same time the conformal 
similarity of the bounded areas is preserved, with unique correspondence 
of points within the respective areas? in fact, does the conformal corre- 
spondence of two arbitrarily assigned areas lead to conditions which can 
be satisfied by the possibilities contained in the arbitrariness of a functional 
relation? And, if the solution be possible, how far is it determinate ? 


An initial simplification can be made. If the areas in the planes, 
conformally similar, be 7’ and R, and if there be an area S in a third plane 
conformally similar to 7, then S and # are also conformally similar to one 
another, whatever S may be. Hence, choosing some form for S, it will 
be sufficient to investigate the question for 7 and that chosen form. The 
simplest of closed curves is the circle, which will therefore be taken as S: 
and the natural point within a circle to be taken as a point of reference is its 
centre, 

Two further limitations will be made. It will be assumed that the plane 
surfaces are simply connected* and one-sheeted. And it will be assumed 


* The conformal representation of multiply connected plane surfaces is considered by 
Schottky, Crelle, t. Ixxxiii, (1877) p. 300—351. Some special cases are considered by Burnside, 
Lond. Math. Soc. Proc., vol. xxiv, (1893), pp. 187—206. 
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that the boundary of the area 7’ is either an analytical curve* or is made up 
of portions of a finite number of analytical curves—a limitation that arises in 
connection with the proof of the existence-theorem. This limitation, initially 
assumed by Schwarz in his early investigations+ on conformal representation 
of plane surfaces, is not necessary: and Schwarz himseif has shewn} that the 
problem can be solved when the boundary of the area 7’ is any closed convex 
curve in one sheet. ‘lhe question is, however, sufficiently general for our 
purpose in the form adopted. 


Then, with these limitations and assumptions, Riemann’s theorem§ on 
the conformation of a given curve with some other curve is effectively as 
follows :— 


Any simply connected part of a plane bounded by a curve T can always be 
conformally represented on the area of a circle, the two areas having their 
elements similar to one another; the centre of the circle can be made the 
homologue of any point O, within T, and any point on the circumference of the 
circle can be made the homologue of any point O' on the boundary of T; the 
conformal representation is then uniquely and completely determinate. 


263. We may evidently take the radius of the circle to be unity, for a 
circle of any other radius can be obtained with similar properties merely by 
constant magnification. Let w be the variable for the plane of the circle, z 
the variable for the plane of the curve 7’; and let 


log w=t=m-+ ni. 
Evidently » will be determined by m (save as to an additive constant), for 
m + nz is a function of z: and therefore we need only to consider m. 


At the centre of the circle the modulus of w is zero, that is, e” is zero: 
hence m must be — 2% for the centre of the circle, that is, for (say) z= 2 in T. 


At the boundary of the circle the modulus of w is unity, that is, e” is 


unity: hence m must be 0 along the circumference of the circle, that is, along 
the boundary of T. = 


Moreover, the correspondence of points is, by hypothesis, unique for the 
areas considered: and therefore, as e” and n are the polar coordinates of the 
point in the copy and as m is entirely real, m is a one-valued function, 
which within 7 is to be everywhere finite and continuous except only at 
the point z. Hence, so far as concerns m, the conditions are :— 


(1) m must be the real part of some function of z: 
(11) m must be — at some arbitrary point 2: 


* A curve is said to be an analytical curve (§ 265) when the coordinates of any point on it 
can be expressed as an analytical function (§ 34) of a real parameter. 

+ Crelle, t. 1xx, (1869), pp. 105—120. 

t Ges. Werke, t. ii, pp. 108—132. 

$ Ges. Werke, p. 40. 
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(iil) m must be 0 along the boundary of 7: 


(iv) for all points, except z,, within 7, m must be one-valued, finite and 
continuous. 


Now since m+ni=log w=log R +70, the negatively infinite value of m 
at 2 arises through the logarithm of a vanishing quantity; and therefore, in 
the vicinity of z,, the condition (11) will be satisfied by having some constant 
multiple of log (z — z,) as the most important term in m+ nt; and the rest of 
the expansion in the vicinity of z, can be expressed in the form p(z— %), an 
integral rational series of positive powers of z—2,, because m is to be finite 
and continuous. Hence, in the vicinity of 2, we have 


logw=m+ni = : log (z¢—%) + p(z—-%), 


where is some constant. This includes the most general form: for the 
form of any other function for m+ nz 1s 


~ log (2-42) 9 (4—-%)} +P (2 -%), 


where g is any function not vanishing when z=z: and this form is easily 
expressed in the form adopted. Hence 
L 
WwW = (2—% re? 2, 

Since w is one-valued, we must have d the reciprocal of an integer; and 
since the area bounded by 7’ is simply connected and one-sheeted we must 
have z—z, a one-valued function of w. Hence X=1; and therefore, in the 
vicinity of 2, 

w= (z— 4) eP &*, 
a form which is not necessarily valid beyond the immediate vicinity of 2), 
for p(z—%) might be a diverging series at the boundary. Thus, assuming 
that p(z—%) 1s 1 when z=2, we have, in the immediate vicinity of 2, 
m+n =log (z—%), 
a form which satisfies the second of the above conditions. 


It now appears that the quantity m must be determined by the con- 
ditions : ; 

(i) it must be the real part of a function of z, that is, it must satisfy 
the equation V?m=0: 

(ii) along the boundary of the curve 7, it must have the value zero: 

(iii) at all points, except z,, in the area bounded by 7, m must be 
uniform, finite and continuous: and, for points z in the 
immediate vicinity of z,1t must be of the form log 7, where 
r is the distance from 2 to %. 
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When m is obtained, subject to these conditions, the variable w is thence 
determinate, being dependent on z in such a way as to make the area 
bounded by 7' conformally represented on the circle in the w-plane. 


264. The investigations, connected with the proof of the existence- 
theorem, shewed that a function exists for any simply connected bounded 
area, if it satisfy the conditions, (1) of acquiring assigned values along the 
boundary, (2) of acquiring assigned infinities at specified points within the 
area, (3) of being everywhere, except at these specified points, uniform, finite, 
and continuous, together with its differential coefficients of the first and the 
second order, (4) of satisfying V’u =0 everywhere in the interior, except at 
the infinities. Such a function is uniquely determinate. 


But the preceding conditions assigned to m are precisely the conditions 
which determine uniquely the existence of the function: hence the function 
m exists and is uniquely determinate. And thence the function w is 
determinate. 


It thus appears that any simply connected bownded area can be conformally 
represented on the area of a circle, with a unique correspondence of points in 


the areas, so that the centre of the circle can be made the homologue of an 
internal point of the bounded area. 


An assumption was made, in passing from the equation 
w= (z — Z) eP (@—Zo) 


to the equation which determines the infinity of m, viz. that, when z=%, 
the value of p(z—z,) is 1. If the value of p(z—z,) when z=z, be some 
other constant, then there is no substantial change in the conditions: 
instead of having the infinity of m actually equal to log |z—z,|, the new 
condition is that m is infinite in the same way as log|z—z,|, and then a 
constant factor must be associated with w. A constant factor may also arise 
through the circumstance that n is determined by m, save as to an additive 
constant, say y: hence the form of w=e"+™ will be 


w= A’eviu = Au. 


. 
Since displacement in the plane makes no essential change, we may take 
a form w= Au +B, where now the confor mal transformation given by w is 


over any | circle i in its plane, the one given by wu being over a particular circle, 
centre the origin and radius unity. 


The conformation for w is derived from that for w by three operations : 
(1) displacement of the origin to the point — B/A: 
(11) magnification equal to A’: 


(11) rotation of the circle round its centre through an angle y: 
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these operations evidently make no essential change in the conformation. 
If the limitation to the particular circle, centre the origin and radius 1, 
be made, evidently B=0, A’=1, but y¥ is left arbitrary. This constant 
can be determined by assigning a condition that, as the curve C has its 
homologue in the circle, one particular point of C has one particular point 
of the circumference for its homologue: the equation of transformation is 
then completely determined. 


This determination of A’, B, y is a determination by very special con- 
ditions, which are not of the essence of the conformal representation: and 
therefore the apparent generality for the present case should arise in the 
analysis. Now, if w= Au-+B, we have 


4, {oe (HE) = foe (48). 


which is the same for the two forms; and therefore the function to be 


sought ws 
ae 
dz \°8 \dz)S’ 


when the area included by C ws to be represented on a circle so that a given 
point internal to C shall have the centre of the circle as its homologue. 
The arbitrary constants, that arise when w is thence determined, are given 
by special conditions as above. 


Again, if the conformation be merely desired as a representation of the 
z-area bounded by the analytical curve C’ on the area of a circle in the 
w-plane (without the specification of an internal point being the homologue 
of the centre), there will be a further apparent generality in the form of the 
function. From what was proved in § 258, a circle in the uw-plane is trans- 
formed into a circle in the w-plane by a substitution of the form 


Au+B 
w= ~——., 
Cu + D 
so that, if wu be a special function, w will be the more general function giving 
a desired conformal representation ; and, without loss of this generality, we 
may assume AD—BC=1. Using {w, 2} to denote 


Va 


: we - w 2 
that 1s, ——#(— ], 


called the Schwarzian derivative by Cayley*, we have 


VY 


fw, 2} = {u, 2}, 


* Camb. Phil. Trans., vol. xiii, (1879), p. 5, Coll. Math. Papers, vol. xi, p. 148; for its 
properties, see the memoir just quoted, and my Treatise on Differential Equations, pp. 92, 93. 
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which is the same for the two forms: and therefore the function to be 
sought ws 

{w, 2}, 
when the area included by the analytical curve C is to be conformally repre- 
sented on a circle. The (three) arbitrary constants, that arise when w is 
thence determined, are obtained by special conditions. 

These two remarks will be useful when the transforming equation is 
being derived for particular cases, because they indicate the character of the 
initial equation to be obtained: but the importance of the investigation is 
the general inference that the conformal representation of an area bounded 
by an analytical curve on the area of a circle is possible, though, as the proof 
depends on the existence-theorem, no indication is given of the form of 
the function that secures the representation. 

Further, it may be remarked that it is often convenient to represent a 
z-area on a w-half-plane instead of on a w-circle as the space of reference. 
This is, of course, justifiable, because there is an equation of unique trans- 
formation between the circular area and the half-plane; it has been given 
_aut+b 
~ cu +d’ 
possible: for, when a, b, c,d are real, this transformation changes the half- 
plane into itself, and these real constants can be obtained by making points 
Pp, 7, 7 on the axis change into three points, say 0, 1, 0, respectively—the 
transformation then being 


(Ex. 10, § 257). Moreover, a further change, given by w’ is still 


jf Ree 
- bu—rg-p 

265. Before discussing the particular forms just indicated, we shall 
indicate a method for the derivation of a relation that secures conformal 


representation of an area bounded by a given curve C. 

Let* the curve C be an analytical curve, in the sense that the coordinates 
« and y can be expressed as functions of a real parameter, say of u, so that 
we have =p(u), y=q(u); then 

— S=se+iy=p+iq=>(u). 
If for wu we substitute w =u + iv, we have 
z=(w); 
and the curve C is described by z, when w moves along the axis of real 
quantities in its plane. 

When the equation «+7y= (w+) is resolved into two equations 
involving real quantities only, of the form #=X(u, v), y="(u, v), then the 
eliminations of v and of w respectively lead to curves of the form 

vy (a, y,u)=0, x(a, y, v)=9, 
* Beltrami, Ann. di Mat., 2% Ser., t. i, (1867), pp. 329—366; Cayley, Quart. Journ. Math., 


vol. xxy, (1891), pp. 203—226, Coll. Math. Papers, vol. xiii, pp. 170—190; Schwarz, Ges. Werke, 
t. ii, p. 150. 


265. ] FOR ANALYTICAL CURVES 625 


which are orthogonal trajectories of one another when u and v are treated as 
parameters. Evidently x (a, y, 0) =0 is the equation of C: also 


d(u,0)=p, ww, 0)=¢. 
So far as the representation of the area bounded by C on a half-plane is 
concerned, we can replace w by an arbitrary function of Z(=X +7Y) with 
real coefficients: for then, when Y=0, we have w=f(X) and 


v=pl{f(X)}, y=a{f(X)} 


which lead to the equation of C as before, for all values of £ This arbi- 
trariness in character is merely a repetition of the arbitrariness left in 
Gauss’s solution of the original problem. 


Now let the w-plane be divided into infinitesimal squares with sides 
parallel and perpendicular to the axis of real quantities. Then the area 
bounded by C is similarly divided, though, as the magnification is not every- 
where the same, the squares into which the area is divided are not equal to . 
one another. The successive lines parallel to the axis of u are homologous 
with successive curves in the area, the one nearest to that axis being the 
curve consecutive to C. Similarly, if the Z-plane be divided. 


Conversely, if a curve consecutive to C, say C’, be arbitrarily chosen, then 
the space of infinitesimal breadth between C and C” can be divided up into 
infinitesimal squares. Suppose the normal to C at a point L meet C’ in L’: 
along C take LM =I’, and let the normal to C at M meet C’ in M’; along 
C take MN = MM’, and let the normal to C at N meet C’ in N’: and so on. 
Proceeding from C’ with L’M’, M’N’, ... as sides of infinitesimal squares, we 
can obtain the next consecutive curve C”, and so on; the whole area bounded 
by C may then be divided up into an infinitude of squares. It thus appears 
that the arbitrary choice of a curve consecutive to C’ completely determines 
the division of the whole area into infinitesimal squares, that is, it is a 
geometrical equivalent of the analytical assumption of a functional form 
which, once made, determines the whole division. 


Next, we shall shew how the form / of the function can be determined 
so as to make the curve consecutive to C a given curve. As above, the 
curve C is given by the elimination of a (real) parameter between 

a=p(u), y=q(u); 
and the representation is obtained by taking 
a tiy=z=p(w)t+iqw)=p{f(Z)} + {f(Z)}. 
Let the arbitrarily assumed curve (, consecutive to OC, be given by the 
elimination of a (real) parameter @ between 
w=pteP, y=qted, 
where p, P, g, Q are functions with real coefficients, and ¢ is an infinitesimal 


= 40 
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constant; the form of f has to be determined so that the curve corresponding 
to an infinitesimal value of Y is the curve CO’. Taking u=/(X), where u 
and X are real, we have, for the infinitesimal value of Y, 


atiy=p{f(Z)} +ig{f(Z)} 
hee Oia ae ; pas al aks 
= \P (w) +1V aye w} +4 \q (w) + iV ax (u) ; 
Ob ae ay du; 

so that a=p—Y sq, y=qtY¥ ay Pp, 
dashes denoting differentiation with regard to u. This is to be the same 
as the curve 0’, given by the equations 

vw=pteP, y=qteQ. 


Hence the (real) parameter @ in the latter differs from wu only by an infini- 
tesimal quantity: let it be w—y, so that we have 


c=p—pp+eP, y=q-pq'+eQ, 
the terms involving products of ¢ and mw being neglected, because they are 
of at least the second order. Hence 


. = Ope Ne ; Spee ae 
— HP heh Sa Nia — 4g +eQ=V 7p; 
whence be (p? + gq?) =€(Pp' + Q9’), 
/ y d I / 
and e(p'Q—q'P)=Y 5 (p"+- 9)" 


Now e¢ is a real infinitesimal constant, as is also Y for the present purpose : 
so that we may take e= AY, where A is a finite real constant: and A may 
have any value assigned to it, because variations in the assumed value 
merely correspond to constant magnification of the Z-plane, which makes 
no difference to the division of the area bounded by 0. Thus 


, , d lo Ip 
A (p'Q—qP)= Fy (p? +9") 


to 


and therefore AX =[F5 1 du, 


#0-qP 
the inversion of which gives w=f(X) and therefore w=f(Z), the form 
required, 


Also we have Pe (8'2 Pp + Qq 


shewing that, if the point c=p+eP, y=q+eQ on C’ lie on the normal to 0 
at «=p, y=q, the parameters in the two pairs of equations are the same ; 
the more general case is, of course, that in which the typical point on CO” is in 


* PD < a 5 . 
Beltrami obtains this result more directly from the geometry by assigning as a condition 


that the normal distance between tl rves j re. gi 
sa ne curves is equal to the are given by du: l.e., (p. 530, note), 
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the vicinity of C. And it is easy to prove that the normal distance between 
the curves at the point in consideration is 
ds 


Vox 


where ds is an arc measured along the curve C. 


Zz. 1, Asan illustration*, let C be an ellipse #?/a?+y?2/b2=1 and let C’ be an interior 
confocal ellipse of semi-axes a—a, b—8, where a and 8 are infinitesimally small ; so that, 
since 

(a—a)*?—(6-— 8B)? =a? B=? 


we have aa=bB=ce say ; then the semi-axes of 0’ are a-“e, bre . We have 
p=4 COs u, q=6 sin u, 
@ Os 
P= —~ cos u, Q=—; sin w, 
so that AX= [2 a2 U, 


or, taking A =— , we have 1 =u and therefore Z=w. Hence the equation of transform- 


ation is 
z=x2+iy=acos Z+10 sin Z ; 


or, if a=ccosh Y), b=csinh VY), and if Y’ denote Y,— Y, the equation is 
z=ccos(X+7Y’)=c cos Z’. 


The curves, corresponding to parallels to the axes, are the double system of confocal 
conics. 


Hx. 2. When the curve Cis a parabola, with the origin as focus and the axis of real 
quantities as its axis, and C’ is an external confocal coaxial parabola, the relation is 
2=a(Z+t); 
substantially the same relation as in Ex. 7, § 257. 
Ex. 3. When«C is a circle with its centre on the axis of real quantities and (’ is 
an interior circle, having its centre also on the axis but not coinciding with that of CO, the 


circles being such that the axis of imaginary quantities is their radical axis, the relation 
can be taken in the form 


z=c tan Z. (Beltrami ; Cayley.) 

Note. Although, in the examples just considered, the successive curves 

C ultimately converge to a curve of zero area (either a point or a line), so 
that the whole of the included area is transformed, yet this convergence 
is not always a possibility, when a consecutive to C is assigned arbitrarily. 
There will then be a limit to the ultimate curve of the series, so that the 
representation ceases to be effective beyond that limit. The limitation 


? : dz 
may arise, either through the occurrence of zero or of infinite values of IZ 


for areas and not merely for isolated points, or through the occurrence of 
branch-points for the transforming function. In either case, the uniqueness 
of the representation ceases. 
* Beltrami, l.c., (p. 624, note), p. 344; Cayley, (ib.), p. 206. 
40—2 
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Ex. 4, Consider the area, bounded by the cardioid 
r=2a (1+cos 8) ; 
then we can take 
x=p=2a(1+cosu)cosu, y=q=2a(1+cos wu) sin x, 
where evidently w=6 along the curve. Let the consecutive curve be given by 


v= —ae+2a(1+e) (1+ cos wv’) cos wv’, y=2a(1+e) (1+cos wv’) sin wv’, 


so that, to determine Y, we assume P= -—a+2a(1+cosu)cosu, QY=2a (1+cos x) sin u, 
for u’/—u=—p a small quantity. 
We have p?+q?= 16a? cos? gu, 


q P- p'Q=12a? cos? $u, 

pP+q7Q= —2a* sin u ; 
and then, proceeding as before and choosing A of the text as equal to — 4, (which implies 
that e is negative and therefore that the interior area is taken), we find 

A=, 
=+F tan $u ; 
therefore Z=w. Thus the cardioid itself and the consecutive curves are given by 
z=p+iq=2a(1+cos VA 


To trace the curves, corresponding to lines parallel to the axes of XY and Y, we have 


1 
a \2 1y, 
() =2 cos4$Zer™, 
a 


yO : 
(2) =2 cos $Z,e~ #*%, 
a 
Hence, multiplying, we have 
r=4ae~ ¥ (cos 4Z cos $Z)) 
pre =2ae™ ¥ (cosh Y+cos X) ; 
and, dividing, we have 
fete OS 8 3 
cos $Z,’ 
ats gi(X—6)_ C08 $X cosh} ¥+7sin $X sinh 3V 
‘ cos $Y cosh 4 Y—isin x sinh $Y’ 


and therefore 
tan $ (XY — 6)=tan 4X tanh3V. 
Moreover, we have 


dZ= Qaie'4 (1 +"), 


which vanishes when Z= m (2n +1), that is, at the point Y=(2n+4+1) 7, Y=0; whence the 
cusp of the cardioid is a singularity in the representation. 


When Y=0, then Y=@ and r=2a(1+cos 6), which is the cardioid ; when Y is very 
small and is expressed in circular measure, then 


tan $Y =4Y tan3}X, 
or : 2 =6+ Y tan $6, 
so that r=2a (1+cos 6)—4aY. 


It is easy to verify that 


. 6=u'+1¥ tan $w’, 
agreeing with the former result. 


The relation may be taken in the form 


: ee 
(2/a)* =2 cos 4287? = 64 4.1 


) 
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which shews that z=a is a branch-point for Z. Two different paths from any point to a 
point P, which together enclose a, give different values of Z at P. Hence the representa- 
tion ceases to be effective for any area that includes the point a. 


Consider a strip of the Z-plane between the lines Y=0, Y= +0, X= —4n, Y= +3r. 
First, when Z=47+7Y, we have X=37, so that 
tan (47 —$0)=tanh $F ; 
and therefore tan }6=e"7, 


whence apnea 
1+cos 6’ 
a part of a parabola. And when Y varies from o to 0, 6 varies from 0 to $7. 
Secondly, when Z=X, so that Y=0, we have XY=6, and then 
7=2a (1+cos 6): 
and, when J varies from $7 to —43z, @ varies from $m to —4n. 
Thirdly, when Z=—437+4+7Y, we have X= —47, so that 
tan (f7 +436) =tanh $Y, 
whence tan}0=—e 7; 
so that, as Y varies from 0 to #, @ varies from —4}m to 0. And then 


ie 2a 
~ 1+co0s 6’ 
another part of the same parabola as before. 


Lastly, when Y is infinite and Y varies from a5 to +=, we have 


tan 4 (Y—6)=tan $Y, 
so that 6=0; and then r=a, in effect the point of the zplane corresponding to the 
point at infinity in the Z-plane. 


We thus obtain a figure in the z-plane ABCDA corresponding to the strip in the 
Z-plane: the boundary is partly a parabola DAB, of focus O and axis Od, and partly 
a cardioid with O for cusp—the inverse of the parabola with regard to a circle on the 
latus rectum BD as diameter: the angles at B and D are right. 


Fig. 92. 


To trace the division of the space between the axes of the cardioid and of the parabola 
corresponding to the division of the plane strip into small squares, we can proceed as 


follows. 
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Let e~ 2 =c: then we have 


cy, (F+0) +26 cos YX, 
a c 


or, if R=ap, then p=1+c?+2c cos XY ; 
eta = ner 

and tan $( pret rey an $4, 

Aeneas: 

so that Oe (¥—40)? 


cos $6 sin$d 1 


and therefore ew a ee ap , 


so that e cos X=4/p cos 46-1, esin X=*/psin $6, 


from which the curves, corresponding to c=constant and to Y=constant, are at once 
obtained. They are exhibited in the figure, the whole of the internal space being 
divisible. 


By combination with the transformation, which (Ex. 12, § 257) represents a strip of 


the foregoing kind on a circle, the relation can be obtained, leading to the representation 
of the figure on a circle. 


Ex. 5, Shew that, if a straight line be drawn from the cusp to the point r=a, 6=0, so 
as to prevent z from passing round z=0 or z=a, then the area bounded by the cardioid 
and this line can be represented, on a strip of the w-plane given by Y=0, Y=o, 
X=—7, X¥=+7, by the equation 


iw =log {(z/a)?— 1}. (Burnside. ) 


Ez. 6. In the same way, treating the curve (the Cissoid of Diocles) (27—.) y?=.2%, 
and taking the equations 


sin? w 


b] 


o— 27 sin w, y= 
COS U 


as defining the points on the curve, we may assume the consecutive curve defined by the 
equations 
seat 
5 sin’ u 
w=e+(27—e) sin? w, y= (2p =~) ——— 
( ) ae ) Cosy 7 
another cissoid with the same asymptote. Proceeding as before, we find the value of Y 
to be tan w+ 74; tan’ uw, on taking A = — 87, 


The relation, which changes the cissoidal are into the axis of Y and a consecutive 
cissoidal are into a line parallel to the axis of Y at an infinitesimal distance from it, 
is then 


pwr 


sin? w 
; © ei, 


20 


x 


COS W 


where the relation between w and Z is 
Z=tan w+ 7; tan? w. 


Note. The method is applicable to any curve, whose equation can be expressed in the 
form r=/ (8): a first transformation is 


2=F wer, 


The determination of w in terms of Z depends upon the character of the consecutive 
curve chosen ; this curve also determines the details of the conformation. 
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266. It has been pointed out (§ 265, Note) that, though a curve and its 
consecutive in the z-plane correspond with a curve and its consecutive in the 
w-plane, the conformation is only effective for parts of the included areas, in 
which the magnification, if it is not uniform, becomes zero or infinite only at 
isolated points, and in which no branch-points of the transforming relation 
occur. The immediate vicinity of a curve ( is conformable with the 
immediate vicinity of a corresponding curve S, arbitrarily chosen limits 
being assigned for the vicinity. 


But, as remarked by Cayley*, when a curve is given, then the con- 
secutive curve can be so chosen that the whole included area is conformable 
with the whole corresponding area in the Z-plane. For a circle can be thus 
represented, the ultimate limit of the squares when consecutive curves are 
constructed being then a point: this can be expressed by saying that the 
area can be contracted into a point. For instance, the relation 

z(w+1)+7(w—1)=0 

transforms the z-half-plane into the area included by a w-circle of radius 
unity. The lines parallel to the axis of # are internal circles all touching 
one another at the point (—1, 0): and the lines parallel to the axis of y are 
circles orthogonal to these, having their centres on a line parallel to the axis 
of Y and all touching at the point (—1, 0). Similarly for the contraction of 
any circle, by making it one of two systems of orthogonal circles: the form of 
the necessary equation is obtained as above by taking the next circle of the 
same system as the consecutive curve: and a circle can thus be contracted to 
its centre (the infinitesimal squares being bounded by concentric circles and 
by radii) when the w-circle is derived from a strip of the z-half-plane by the 
relation w=e”. Such a contraction of a circle is unique. 

But, by Riemann’s theorem, it is known that the area of a given 
analytical curve can be conformally represented on the area of a given 
circle, so that a given internal point is the homologue of the centre and 
a given point on the curve is the homologue of a given point on the 
circumference of the circle: and that the representation is unique. Hence 
it follows that, when an analytical curve C is given, a consecutive curve 
C’ can be chosen in such a manner as to secure that the construction of 
the whole series of consecutive curves by infinitesimal squares will make 
the curve C contract into an assigned pointf. 


267. The areas, already considered in special examples, have been 
bounded by one or by two analytical curves: we shall now consider two 
special forms of areas bounded by a number of portions of analytical curves. 
These areas are (1) the area included within a convex rectilinear polygon, 
(ii) the area bounded by any number of circular arcs, and especially the area 


* lie. (p. 624, note), pp. 213, 214. 
+ For further developments, see Cayley’s memoir cited p. 624, note. 
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bounded by three circular ares. For the sake of analytical simplicity, the 
former will be conformally represented on the half-plane, the transformation 
to the circle being immediate by means of the results of § 257. 


In regard to the representation* of the rectilinear polygon, convex in 
the sense that its sides do not cross, we shall take the case corresponding 
to the first of the two forms of § 264; it will be assumed that the origin in 
the w-plane is left unspecified and that the magnification is subject to an 
unspecified increase, constant over the plane. Our purpose, therefore, 1s to 
represent the w-area included by a polygon on the half of the z-plane; the 
boundary of the polygonal area in the w-plane is to be transformed into the 
axis of real quantities in the z-plane. 


It follows, from Schwarz’s continuation-theorem (§ 36), that a function 
defined for a region in the positive half of a plane and acquiring continuous 
real values for continuous real values of the argument can be continued 
across the axis of real quantities: and the continuation is such that conju- 
gate values of the function correspond to conjugate values of the variable. 
Moreover, the function, for real values of the variable, can be expanded in 
a converging series of powers, so that 


w—wW,=(«—c)P(#—-C), 


where P is a series of positive, integral powers with real coefficients that 
does not vanish when ¢ is the value of the real variable a. 


Suppose a convex polygon given in the w-plane, the area included by 
which is to be represented on the z-plane, and the contour of which is to be 
represented along the axis of # by means of a relation between w and z., 


First, consider a point say 6 on the side A,_,A, which is not an angular 
point. Then, if @ denote the inclination of A,_,A,. to 


the axis of uw, the function Ars) 
(w — B)e*n*®) / 
ee 
is real when w lies on the side A,_,A,: it changes sign wh 
when w passes through 8: and for all other points w, < 
t) L 


lying either in the interior or on the other sides of the 

polygon, it has the same properties as w. Hence,if bbe 4 
: r 

a (purely real) value of z corresponding to w = 8, we have Fig. 93. 


(w— 8) e***) = (2 — b) P(e —), 


In connection with the succeeding investigations the following authorities may be 
consulted ; 


Schwarz, Ges. Werke, t. ii, pp. 65—83; Christoffel, Ann. di Mat., 2% Ser., t. i, (1867), 
pp- 95—103, ib., t. iv, (1871), pp. 1—9; Schlafii, Crelle, t. xxviii, (1873), pp. 683—80; 
Darboux, Théorie générale des surfaces, t. i, pp. 176—180; Phragmén, Acta Math., t. xiv 
(1890), pp. 229—231. , 
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for points in the vicinity of 8: the series P (z—b) does not vanish for z=) ; 
and, when w lies on the side A,A,_,, then z=2. 


Next, consider the vicinity of an angular point of the polygon. Let y be 
the coordinate of A,, let um be the internal angle of the polygon, and let > be 
the inclination of A,A,,, to the axis of wu: and consider the function 

(w —y) eet), 

When w les on the side A,A,_, at a distance d from A,, then 

= ¥ = dei +e) | 
so that the function is then real and positive. 


When w lies in the interior of the polygon, the function has the same 
properties as w, and its argument is negative. 
When w lies on the side A,A,,, at a distance d’ from A,, then 
w—y=de'¥, so that the function is d’e'"+*), that is, de“. Hence 
uy 
(w= geen 
is real and positive along the side A,_,A,, and is real and negative along 
the side A,A,4,. If then z=c be the value corresponding to w=y, we 
can expand this function in the form (z—c) Q’ (¢—c): and therefore 


(w — vy) e*"+9 = (z-—cHR(z—c), 
where R(=Q) does not vanish for z=c. 


These forms assume that neither b nor ¢ is infinite. The point on the 
boundary of the polygon (if there be one), corresponding to w=, can be 
obtained as follows. We form a new representation of the z-plane given by 


2 = 1 
which conformally represents the upper half of the z-plane on itself: and 
then, on the assumption that such point at infinity does not correspond 
to an angular point of the polygon, we have €=0 corresponding to an 
ordinary point of the boundary, so that 
aera eee al 
(w= Bet") = £00) = 7 Q(5), 

where Q does not vanish when z=”. 

All kinds of points on the boundary of the w-polygon have been con- 
sidered, corresponding to points on the axis of a. 

We now consider points in the interior. If w' be such an interior point 
and z be the corresponding z-point, then 


w—w=(¢-2)S(z¢-2), 


: ew) we 
where S does not vanish for z=’, because at every point ae must be different 
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from zero: for otherwise the magnification from a part of the z-plane to a 
part in the interior of the polygon would be zero and the representation 
would be ineffective. 


Now in the present case, just as in the first case suggested in § 264, it is 
manifest that, if a particular function wu give a required representation, then 
Au +B, where |A|+1, will give the same w-polygon displaced to a new 
origin and turned through an angle = arg. A, that is, no change will be made 
in the size or in the shape of the polygon, its position and orientation in the 
w-plane not being essential. Hence the function to be obtained may be 
expected to occur in the form w=Au+B, so that, in representing a figure 
bounded by straight lines, the function to be obtained is 


d dw 
Z= oP jog (ze) ; 
Now in the vicinity of a boundary-point 8, not being an angular point 
and corresponding to a finite value of z, we have 
w—B=e "+9 (gb) P(z—b), 
and therefore Z=P,(z—b), 
having z= b for an ordinary (non-zero) point. 


For a boundary-point 8’, not being an angular point and corresponding 
to an infinite value of z on the real axis, we have 


: 1) 1 
_ A — pilrt+e') = ed 
w—-B =e s Q (=) ; 
and therefore L=-— z + # Q, (Z) ; 
Zz 2 zZ 


where @, is finite for z=. Thus Z vanishes for such a point. 
In the vicinity of an angular point y, we have 
w—y= et (7 +8) (zZ = cyt R (2 = by. 
Y, bh 1 
and therefore Z='— +R, (2-0), 
z—c 
where &, has z=c for an ordinary point. 
Lastly, for a point w’ in the interior of the polygon, we have 


w—w =(2—2)S(z-2’) 
and therefore Z=S8,(z—2'), 


d 


having z=’ for an ordinary point. 
Hence Z, considered as a function of z, has the following properties :— 


It is an analytical function of z, real for all real values of its argument 
and zero when «@ is infinite: 


? 
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It has a finite number of accidental singularities each of the first order 
and all of them isolated points on the axis of #: and at all other 
points on one side of the plane it is uniform, finite and continuous, 
having (except at the singularities) real continuous values for real 
continuous values of its argument. 


The function Z can therefore be continued across the axis of w, conjugate 
values of the function corresponding to conjugate values of the variable: and 
its properties make it, by § 48, a rational, algebraical, meromorphic function 
OLtZ: 
Let a, b,c, ..., 1 be the points (all in the finite part of the plane) on the 
axis of # corresponding to the angular points of the polygon, and let 
am, Bq, yr, ..., AW 
be the internal angles of the polygon at the respective points: then (by § 48) 
—1 —1 dome lt 
L= zs + B +...4+ | 5 


z-a 2z—b 
no additive constant being required because Z has been proved to vanish for 
infinite values of z. 


Moreover, because az, Bz, ..., Nw are the internal angles of the polygon, 
we have 


> (am — a) = 2, 
so that > (a—1)=— 2, 


a relation among the constants a, 8,...,% in the equation 


d 1 oe) ike! Paocme 
dz og (F eT B=)” 


and each of the quantities a, 8,..., is less than 2. This equation*, when 
integrated, gives 
w=C f(¢—a)*7(¢—bf... (¢ -lrrdz+C, 
where C and C’ are arbitrary constants, determinable from the position of 
the polygon. 
268. It may be remarked, first, that any three of the real quantities 
a, b, c,...,l can be chosen arbitrarily, subject to the restrictions that the 


points a, b, c,..., J follow in the same order along the axis of # as the angular 

points of the polygon and that no one of the remaining points passes to 

infinity. For if three definite points, say a, b, c, have been chosen, they can, 

by a real substitution 

pa Po t4 
r€E+s 


* This relation, as is possible with many relations in conformal representation of areas, is 


> 


made the basis of some interesting applications in hydrodynamics, by Michell, Phil, Trans., (1890), 
pp. 889—431; and in conduction of heat, by Christoffel, l.c., p. 632, note. 
+ This result was obtained independently by Christoffel and by Schwarz: l.c., p. 632, note. 
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where p, g, 7, s are real quantities satisfying ps —qr=1, be changed into 
other three, say a’, b’, c’: and then, substituting 
p—kr 


Ee (C-#), 

and using the relation > (a—1)=— 2, 

we have w=T f(E-a)7 (6-0... (€ -VPrdg+(, 

where [’ is a new constant. By the real substitution, the axis of real 


quantities is preserved: and thus the new form equally effects the con- 
formal representation of the polygon. 


Z—k= 


But, secondly, it is to be remarked that when three of the points on the 
. axis of # are thus chosen, the remainder are then determinate in terms of 
them and of the constants of the polygon. 

Note. The z-point at infinity has been excluded from being the homo- 
logue of one of the angular points of the w-polygon: but the exclusion is not 
necessary. 

If z= be the homologue of an angular point o, at which the internal 
angle is yz, then proceeding as before, we have 


es I 1 
(w— yet = 27 (;) 
for points in the vicinity of o; and therefore 


ad dw w+l eau al 
5 joe ( )}=- + terms in pope 


dz 
Let a, b,c, ..., k be the homologues of the other vertices where the angles 
are am, Br, ..., «7: then the function 
d ea a—1l 8-1 fall 
—— log | —— }} — —— — —— -... —-—S 
dz dz/} ¢—a 2—b z—k 
is finite at a, b,...,k. The term in Z in the fractional part is 
Zz 
1 
= eS = 
_ (a—1). 


P 1 : 
But »—1+3(a—1)=—2, so that the term is are . Hence the function 


for infinite values of z begins with ae and therefore it vanishes at that point. 


It has thus no infinities for any value of z: being a uniform function, it is 
therefore a constant, which (owing to the value of the function for z= ) is 
evidently zero: so that 


Nee (mh | k—1 


d 
dz | MEPS |=: 2—-b gk 
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Hence, if one of the angular points of the polygon be made to correspond 
to an infinite value of z, the equation which determines the conformal 
representation is 


w=A f[(z-a)*4+(2—b)... (¢-—k) 1 dz +B, 
where a—-14+@8-1+...4«-l=—-l+yh, 
pr (usually equal to zero) being the internal angle at the vertex which has 


its homologue at infinity. 


269. The simplest example is that of a triangle of angles a7, Bz, yz, so 
that 
a+B+y=1. 
Then a particular function determining the conformal representation of this : 
w-triangle on the half z-plane is 


ee dz : 
"= \(g—a)-* (2 — b)® (2 —c)7’ 
so that ee = (z—a)-*(z—b)-8 (2 — cc), 


a differential equation of the first order*. 


For general values of a, 8, y, which are rational fractions, the integral- 
function w is an Abelian transcendent of some class which is greater than 1: 
and then, after §§ 110, 239, z is no longer a definite function of w, and the 
path of integration must be specified for complete definition of the function. 

If a=0, the only instance when the integral is a uniform function of w 
is when 8 = 3, y=4: and then the function is singly-periodic (§ 252, IIT). 
In such a case, the w-figure is a strip of the plane of finite breadth, extending 
in one direction to infinity and terminated in the finite part of the plane by 
a straight line perpendicular to the direction of infinite extension. 

If no one of the quantities a, 8, y be zero, then on account of the condition 
a+ P8+=1, the only cases when the integral gives z as a uniform function 
of w are as follows. In each case the function is doubly-periodie. 

(§ 252, III, 10)...(A): a=}, B=4, y= 

(ib, 9)...(B): a=$, B= 4, 7= 
(ib., 8)...(C): a=4,B=$,y= 


an equilateral triangle. 


1: 

3° 

ft: an isosceles right-angled triangle. 

i: a rnight-angled triangle with one 
angle equal to 4. 


The integral expressions for these cases have been given by Lovet, who has 
also discussed a further case, (due to Schwarz, Ex. 3, § 252), in which z occurs 
as a two-valued doubly-periodic function of w; the aE is then isosceles 


with an angle of 27, the values of a, 8, Gene C=4, = 4. y=a: 


* Fiquations of this type are discussed in my Theory of Differential Equations, Part 11, vol. ii; 
in particular, see Chapters ix, x. 
+ Amer. Journ. of Math., vol. xi, (1889), pp. 158—171. 
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The example next in point of simplicity is furnished by a quadrilateral, 
in particular by a rectangle: then 


a=S=y=—0=45 
and the general form is 


w =f ((2—a) (2-6) @—¢) @— da) dz, 
so that z is a doubly-periodic function of w. 


First, let it be a square: and choose 0, 1,0 as points on the axis of « 
corresponding to three of the angular points in order. The symmetry of the 
w-figure then enables us to choose —1 as the remaining angular point. 


In the vicinity of z=«, we have 


d | 4 
dz 0g (3. Z-K 


a finite quantity, where «=0, 1, —1 in turn. 


For infinite values of z, we have 


(w—y) eter +) = (3) ih (5) 


where J’ is finite for z=: hence 


a lo =) a eee 7 1 1 
dz dee ag Bice bad aera ee aa 


Hence the function 


is finite for z=0, z=1, z=—1: it is zero for z=: it is not infinite for 
any other point in the plane. It is a uniform function of z: it is therefore a 
constant, equal to its value at any point, say, at. z= where it is zero: and so 


Eatery) ane al a Ga 
a es (Ge)t=-4 (Sqateten) 


2 dz 
h = [ 
whence w a FICIENYE +(%, 


, NY See oe 
C and C” being dependent upon the position and the magnitude of the 
w-square. 


Again, the half z-plane is transformed into the interior of a Z-cirele, of 
radius 1 and centre the origin, by the relation 
ie, 
t+2° 
r tel te : s £ F 
Then except as to a constant factor, which can be absorbed in CO, the integral 
in w changes to 
AZ 
(i Zak 
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so that, by the relation 


Ad 7, 
epee 
Jo A— 44)? 


the interior of a Z-circle, centre the origin and radius 1, is the conformal 
representation of the interior of some 


square in the W-plane. Denoting by ele a 

é u da “ae 
L the integral 1 (ages that2b ? CS er 
is the length of a diagonal, the angular ve 
points of the square are D, A, B, C 
on the axes of reference: and these d Fig. 94 ° 


become d, a, b, c on the circumference 
of the circle. They correspond to —1, 0, 1, on the axis of w# in the 
representation on the half-plane. 


Hx. Shew that the area outside a square in the w-plane can be conformally repre- 
sented on the interior of a circle in the z-plane, centre the origin and radius unity, by the 
equation 


Lia: z 
w= | all +24)? dz, 

the z-origin corresponding to the infinitely distant part of the w-plane. (Schwarz. ) 

Secondly, let the rectangle have unequal sides. Then the symmetry of 

we : i 1 ; : 

the figure justifies the choice of i ea be —Zas four points on the axis of « 
corresponding to the angular points of the rectangle when it is represented 
on the half-plane. We thus have 


w= of” {(1 — 2?) (1 — h?2?)}-4 dz + 0". 
0 


If the rectangle be taken so that its angular points are a, a + 2b1, — a + 2bi, 


: 1 1 : 
—a, in order, these corresponding to 1, ee ape ta 1 respectively, then we have 
=O; 
i= OK, 


a+2%b=C(k +ik’); 
so that the relation is 
w 


a 


K =) (1 —2) (1— 2) de, 
0 


Ke 2b 
and then neibige pane 
IK etthe 
_2nb 
whence q=e %, 


where gq is the usual Jacobian constant: this equation determines the relation 
between the shape of the rectangle and the magnitude of k. 
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In the particular case when the rectangle is a square, we have b=a and 


je 


so g=e—", or = =2: and therefore* k =3—¥8 or = 348. The differ- 


ence from the preceding representation of the square is that, there, the point 
=7 was the homologue of the centre of the square, whereas now, as may 
easily be proved, the point z=7(V2 +1) is the homologue of the centre. 

But in the case of a quadrilateral, in which such symmetrical forms are 
obviously not possible, and, in the case of any convex polygon, only three points 
can be taken arbitrarily on the axis of #: the most natural three points to take 
are 0, 1, « for three successive points. The values for the remaining points 
must be determined before the representation can be considered definite. 


Thus in the case of a quadrilateral, taking 2, 0, 1 as the homologues of 


- 1 Cc 
D, A, B respectively and as the homologue of C;, 5 ar 
on 
(where w<1), the equation for conformal representation 
is 
w= Cut+C’, 
where = Ee 
z z A B 
U= i ze (1—z (1 —pz)¥ dz =i Zdz, say. Fig. 95. 
0 0 
If the w-origin be taken at A, and the real axis along AB, we have 
OeCe 


1 
oe a0; | Xda + 0", 
{ 


) 


deine = C | ae Ck 
0 


1 
é; fa: a ata 
be'™ (1-8) — G} De da +4. G ; 
i 
being the equations for the four angular points. They determine only three 
quantities CU, C’, w, so that they coexist in virtue of a relation, which is in 
effect the relation between the sides and the angles of a quadrilateral. 
An equation to determine p is 


0 1 
af Ade = de™ | Xdx ; 
( ( 


) ) 
the second equation serves to determine CU, because C’ = 0. 


The equation determining » can be modified as follows+, so as to be expressed 
in terms of the hypergeometric series. 


* This is derived at once by means of the quadric transformation in elliptic functions. 

+ For the analytical relations in reference to the definite integrals, see Goursat, ‘ Sur 
Péquation différentielle linéaire qui admet pour intégrale la série hypergéométrique,” Ann. 
de VEc. Norm. Sup., 2™° Sér., t. x, (1881), Suppl., pp. 83—142; and for the relations between the 
hypergeometric series, see my Treatise on Differential Equations, pp. 192—201, 232, 233, the 
notation of which is here adopted. 
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d elm 


Let — ae =), so that the equation is 


i LEN | Debs 
0 0 


Now to compare these integrals with the definite integrals which are solutions of 
the differential equation of the hypergeometric series, we take 


a= iy, B'=a, y =atB, 
so that Nea ge (9)! 8 he ae *. 
And SOS ik, y —-p'>0, a’ +1—7y=2-—y-a—B=d>0, 
so that, as «<1, the definite integral is finite at all the critical points. 
We have 


1 Tr (y-8) 
[ xan- ro Hie8 ey) 


_ (a) TP (8) 
~ T(a+6) 


1 
Heyy omi(y -p'-1) EY = Be) ay 1-7 B= #! 
[i xae é EG/jae= anaes (1—p) 


‘4 —l 
x F(y-B; 1-f, y-a-B +1, = ) 
— er (B- yl (B)T (y) Y,; ‘ 


r(gt+y) 
cS —i(y' —p’ —- ail of Sei f i esol Se heey ee 
[i xae=e SE ( eee da ee ate 
aay eiecet eee 
See) LENS) 
. T'(y+6) 
T(@)T(B) y _ wia-yF(B)UY) y 4 o-riet Py) () > 
Hence (A-1) T (atB) NG Bol T (y-+8) Y,+e u P (y+) ) 
; <u Gye) ieee 8) er Br or =e) 
ee Sd nG=s yer KG-payn =o me): 
ee a) Py) P (1-4) 
1 a(/—a—B)a(-y) P(B+y)P(yt+s—1)’ 
then DP SAE irate ING Nie 


Substituting, we have 


T(a)T (8) yy _ ,ri(p-1) E(B )T iy) 
lon We 1) T(a-+A) * a r(B+y) ay 


<= —7wi(B+ Uy )T (6) (a) 1 (8) 
Tey Gee |. 


By using the properties of the I functions, the coefficient of VY, can be proved 
equal to 


em. 1B) rly ve _e™ sin ym 2 — rT (y) 
asinar IT (8+y) Eee ONES acinar: © Mee 


F. 41 
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and the coefficient of Y, can be proved* equal to 


e™** sin yr, T (y) T (6) 
asinar  V(y+6)~ 


em r(y)T 0) 
asinant T(y+6) 


{dsin (a+ B+y) 7 - asin (B+y) m= - 


Moreover mae 
ae (r afi F{l-d, 1-8, 2-y, p}; 
Yy=yy=Yo=urct (L-p) FP FO ad, 1-8, ¥-d-B +1, 1-p}: 
¥, 0 hy; daqyt Ceuiee 
1g EF fy, l—a, y+8, 1—p} 
and therefore an equation to determine p is 


ty, i, y+9, py belt ie (8) T (y+) 
Fy, l—a, y+8, 1—p} b Tr (8) T (y+8) 

Ev. 1. A convex quadrilateral in the w-plane has its sides 4B, BC equal to unity, its 
angles A and C each equal to az, and its angle B equal to Bm ; prove that it can be 


conformally represented upon the positive half of the z-plane by the relation 


so that 


1 2 
w| 21 = 291 de= | 2-11 —2)"-1 dz. 
0 
(Math. Trip., Part II., 1895.) 
Ex. 2. A regular polygon of » sides, in the w-plane, has its centre at the origin 
and one angular point on the axis of real quantities at a distance unity from the origin. 


Shew that its interior is conformally represented on the interior of a circle, of radius 
unity and centre the origin, in the z-plane by means of the relation 


1 et 2 a 
w | (l—2") "d¢= (l—2") ® dz. (Schwarz. ) 
/ 0 


0 


Ez. 3. A plane non-reentrant hexagon ABCDEF is symmetrical about its diagonal 
AD: prove that the enclosed area can be conformally represented upon a half-plane, 
so that the angular points correspond to points ©, —1, —p, 0, w, 1 on the real axis, 
provided p is determined by the equation 


1 
i Ao 
»| gpa ETS aeatal 6 107-1 d0=0 | g?*-1 (9-1)? (1— p20’? ad, 
0 1 


where the variable @ is real throughout the two ranges of integration, b and ¢ are the 
sides AB and BC respectively, and am, 87, ym are the internal angles 4, B, C respectively. 
(Trinity Fellowship, 1898.) 


270. It is natural to consider the form which the relation assumes when 
we pass from the convex polygon to a convex curve, by making the number 
of sides of the polygon increase without limit. The external angle between 
two consecutive tangents being denoted by dy, and the internal angle of the 
polygon at the point of intersection of the tangents being £2, we have 

a — fr = dy, 
so that &-l= aa 
T 


* In reducing the coefficients to these forms, limiting cases (such as 8+y=1) of the quadri- 
lateral are excluded. 
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Let x be the point on the axis of real quantities, which corresponds to this 
angular point of the polygon; then the limiting form of the relation 


d dw = 1l 

az (8 gg) = 2a 
; ay, dw ee A dw 
Ee 4, (logo) =— = B= ip 


where # is the point on the real axis in the z-plane corresponding to the 
point on the w-curve at which the tangent makes an angle w with some 
fixed line, and the integral extends round the curve, which is supposed to be 
simple (that is, without singular points) and everywhere convex. 


The disadvantage of the form is that # is not known as a function of w; 
and its chief use is to construct curves such that the contour is conformally 
represented, according to any assigned law, along the axis of real quantities 
in the z-plane. The utility of the form is thus limited: the relation is not 
available for the construction of a function by which a given convex area in 
the w-plane can be conformally represented on the half of the z-plane*. 


Ex. Let w=tan dy: then taking the integral from —z to +a, we have 


d dw il [fe dy 
5; (Ioe a)--= | ee 


Cf a 
~ « ) of, ¢—tan > 
The integral on the right-hand side is 


ath 0 dd 
9 g—tangd ly 2+tan pb 


i dp 
is i tS 


a dy 
ad Meeraicers 


( 
Q2 sa yen il } 
= 4= 7 ~~ dy 
142] lit”? Fray 
22 1) 
ae hiya a 
142 {be 2m zit 
7 
Tageag? 


and therefore 


which, on further integration, leads to the ordinary expression for a circle on a half- 


plane. 
* See Christoffel, Gétt. Nachr., (1870), pp. 283—298. 
41—2 
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271. In regard to the conformal representation on the half of the z-plane 
of figures in the w-plane bounded by circular ares, we proceed* in a manner 
similar to that adopted for the conformal representation of rectilinear polygons. 


It is manifest that, if w=/(z) determine a conformal representation on 
the z-plane of a w-polygon bounded by circular arcs and having assigned 
angles, then 


_ Au+B 
USC mie 


where A, B, O, D may be taken subject to the condition AD— BC =1, will 
represent on the half z-plane another such polygon with the same assigned 
angles: for the homographic transformation, preserving angles unchanged, 
changes circles into circles or occasionally into straight lines. Hence, as 
in § 264, when the transforming function is being obtained, it is to be expected 
that it will be such as to admit of this apparent generality: and therefore, 
since 
{w, 2| = {u, 2}, 


where {w, z} is the Schwarzian derivative, it follows that, in obtaining the 
conformal representation of a figure bounded by circular ares, the function to 
be constructed is 


We proceed as in the case of the rectilinear polygon and find the form of 
the appropriate function in the vicinity of points of various 
kinds. But one immediate simplification is possible, which  B 


enables us to use some of the earlier results. Pr Oke) 


Let C be an angular point, CA and CB two circular 
arcs, one of which may be a straight lune: if both were a 
straight lines, the modification would be unnecessary. In- 
vert the figure with regard to the other point of intersection 
of CA and CB: the two circles invert into straight lines cutting at the same 
angle ww. Take the reflexion of the inverted figure in the axis of imaginary 
quantities: and make any displacement parallel to the axis of real quantities : 
if W be the new variable, the relation between w and W is of the form 


Fig. 96, 


aW+b 
oW+da 
* For the succeeding investigations the following authorities may be consulted ;— 
Schwarz, Ges. Werke, t. ii, pp. 73—80, 221—259, 
Cayley, Camb, Phil. Trans., vol. xiii, (1879), pp. 5—35. 
Klein, Vorlesungen iiber das Ikosaeder, Section I., and particularly pp. 77, 78. 
Darboux, Théorie générale des surfaces, t. i, pp. 130—192. 
Klein-Fricke, Theorie der elliptischen Modulfunctionen, t. i, pp. 93—114. 
Goursat, l.c., p. 546, note, 
Schonflies, Math, Ann., t. xlii, (1893), pp. 377—408, ib., t. xliv, (1894), pp. 105124. 
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where ad —bc = 1: and therefore 
LW, z} = {w, 2}. 


Consider the function for the W-plane. Let I be the point corresponding 
to C, an angular point of the polygon, having z=c as its homologue on the 
axis of x, account being taken of the possibility of having c=; let 8 be any 
point on either of the straight lines corresponding to a point on the contour 
of the polygon not an angular point, having z=b as its homologue on the 
axis of # If a contour point not an angular point have z= as its 
homologue on the axis, denote it by 8’. 


Then for the vicinity of 8, we have (as in § 267) a relation of the form 
W- B=e''"+9 (g—b) P(z—-b): 


then log ae = const. + log P; (z — b), 


so that iW, 2} =P, (@—)), 


where P, is an integral function of z— 0, converging for sufficiently small 
values of |z —)]. 


For the vicinity of 6’, we have similarly 


W— p’ = eit) : Q (=) , 
then a — pie 2 Q, (=) 
ae 80) 1 
and therefore (W, 2} =f ( Q: \) ue a () 
LaG) a) 
“0 


where Q, is finite for z=. 


In the vicinity of the angular point T, having a finite point on the axis of 


« for its homologue, we have 
W—-—T=é*9 (z—cv R(z-0), 


and, proceeding as before, we find that 


where C, depends on the coefficients in the series R (z —c). 


646 CURVILINEAR POLYGON (271. 


But if the angular point I’ have the point at infinity on the axis of # for 


its homologue, we have 
W—Paeir = (2): 
gh 


Z 


T, (5) 
Zz z 


then, proceeding as before, we find that 


al Se Oh 
ea == oe 
where Z, (5) is finite when z=. 


Lastly, for a point W’ in the interior having its homologue at z= z,we 
have 
W- W'=(e-2)S(z- 7), 
and then {W, 2} 38, (2—2). 
Hence { W, 2}, considered as a function of z, has the following properties :— 


(i) It is an analytical function of z, real for all real values of the 
argument z; and if w= do not correspond to an angular 
point of the polygon, then for very large values of z 


1 1 
{W, 2} awe G) , 
where Q, 1s finite when z= 0. 


(1) It has a finite number of accidental singularities, all of them 
isolated points on the axis of #: and at all other points on one 
side of the plane it is uniform finite and continuous, having 
(except at the accidental singularities) real continuous values 
for real continuous values of its argument. Its form near the 
singularities, and its form for infinitely large values of 2, if 
z= be the homologue of an angular point, are given above. 


Hence {W, z} can be continued across the axis of x, conjugate values of 
{W, z} corresponding to conjugate values of z: and thus its properties make 
it a rational meromorphic function of 2. 


Two cases have to be considered. 


First, let the angular points of the polygon have their homologues at 
finite distances from the z-origin, say, at a, b,..., /: and let am, Bz, ..., Aw be 


the internal angles of the polygon at the vertices. Then 
A iL ape 


W, z}- -—4% 
4=—6 (z—ayP 


ne 


has no infinity in the plane; it is a uniform analytical function of z, and 
must therefore be a constant, which, by the value at z=00, is seen to be 
zero. Hence 

A, 


a= 0, 


l-@ 
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the summation being for the homologues of all the angular points of the 
polygon. But when z is very large, we have, in this case 


m0) 


so that, expanding 2J (z) in powers of : and comparing with the latter form, 


we have, on equating coefficients of 2-1, 2, 2, 
OA 
0=Aat+4st(1 —2@), 
0=A,a? + Ya(1 - 2’), 

relations among the constants of the problem. 

Secondly, let one angular point, say a, of the polygon have its homologue 
on the axis of « at infinity, and let az be the internal angle at @: and let the 
homologues of the others be ), ..., &, J, the internal angles of the polygon 
being @7, ..., «7, mw. Then the function 
B; 1 — 


as 
e@—b *" (g—by 
has no infinity in the plane: it is a uniform analytical function of z, and 
must therefore be a constant, say M; thus 
B, 
z—b 


{W, 2} - 


{W, 2i= M+ 2, 
But, when z is very large, we have 
aL = 6p 
antler taC)) 
Z OY: 


because = is the homologue of the vertex a of the polygon, the angle 


i Alar : : : 
there being aw: and 7 C) is finite when z=o. Hence, expanding in 
Z 


1 : 
powers of — and comparing coefficients, we have 
z 


Mav 
Zee 0; 
4X (1— 6") + 2Bb=3(1—2), 
Jer redler or 
Q pe i ee eS) aes i 
so that LW 2} eae aby paiva 


where the summation is for the homologues of all the angular points other 
than a, and the constants are subject to the two conditions 


oy = 0; 
SBb=4 (1 —o&)—4$2 (1-6). 
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The form of the function {W, z} is thus obtained for the two cases, the 
latter being somewhat more simple than the former: and the exact expansion 
of W in the vicinity of a singular point can be obtained with coefficients 
expressed in terms of the constants. 


272. In either case the equation which determines W is of the third 
order: but the determination can be simplified by using a well-known 
property of linear differential equations*. If y, and y be two solutions 
of the equation 


ad 
Blasi + Qy =0, 
the quotient of which is equal to the quotient of two solutions of 
Gara 
de Ly = 0, 
dP 
where [= Q — aa — P*, being the invariant of the equation for linear trans- 


formation of the dependent variable, and where Y/y = e/?%, then the equation 
satisfied by s, = y,/y2, 18 
{s, #} = 2. 


Hence for the present case, if we can determine two independent solutions 
Z, and Z, of the equation 


PZ ' 
for the first case, or two independent solutions of the equation 
PZ 
a t 41 (2) =0 
fox the second case, then 
_A4,+ BZ, 
OZ, + DZ, 


is the general solution of the equation 
(W, 2b=2J (2) or 22 @), 
and therefore is the function by which the curvilinear w-polygon is conform- 
ally represented on the z-half-plane. 
273. As a first example, consider the w-area between two circular arcs 
which cut at an angle Aw. The z-origin can be conveniently taken as the 


homologue of one of the angular points: and the z-point at infinity along the 
axis of # as the homologue of the other. Then we have 


Weg aeap ous 
Z Uh 


provided A=0, A.0=4(1-2)—-4(1-2), 


* See my Treatise on Differential Equations, pp. 89—93. 
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both of which conditions are satisfied by A =0; and so 


al qd — 3 
{ W, 2} == wg < 
The linear differential equation is 
aZ iS 
dz +4 = <Z= 2 
so that Zi = 20) J, = 2h; 


and therefore the general solution for W is 


ee 
enh + a’ 


The (three) arbitrary constants can be determined by making z=0 and 
z= correspond to the angular points of the crescent, and the direction of 
the line z=z, (which is the axis of #) correspond to one of the circles, the 
other of the circles being then determinate. 


If the w-circles intersect in —7 (the homologue of the z-origin) and +7 
(the homologue of z=), and if the centre of one of the circles be at 
the point (cota, 0), then the relation is 


w=t aes 
= gn afl ce7 ? 

where ¢ is an arbitrary constant, equivalent to the possible constant magnifi- 
cation of the z-plane without affecting the conformal representation: it can 


be determined by fixing homologous points on the contour of the crescent. 


More generally, if the w-circles intersect in w, and w,, respectively homo- 
logous to g=0 and z=~%, then 
w—U, 
WwW — Wy 


Ral = 
is the form of the relation. 
Evidently a segment of a circle is a special case. 


274. Next, consider a triangle in the w-plane formed by three circular 
arcs and let the internal angles be Az, purr, vr. The homo- 
logue of one of the angular points, say of that at zr, can be 
taken at z=; of one, say of that at Az, at the z-origin; 
and of the other, say of that at v7, at a point z=1: all on 
the axis of z. Then we have 


GC i —)d ; 1 = ives 
pi ee sti ae Fig. 97. 


B 
a a a Vie ( De 


where the constants B and C are subject to the relations 
B+C=0, 
B.0+0.1=3(1-w)-—4(1-)-4(1- Yr’), 
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so that —~B=C=}4(2-p'+r'- 1), 


and therefore 
1-v M—pw+y—1 


2 
1 al. 
“2G — 1 *tnie@ =m 


1-2X 


Ze 


I(2)=4 


But J(z) is the invariant of the differential equation of the hypergeometric 
series * 


PLZ y-(4t+R+1)zdZ_ ap 
de a7 (li andes) 


provided == V=(1—y), w= (@-BY, v= (y- 2-8) 


Lae 


so that, if Z, and Z, be two particular solutions of this equation, the function 
which gives the conformal representation of the w-triangle on the z-half- 
plane is 

AZ, + BZ, 


CORDES 


The transforming function thus depends upon the solution of the differential 
equation of the hypergeometric series, and for general values of A, pw, 
which are >0 <1 we shall obtain merely general values of a, 8, y; hence 
the transforming function will be obtained as a quotient of two particular 
solutions of the equation of the series. Now according to the magnitude of 
\z|, these solutions, which are in the form of infinite series, change: and thus 
we have w equal to an analytical function of z, which has different branches 
in different parts of the plane. 


The distribution of the values z=0, 1, 00 as the homologues of the three 
angular points was an arbitrary selection of one among six possible arrange- 
ments, which change into one another by the following scheme :— 


1 1 z z—1 

Lae z 1 hee z 

rae as 
me % 1 oo) oo) (0) 
= ue O. a in ] 


The quantities in the first row are the homographic substitutions, conserving 
the positive half-plane and interchanging the arrangements. 


These substitutions are the functions of z subsidiary to the derivation of 
Kummer’s set of 24 particular solutions of the equation of the hypergeometric 
series. 

* Treatise on Differential Equations, p. 188, 
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Ex. Take the case when two of the angles of the triangle are right, say v=}, p=4, 


i ay: : dua e 
omiae Then, when ~ is finite*, a transforming relation is 


fas 
*  1+(-2)? 
and, when is infinite, a transforming relation is 
Sys 
w=log Peels ; 
1+(1-2)? 


obtainable either as a limiting form of the above, or by means of the solutions /’ (a, 8, y, 2) 
and F(a, B, a+8—y+1, 1—z) of the differential equation of the hypergeometric series. 
In the respective cases the general relations, establishing the conformal representation, are 


ee i) pide 
cw+d. Lec 


and 
aw+b 1-(1-2) 
10 
cw+d i) 


The three circles, arcs of which form the triangle, divide the whole of the 
w-plane into eight triangles which can be arranged 
in four pairs, each pair having angles of the same 
magnitude. Thus 


D, D' have angles Xz, pr, vr. 


CAA BN na a Am, 1 — p) 7, A —v) 7, 
8 Uae Peer mee (1 —A) a, pr, (1 —v) 7, 
PIVOT Oe tsa Tae See (1 -A) a, (1 —p)7, v7; 


and when any one of the triangles is given, it 
determines the remaining seven. It is convenient 
then to choose that one which has the sum of its angles the least, say the 
triangle of reference: let it be D. Unless X, w, v, each of which is > 0< 1, be 
each =4, thenA+u+y <8. 

We have already, in part, considered the case in which A+p+v=1. 
For, when this equation holds, inversion with the other point having Aq for 
its angle as centre of inversion, changest D into a triangle bounded by 
straight lines and having Az, war, vir as its angles; and therefore, in that 
case, the problem is merely a special instance of the representation of a 
w-rectilinear polygon on the z-half-plane. 

But there is a very important difference between the cases for which 
A+u+u<1 and those for which A+w+v>1: in the former, the ortho- 
gonal circle (having its centre at the radical centre of the three circles) is real, 
and in the latter it is imaginary. The cases must be treated separately. 

* Treatise on Differential Equations, p. 208. 

+ The figure in the text does not apply to this case, because, as may easily be proved, the three 
circles must meet in a point. 
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275. First, we take X\+p+v<1. Then of the two triangles, which 
have the same angles, one lies entirely within the orthogonal circle and the 
other entirely without it; and each is the inverse of the other with regard to 
the orthogonal circle*, Let inversion with regard to the angular point dz in 
A take place: then the new triangle is bounded by two straight lines cutting 
at an angle Aw and by a circular are cutting them at 
angles jr and ym respectively, the convex side of the 
are being turned towards the straight angle. The 
new orthogonal circle is the inverse of the old and its 
centre is A, the angular point at Az; its radius is the 
tangent from A to the arc CB, and therefore it com- A B 
pletely includes the triangle ABC. Fig. 99. 


The homologue of A is, as before, taken to be the z-origin O, that of C to 
be the point z= 1, say c, and that of B to be z= on the axis of «, say b for 
+o and b’ for — oo. 


7C 


Suppose that we have a representation of the triangle on the positive 
half-plane of z. The function {w, z} can be continued across the axis of « 
into a negative half-plane, if the passage be over a part of that axis, where 
the function is real and continuous, that is, if the passage be over Oc, or over 
cb, or over b’0; and therefore w is defined for the whole plane by {w, z} = 2Z (2), 
its branch-points being O, ¢, b. Any branch on the other side, say w,, will 
give, on the negative half-plane, a representation of a triangle having the 
same angles, bounded by circular ares orthogonal to the same circle, and 
having O,c, 6 for the homologues of its angular points. Thus if the con- 
tinuation be over cb, the new w-triangle has CB common with the old, and 
the angular point A’ lies beyond OB from A. 


To obtain the new triangle A’CB geometrically, it is sufficient to invert 
the triangle ACB, with regard to the centre of the circular are CB. This 
inversion leaves CB unaltered; it gives a circular are CA’ instead of CA 
and a circular are BA’ instead of BA: the angles of A’CB are the same as 
those of ACB. Since the orthogonal circle of ACB cuts CB at right angles 
and CB is inverted into itself, the orthogonal circle is inverted into itself; 
therefore the triangle A’CB has the same orthogonal circle as the triangle 
ACB. 

The branch w,, by passing back across the axis round a branch-point into 
the positive half-plane, leads to a new branch w,, which gives in that half-plane 
a representation of a triangle, again having the angles Aw, wm, var and having 
O, c, b for the homologues of its angular points. Thus if the passage be 
over Oc, the new w-triangle has A’C common with A’CB and the angular 
point B” lies on the side of CA’ remote from B: but if the passage be 


* For the general properties of such systems of circles, see Lachlan, Quart. Journ, Math., 
vol. xxi, (1886), pp. 1—4Y. 
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over cb, then we merely revert to the original triangle CAB. The new 
triangle has, as before, the same orthogonal circle as A’OB. 


Proceeding in this way by alternate passages from one side of the 
axis of x to the other, we obtain each time a new w-triangle, having one side 
common with the preceding triangle and obtained by inversion with respect 
to the centre of that common side: and for each triangle we obtain a new 
branch of the function w, the branch-points being 0,1, 0. If, by means of 
sections such as Hermite’s (§ 103), we exclude al] the axis of # except the part 
between two branch-points, the function is uniform over the whole plane thus 


bounded. 


All these triangles lie within the orthogonal circle, and they gradually 
approach its circumference: but as the centres of inversion always turn that 
circle into itself, while the sides of the triangle are orthogonal to it, they do 
not actually reach the circumference. The orthogonal circle forms a natural 
limit (§ 81) to the part of the w-plane thus obtained. 

Ex. Shew that all the inversions, necessary to obtain the complete system of triangles, 
can be obtained by combinations of inversions in the three circles of the original triangle. 

(Burnside. ) 

Each of the triangles, thus formed in successive alternation, gives a 
w-region conformally represented on one half or on the other of the z-plane. 
If, then, the original triangle be combined with the first triangle that is 
conformally represented on the negative half-plane, every other similar 
combination may be regarded as a symmetrical repetition of that initial 
combination: each of them can be conformally represented upon the whole 
of the z-plane, with appropriate barriers along the axis of «. 

The number of the triangles is infinite, and with each of them a branch 
of the function w is associated: hence the integral relation between w 
and z which is equivalent to the differential relation {w, z}=2Z(z), when 
A+u+v<l1, is transcendental in w. 

In the construction of the successive triangles, the successive sides passing 
through any point, such as U, make the same angle each with its predecessor : 
and therefore the repetition of the operation will give rise to a number of 
triangles at C each having the same angle Az. 

If X be incommensurable, then no finite number of operations will lead to 
the initial triangle: each operation gives a new position for the homologous 
side and ultimately the w-plane in this vicinity is covered an infinite number 
of times, that is, we can regard the w-surface as made up of an infinite 
number of connected sheets. 

If X be commensurable, let it be equal to //l’, where / and U’ are finite 
integers, prime to each other. When / is odd, 20’ triangles will fill up the 
w-space immediately round C, and the (2/’+1)th triangle is the same as the 
first: but the space has been covered / times since 2X2 = 2lr, that is, in the 
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vicinity of C we can regard the w-surface as made up of J connected sheets. 
When / is even (and therefore I’ odd), U’ triangles will fill up the space round 
CO completely, but the (7 +1)th triangle is not the same as the first: it is 
necessary to fill up the space round C again, and the (2/’+1)th triangle is 
the same as at first; the space has then been covered / times, so that again 
the w-surface can be regarded as made up of / connected sheets. The 
simplest case is evidently that, in which A is the reciprocal of an integer, so 
that /=1; and the w-surface must be regarded as single-sheeted. 


Similar considerations arise according to the values of w and of »v. 


If then either 2, », or v be incommensurable, the number of w-sheets is 
unlimited, that is, z as a function of w has an infinite number of values, or the 
equation between z and w is transcendental in z Hence, when + p+v< 1 
and either X or pw or v is incommensurable, the integral relation between w and 
z, which is equivalent to the differential relation {w, z} = 21 (z), 1s transcend- 
ental both in w and in z. 


If all the quantities 2X, ~, vy be commensurable and have the forms 1//’, 
mm’, n/n’, fractions in their lowest terms, and if V be the least common 
multiple of J, m, n, then the number of w-sheets is V, that is, z as a function 
of w has NV values and therefore the equation between z and w is algebraical 
in z, of degree N. Hence, when X+p+u<1 and 2X, p, v have the forms of 
Fractions in their lowest terms, and if N be the least common multiple of their 
numerators, the imtegral relation between w and z equivalent to the differential 
relation 

fo, 2} = 25 (2) 
is an algebraical equation of degree N in z, the coefficients of which are 
transcendental functions of w. 


The simplest case of all arises when X, «, v are the reciprocals of integers : 
for then V=1 and z is a uniform transcendental function of w, satisfying 
the equation 

{w, 2} = 27 (2)3 


or, making z the dependent and w the independent variable, we have the 
result :— 


A function z that satisfies the equation 


1-1 1 Lyjagah 1 


e - | ae ee le eee 
J G2 dz, a qi hea liae a rete me a : dz\4 
du®dw “\dw} | L* 2 © 4*(¢—17 Le ier (z—1) dw)’ 
Ware Iain i 111 : 
where l,m, n are integers, such that 7 + fen + es 1, ws a uniform transcendental 
function of w. 
Restricting ourselves to the last case, merely for simplicity of explanation, 
it 1s easy to see that the whole of the space within the orthogonal circle is 
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divided up into triangles, with angles Az, ua, v7 bounded by circular ares 
which cut that circle orthogonally: and, by the inversion which connects the 
space external to the circle with the internal space, the whole of the outside 
space is similarly divided. Moreover, it has been seen that every triangle 
a,W + b, 
CW + dy 
therefore the division of the interior of the circle into triangles is that 
which is considered, in the next chapter, for the more general case of division 
into polygons, the orthogonal circle of the present case being then the 
‘fundamental’ circle. The uniform transcendental function of w is therefore 
automorphic: the infinite group of substitutions is that which serves to 
transform a single triangle into the infinite number of triangles within the 
circle*, 


can be obtained from any one by some substitution of the form w, = 


One or two special cases need merely be mentioned. 


If any one of the three quantities A, uw, v be zero and if X+y+ vp is 
not equal to unity, the triangle can be included under the general case 
just treated. For let X=0, and suppose that «+ is not greater than unity: 
if w+v were greater than unity, the triangle would be a particular instance 
of the class about to be discussed. The division of the area within the 
(real) orthogonal circle is of tbe same general character as before: a 
particular illustration is provided by the division appropriate to the 
elliptic modular-functions, for which w=4$, v=+ (§ 284). When two 
triangles, one of which is obtained from the other by continuation in the 
z-plane across the axis of real variables, are combined, they give a w-space 
(corresponding to the whole of the z-plane) for which X=0, p’=4, v=. 
Since the orthogonal circle is real, it forms a natural limit to these spaces ; 
when it is transformed into the axis of real variables in the w-plane by 
a homographic substitution, the positive half of the w-plane is divided as 
in figure 108 (p. 685). 

The extreme case of the present class, for which X1++~y is less than 
unity, is given by X=0, ~=0,v=0: the triangle is then the area between 
three circles which touch one another. Reverting to the differential equa- 
tion of the hypergeometric series, we have y=1, a= 8=4; the equation is 


PZ 1-2 dZ i 


ee nie See 


which is the differential equation of the Jacobian quarter-periods in elliptic 
functions with modulus equal to 2%. If 


2m ' 27 : 
K=| (1 — zsin® ¢)? dd, | {1 —(1 —z) sin? g}- d¢, 
0 0 
* The figure for the example v=4, 1=4, \=+} is given by Schwarz, Ges. Werke, t. i, p. 240; 
and the figure for the example y=4, w=1, A=7 is given in Klein-Fricke (p. 370); both of course 
satisfying the conditions \+"4+v<1. 
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then eke 
=F 
ak +bk’ 
or, more generally, w= RR” 


a relation between w and z which gives the conformal representation of the 
w-triangle upon the z-half-plane. 


276. We now pass to the consideration of the case in which the triangle 
with angles Az, wz, v7 has no real orthogonal circle: the other associated 
triangles have therefore not a real orthogonal circle. In this case, the sum 
of the angles of the triangle is greater than 7, so that we have 


X+u+v>1 from the pair D and D’, 
—X+p+v<1 from the pair A and 4’, 
X¥—w+v<1 from the pair B and B, 
X+w—v<1 from the pair C and C’, 


as the conditions which attach to the quantities X, w, v. As before, we invert 
with respect to the angular point Aw in A: then the new triangle D is 
bounded by two straight lines and a circle, the 
intersection of the lines being in the interior of the 
circle, because the orthogonal circle is imaginary. 
Let d be distance of L from the centre of the 
circle, 6 the angle OLN, r the radius of the circle: 
then 


dsin@=-—rcosvr, dsin(dmr—@)=—r cos pr, 
which determine d and 6. Let R?=r?—d?,so that 
7R is the radius of the (maginary) orthogonal circle. Fig. 100. 


With L as centre and radius equal to R describe a sphere: let P be 
the extremity of the radius through Z perpendicular to the plane. Then P 
can be taken as the centre for projecting the plane on the sphere stereo- 
graphically*; so that, if @ be a point on the plane, Q’ its projection on 
the sphere, PQ. PQ’= 2h. The projection of LN is a great circle through 
P, the projection of LM is another great circle through P inclined at Xa 
to the former: and since PO is equal to the radius of the plane circle, so 
that its diameter subtends a right angle at P, the stereographie projection 
of that plane circle is a great circle on the sphere, making angles ya and 
pa with the former great circles. There is thus, on the sphere, a triangle 
bounded by ares of great circles, that is, a spherical triangle in the ordinary 
sense, whose angles are Ar, wr, vr: and this spherical triangle is conformally 


* Lachlan, (l.c., p. 652, note), p. 43. 
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represented on the z-half-plane, its angular points Z, NV, M finding their 
homologues in z=0, 1, 0 respectively. 


Just as in the former case, the successive passages, backwards and 
forwards across the z-axis, give in the w-plane new triangles with angles 
Ar, wr, vor, all with the same imaginary orthogonal circle of radius 7R and 
centre L: each of these, when stereographically projected on the sphere 
with P as the centre, becomes a spherical triangle of angles Az, pa, v7 
bounded by arcs of great circles, every triangle having one side common 
with its predecessor: and the triangles are equal in area. 


Moreover, the triangles thus obtained correspond alternately ‘to the 
positive half and the negative half of the z-plane: and it is convenient to 
consider two such contiguous triangles, connected with the variable w, as 
a single combination for the purposes of division of the spherical surface, 
each combination corresponding to the whole of the z-plane. 


The repetition of the analytical process leads to the distribution of the 
surface of the sphere into such triangles: and the nature of the analytical 
relation between w and z depends on the nature of this distribution. 


If dX, w, or v be incommensurable, then the number of triangles is 
infinite, so that the relation is transcendental in w: and the surface of 
the sphere is covered an infinite number of times; that is, corresponding 
to z there is an infinite number of sheets, so that the relation is tran- 
scendental in z. Thus, when X+mw+y is greater than 1 and any one of 
the three quantities >, w, v is incommensurable, the integral relation 
between w and z, which is equivalent to 


{w, 2} = 2I (2), 
is transcendental both in w and in =z. 


If the quantities X, uw, v be commensurable, the simplest possible cases 
arise in connection with the division of the surface by the central planes 
associated with the inscribed regular solids. These planes give the divisions 
into triangles, which are equiangular with one another. 


First, suppose that the spherical surface is divided completely and 
covered only once by the two sets of triangles, corresponding to the upper 
half and the lower half of the z-plane respectively. One of the sects, say 
N in number, will occupy one half of the surface in the aggregate: and 
similarly for the other set, also V in number. Hence 


R(X + w+v—1)7= the area of a triangle 


1 
= yy karen of a hemisphere), 
2 
so that Atm+yv—l= 7. 


F. 42 
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Then, in passing round an angular point, say Az, the triangles will 
alternately correspond to the upper and the lower halves: hence, of the 
whole angle 27, one half will belong to one set of triangles and the 
other half to the other set. Hence +z is an integer, that is, X is the 


: : i aes : 
reciprocal of an integer, say T: Similarly for «4, which must be of the form 
1 , ; 1 : 
—; and for v, which must be of the form —; where m and n are integers. 
m n 


Thus 


The only possible solutions of this equation are 


(I.)* A=, w=, n=any integer, N=2n; 


(IL) =$, w=}, v=4 ee 
VS a a », N= 24; 
(VI.) A=4, w=t, v=t N=60. 


277. In each of these cases there is a finite number of triangles: with 
each triangle a branch of w is associated, so that there is only a finite number 
of branches of w: the sphere is covered only once, and therefore there is only 
a single z-sheet. Hence the integral relation between w and z is of the first 


degree in z: and it is polynomial in w, of degrees 2n, 12, 24, 60 respectively. 


= Was d a were ; 

The regular solids, with which these sets of triangles are respectively 
associated, are easily discerned. 

I. We have 14,2. The solid i id av 

; e have d, w, v=2, 3). The solid is a double pyramid, having 
its summits at the two poles of the sphere: the 
common base is an equatorial polygon of 2n sides: 
the sides of the various triangles, in the division of 
the sphere, are made by the half-meridians of longi- 
tude, through the angular points of the polygon from 
the respective poles to the equator, and by ares of 
the equator subtended by the sides of the polygon. 


II. We have A, »p, v=4,4,4. The solid is the 


3? 3 
tetrahedron; and the division of the surface of the 


Fig. 101. 


sphere, by the planes of symmetry of the solid, into 
24 triangles, 12 of each set, is indicated, in fig. 102, on the (visible) half of 
the sphere, the other (invisible) half of the sphere being the reflexion, through 
the plane of the paper, of the visible half. 


* mM " 4 - - . . . 
The reason for the adoption of these numbers to distinguish the cases will appear later, in 
’ 
§ 279 
S ald. 
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The angular summits of the tetrahedron are 7, the middle points of its 
edges are S, the centres of its faces are F: all 
projected on the surface of the sphere from 
the centre. If desired, the summits of the 
tetrahedron may be taken at F’: the centres 
of the faces are then 7. 


S) 


Kach of the angles at T is 4a: each of 
the angles at F is 17: each of the angles 
at S is da. 

The shaded triangles (only six of which 
are visible, being half of the aggregate) 
correspond to one half of the z-plane; and 
the unshaded triangles correspond to the s 
other half of the z-plane. Fig. 102. 


IV. We have XA, uw, v=4,1,1. The solid is the cube or the octahedron. 
These two solids can be placed so as to have the same planes of symmetry, 
by making the centres of the eight faces of the octahedron to be the summits 
of the cube. In the figure (fig. 103), the points O are the summits of the 
octahedron: the points C are the summits of the cube and the centres of 
the faces of the octahedron: and the points S are the middle points of the 


edges: all projected from the centre of the sphere. 

The shaded triangles (the visible twelve being one half of the aggregate) 
correspond to one half of the z-plane; the unshaded triangles correspond to 
the other half of the z-plane. 


Fig. 103. 


Each of the angles at O is 47: each of the angles at C is 4a: each of 
the angles at S is $7; and it may be noted that the triangles COC are the 
triangles in the tetrahedral division of the spherical surface, the point O 

42—-2 


“a 
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in the present triangle COC being the point S in a triangle STF, and the 
two points O being the points F and 7’ in the former figure (fig. 102). 


VI. 


The solid is the icosahedron or the dodecahedron. These two solids can 
be placed so as to have the same planes of symmetry, by making the centres 
of the twenty faces of the icosahedron the vertices of the dodecahedron. In 
the figure (fig. 104) the vertices of the icosahedron are the points J: those 
of the dodecahedron are the points D: and the middle points of the edges 
are the points S. The shaded triangles (the visible thirty, six in each lune 
through the vertex of the icosahedron, being one half of their aggregate) 
correspond to one half of the z-plane: the unshaded triangles, equal in 
number and similarly distributed, correspond to the other half of the 
z-plane. The angles at the vertices J of the icosahedron are 47; those 


5 


at the vertices D of the dodecahedron are 17; and those at the middle 


points S of the edges (the same for both solids) are $7. 


278. Having obtained the division of the surface, we now proceed to 
determine the functions, which establish the conformal representation. 


In all these cases, z is a rational function of w: 
know the zeros and the infinities of z as a function 


therefore when we 
of w, each in its proper 
degree, we have the function determined save as to a constant factor. This 
factor can be determined from the value of w when z= 
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The variable w belongs to the stereographic projection of the point of 
the spherical surface on the equatorial plane, the south pole being the pole 
of projection. If X, Y, Z be the coordinates of the point on the spherical 
surface, the radius being unity, then | 


For a point in longitude J and latitude $7— 68, we have X = cos sin 6, 
Y =sin/sin 6, Z=cos 6: so that, if preferable, another form for w is 


w =e" tan $6. 


In our preceding investigation, the angle at Aw was made to correspond 
with z=0, that at va with z=1, that at wr with z=. 


Case I. We take X=>, w=4, v= 4. 
: 2a dar : 
For the angular points wa we have 6=4$7; 1/=0, eae each point 


belonging to two triangles of the same set, that is, triangles represented on 
the same half of the plane: thus the various w-points in the plane are 
Qni 
en, 
for r=0, 1,..., n—1, each occurring twice. Hence z=, when the function 
n-1 2nt 
IGE") 
r=0 
vanishes, that is, z= 0, when (w”—1)? vanishes. 
: aw 3a On 
For the angular points v7, we have 6=4$7; l= tart ane BE each 
point belonging to two triangles of the same set: thus the various w-points 
in the plane are 
ri 
en (20 +1) 


for r=0, 1, ..., »—1, each occurring twice. Hence z=1, when the function 


vanishes, that is, z=1, when (w” +1)? vanishes. 


Now z is a uniform function of w: hence we can take 


where K is a constant, easily seen to be unity: because, when w = 0 (corre- 
sponding to the common vertex Az at the North pole) and when w = x (corre- 
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sponding to the common vertex Aw at the South pole), z vanishes, as required. 
The relation is often expressed in the equivalent form 


ei 2—1 2 = de (we ye 
which gives the conformation on the half z-plane of a w-triangle bounded by 


. Leon : : ; 
circular arcs, the angles being —, $7, $7. The simplest case is that in 
n 


which the triangle is a sector of a circle with an angle = at the centre. 


The preceding relation is a solution of the equation 


1 : 
If we choose X=4, w=, y= 80 that z=0 when (w” +1)? vanishes, 


z=0 when (w”—1) vanishes, and z=1 when w” vanishes, the relation 
establishing the conformal representation is 


2:2—-1:1=(w®+1): 40”: (we®—1). 


This relation is a solution of the equation 


1 i! 
fo es ae 
ee se 
‘ a 2 Cay ee 


Case IIT. We take X=; so that z=0 must give the points S, each of 
them twice, since there are two triangles of the same set at S: w=4 (and 
these are taken at 7’), so that z=o must give the points 7’, each of them 
thrice: and y=4 (and these are taken at F'), so that z=1 must give the 
points F, each of them thrice. 


Taking the plane of the paper as the meridian from which longitudes are 
measured, the coordinates of the four w-points in the plane, corresponding to 
pe St Oe RAL TON 
T’ by stereographic projection, are 


V2 v2 V2 V2 
>: - ad V as a v ~ = 
3 V3 V3 V3 

i Ne ie | ae 

1. eee eee 

V3 3 fa od es 


16 apy 1 > ait nl ake . . 
Say W,, Ws, W;, Wy. Then z= gives each of these points thrice: that is 
: s, 


— ; 3 : 
z=, when |(w—w,) ... (w—w,)}> vanishes, or z = 20 , when 


(wt — 2w* /3 — 1) 
vanishes. 
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The coordinates of the four points corresponding to F, are 


v2 _ v2 V2 2 
V3 Noes aE 
ops eis ieee apes 


V3 V3 V3 WB 
Hence z=1, when 
(wt + 2w? V3 —1)3 
vanishes. 


' ; a+) 
The coordinates of the six points corresponding to S are 0, ees (for 


r=0, 1, 2, 3) and 0: hence z=0, when 


w? (wi +1) 
vanishes. 


Moreover, z is a uniform function of w: and therefore 


_ (wt + 2w? /3 -— 1) 


ic 
7 (w— Qu*/3 — 1)” 


the constant multiplier on the right-hand side being determined as unity by 
the relation between the points S and the value z=0. 


The relation is often expressed in the equivalent form 
2:2-1:1=12 73 w?(wt4+1)?: (wt 2w?/3 — 1): — (wt -— 2w? 3 — 1). 


It gives the conformation on the z-half-plane of a triangle in the w-plane, 
bounded by circular ares, the angles of the triangle 
being 477, 40, $77. 

The simplest case is that of a portion cut out 
of a sector of a circle of central angle 30°, by the 
are and two lines at right angles to one another 


symmetrical with respect to the are. 

It has been assumed that the plane of the paper is the meridian. 
Another convenient meridian to take is one which passes through a point 
S on the equator: in that case, the preceding analysis applies if a rotation 
through an angle {7 be made. The effect of this rotation is to give the new 
variable W for any point in the form 


in 


W =we', 
so that w2=—7iW?. The relation then takes the form 


UD pol Lae 
=12V—3W?(W4-1):(W4+2WeV—-3 +1) :—-(Wt-2W?v—-3 +1); 


but there is no essential difference between the two relations. 
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The lines by which the w-plane is divided into triangles, each conformally 
represented on one or other half of the z-plane, are determined by z= %, 
that is, by 

(wt—2w?/3—-1) (wt — 2w,.?/3 — 1) 
wiw+lpe  —wer(witlP * 


The figure is the stereographic projection of the division of the sphere, and 
it can be obtained as in § 257 (Ex. 14, Ex. 17). 

Case IV. We take X=4, so that z=0 must give the eight points C; 
each is given three times, because at ( there are three triangles of the same 


set: we take y=}, so that z=1 must give the six points O, each four times: 
and 4 =%4, so that z= must give the twelve points S, each of them twice. 


We take the plane of the paper as the meridian. The points O are 0, 1, 
?, -1, —%, ©; each four times. Hence z=1, when the function 


fw (wt—1)} 


vanishes, 
, 414 ; 
The points C are the eight points +3 ay i, the product of the eight 
corresponding factors is 
w+ 14ui+1: 


and each occurs thrice, so that z=0, when the function 


(w+ 14w* +1) 


vanishes. 
The points S are (1) the four points ot in the plane of the paper, 
giving a corresponding product 
— 6w? +1: 


(ii) the four points in the meridian plane, perpendicular to the 


+4 
+/2-1 
plane of the paper, giving a corresponding product 
w+ 6w?+1: 
Te +1) 
eae ~ x ere 04 i sa . . . 
and (111) the four points e4 , (for r=0, 1, 2, 3), in the equator, giving a 
corresponding product 
w+. 


Kach of these points occurs twice: and therefore z =, when the function 
(wi + 1) (wt — 6w? + 1) (wi + 6w? + 1), 
that is, when the function 


(w? — 33u8 — 83wi + 1) 


vanishes. 
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Hence = Cees 
~ (w? — 8808 — 33w! + 1)?’ 


the constant multiplier being determined as unity, by taking account of the 
value unity for z: and 

108w* (wt — 1)! 
 (w? — 3308 — 33! +1)" 


l-z= 


The relation can be expressed in the equivalent form 
z2:2—-1:1l=(w'+4 1l4w'+ 1): 108wt (wt— 1)! : (w? — 3308 — 33wt + 1). 
It gives the conformation on half of the z-plane of a w-triangle bounded by 
circular arcs and having its angles equal to $7, 47, 47 respectively. 
The lines, by which the w-plane is divided into the triangles, are given 
by z=, that is, by 
(w+ 14ut+1)? (wet 1424 + Ty 


wt (wt — 1) Wy! (wot — 1) 


h, 


WD 
X 


| 


Fig. 106. 


The division is indicated in fig. 106, being the stereographic projection of 
the divided spherical surface of fig. 103, with respect to the south pole, 
taken to be diametrically opposite to the central point O. 


Case VI. We take X=1, so that z=0 must give the twenty points D, 


3) 5 
each of them thrice; v=1, so that z=1 must give the twelve points J, each 
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of them five times; and »=4, so that z= must give the thirty points S, 
each of them twice. 

Let an edge of the icosahedron subtend an angle @ at the centre of the 
sphere: then its length is 2rsin}6. Also, five edges are the sides of a 
pentagon inscribed in a small circle, distant @ from a summit: hence the 
radius of this circle is 7 sin @ and the length of the edge is 2r sin 6 sin 77, 
so that 

2 sin $6 = 2 sin @ sin tr, 
whence tand0=4(/5—-1), cot hO=4(V5 +1). 
Qazi 

Let a denote e!. Then the value of w corresponding to the north pole J 
is 0; the values of w for the projections on the equatorial plane of the five 
points I nearest the north pole are 


tand0, a?tand0, atand0, a®tan40, a®tan4é: 


the values of w for the projections on the equatorial plane of the five points J 
nearest the south pole are 


acot4@, acot46, a cot dO, a’ cot $0, a®cot 40: 
and for projection of the south pole the value of w is infinity. The product 


of the corresponding factors is 


{ 4 
w. IL (w—a@ tan $6). IL (w—a?"* cot $6). 1 
0 r=0 


t= 


= w (w* — tan® $0) (w® + cot’ $0) 
= w (w+ 1lw® — 1), 


after substitution. Each point J occurs five times; and therefore z= 1, when 
the function 

w (w+ Llw®—1)> 
vanishes, 


The points D lie by fives on four small circles with the diameter through 
the north pole and the south pole for axis. he polar distance of the small 
circle nearest the north pole is tan 6 =3—/5, and of the circle next to it is 
tan 6° = 3 +/5, so that 
NV Ls Gie oe 


tan $6 =- : V15 +6 V5 —1 
2 3—A5 ) a 


34+ /5 

ie ; : ahd : 

Che function corresponding to the projections of the five points nearest the 
north pole is 


tan 40’ = 


w+ tan’ 48, 
and to the projections of the five nearest the south pole is 


w’— cot? 46; 
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while, for the projections of the other two sets of five, the products are 
w+ tan’ $d’ 
and w’ — cot? $8’ 
respectively. Each occurs thrice. Hence z=0, when the function 
{(w* + tan? 46) (w® — cot? $6) (w® + tan’ $6’) (w® — cot? $8’), 


vanishes, that is, when (w” — 228w + 494w" + 228w>+1)*, which is the 
reduced form of the preceding product, vanishes. 


| 


q 


Jp 


Fig. 107. 

The points S lie by tens on the equator, by fives on four small circles 
having the polar axis for their axis. Proceeding in the same way with the 
products for their projections, it is found that z=, when the function 

{ew + 1 + 522w’ (w” — 1) — 10005 w" (w"? + 1)}? 


vanishes. 
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(w® — 228 w¥ + 4940" + 228 w’ + 1)° 


Hence fo {ay +14 522w' (w?® — 1) — 10005 w® (w+ 1)}? ; 


the constant factor being found to be unity, through the value of 1—z 


1728w’* (w” + Llw*—1)° 


which 1s L—2= (47 4 59D07 (w—1)— 10005 0 (w+ 1) 


These relations give the conformal representation on half of the z-plane of a 
w-triangle, bounded by circular arcs and having angles $7, 377, £77. 


The lines, by which the w-plane is divided into the triangles, are given 
by z=4,, that is, by 


(w® — 228 w + 494" + 228w> +1)? — (aw, — 2280, + 4940," + 228 w,' + 1)? 
w (w” + 1lw®—1) — wy (we + Llw,? — 1) : 


The division is indicated in figure 107, which is the stereographic projection * of 
the divided spherical surface of figure 104, with Z,, as the pole of projection. 


279. The preceding are all the cases, in which simultaneously 2 is a 
uniform function of w, and w is an algebraical function of z: they arise when 
the surface of the sphere has been completely covered once with the two sets 
of triangles corresponding to the upper half and the lower half of the z-plane. 


But an inspection of the figures at once shews that they are not the 
only cases to be considered, if the surface of the sphere may be covered 
more than once. 


In the configuration arising through the double-pyramid, the surface of 
the sphere will be covered completely and exactly m times, if the angles at 
the poles be 2mzr/n, where m is prime to n. The corresponding relation 
between w and z is obtained from the simpler form by changing n into n/m. 


In the tetrahedral configuration (fig. 102) the surface of the sphere will 
be exactly and completely covered twice by triangles FT (or by triangles 
TTF, it being evident that these give substantially the same division of the 
surface). The relation between w and z will then be of the same degree, 
12, as before in w, for the number of different triangles in the two w-sheets 
is still twelve of each kind: because there are two w-sheets corresponding 
to the single z-plane, that relation will be of the second degree in z. The 
values of the angles are determined by 


(IL) A, pw, v= %, §, $. 


* In regard to all the configurations thus obtained as stereographic projections of a spherical 
surface, divided by the planes of symmetry of a regular solid, Mébius’s “Theorie der sym- 
metrischen Figuren,” (Ges. Werke, t. ii, especially pp. 642—699) may be consulted with ad- 
vantage; and Klein-Fricke, Hiliptische Modulfunctionen, vol. i, pp. 102—106. 
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Again, in the octahedral configuration, the surface of the sphere will 
be exactly and completely covered twice by triangles OCO. The relation 
between w and z will be of degree 24 in w and degree 2 in z: and the values 
of the angles are determined by 


(¥2) nr, [ey &, Ce a” 


Similarly, a number of cases are obtainable from the icosahedral configu- 
ration, in the following forms: 


(VIL) A, uw, v=2, 4,4 with triangles such as J,D,D,; 
NOLL ON le Pe he hase sutey ah. Woecsonwe suvensts IDET E: 
A Ui ee ie aes Soe ota, tates ve « Sulaie 
OAS SNe edie re A cae eh nne ree errs Sel ate y 8 Das 
(OSG hie i Ting ae ae ren re ere Rr roe ee VERE S 

a WSU TRS Doe EE Oo anne eC Rp Ee rec ee ed Oey Mes 
CRATE GAS es Um eg obs ince et te toes ates eens lalier 
CAD NEES Lee A eka eo wensGirs Sane ie wu osnere a: Voted We 
CNA fh, ne iw ac vata shen cs nantes anmesanes Wels 


Other cases appear to arise: but they can be included in the foregoing, 
by taking that supplemental triangle which has the smallest area. Thus, 
apparently, 1,D,l,) would be a suitable triangle, with XA, w, v= 2, 2, 4: it is 
replaced by J,.DJ,,, an example of case (X.) above. 

These, with the preceding cases numbered* (1.), (II.), (IV.), (VL), form 
the complete set of distinct ways of appropriate division of the surface 
of the sphere. 

It is not proposed to consider these cases here: full discussion will be 
found in the references already given. The nature, however, of the relation, 
which is always of the form 


f@=F(w), 


where f and F are rational functions, may be obtained for any particular 
case without difficulty. Thus, for (III.), we have 


when 
zg:1l—-2:1=—-12/38w?(wt+1): (w+ 2w?V/3 — 1) : (wt — 2w? /3 — 1). 
Again, if 
zg:l-z:1=(Z44+1):-—427:(Z-1),, 


* These numbers are the numbers originally assigned by Schwarz, Ges. Werke, t. ii, p. 246, 
and used by Cayley, Camb. Phil. Trans., vol. xiii, pp. 14, 15. 
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a special case of § 278, I., by taking n =1, then 


es 
eg 


[4 23 = 


dz 2 


Hence {w, Z| = (a) [{w, z} — {Z, 2h] 


j6@aIi ia es te) 
(Zea es z(z—1) 


[eat Tess Weng ere tena! 
Pe) Ui| i See ees i a 9. le 2 
-1 |" CEST eC A | 
so that X=4, v=3, w=1. Hence the relation 


(Z44+1):-47:(Z-1) 
=— 124/38 w? (wt +-1)?: (wt t+ 2w? 3 — 1): (wt— 2? /3 — 1) 


gives the conformation of triangles bounded by circular ares and having 
angles La, 37, $7. 

The foregoing are the only cases, for \++v> 1, in which the integral 
relation between w and z is rational both in w and in z. 


In all other cases in which X, p, v are commensurable, this integral 
relation is rational in z and transcendental in w. 


It is to be noticed, in anticipation of Chapter XXII., that, smce every 
triangle in any of the divisions of the spherical surface, or of the plane, 
can be transformed into another triangle, the functions which occur in 
these integral relations are functions characterised by a group of substi- 
tutions. When the functions are rational, the groups are finite, and 
the functions are then the polyhedral functions: when the functions are 
transcendental, the groups are infinite and the functions are then of the 
general automorphic type. 


The case in which X + w+ v= 1 has already been considered: the spherical 
representation is no longer effective, for the radius of the sphere becomes 
infinite and the triangle is a plane rectilinear triangle. The equation may 
still be used in the form 

ae eee 
iw, a} = OT (2), 
with the condition X+y+v=1. A special solution of the equation is then 
given by 
dw 
ey at! yi 
—=2:7 (1-2 
nF Rt) 
leading to the result of § 268, the homologue of the angular point ya being 
at z=o. 


280. It is often possible by the preceding methods to obtain a relation 
between complex variables that will represent a given curve in one plane on 
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an assigned curve in the other: there is no indication of the character of the 
relation for an arbitrary curve or a family of curves. But in one case, at any 
rate, it 1s possible to give an indication of the limitations on the functional 
form of the relation. 


Let there be a family of plane algebraical curves, determined as potential 
curves by a variable parameter*: and let their equation be 


E(x, ¥, a4) =0, 
where w is the variable parameter, which, when it is expressed in terms of « 
and y by means of the equation, satisfies the potential-equation 

Ou » ou 

da? t oy? 
Since uv is a potential, it is the real part of a function w of #+7y: and the 
lines u= constant are parallel straight lines in the w-plane. It therefore 
appears that the functional relation between w and z must represent the 
w-plane conformally on the z-plane, so that the series of parallel lines in the 
one plane is represented by a family of algebraical curves in the other: let 
the relation, which effects this transformation, be 


0. 


x (2, w) = 90. 


Let the algebraical curve, which corresponds to some particular value of w, 


say u=0, be 
F(a, y, 0)=f(#, y)=9, 


which in general is not a straight line. Let a new complex £ be determined 
by the equation 
z—) 
af (s = Eas ) ==(0)2 
a 

this equation is algebraical, and therefore € can be regarded as a function of 
w, say W(w), between which and z, regarded as a function of w, say ¢ (w), 
there is an algebraical equation. 


Now when w= 0, z describes the curve 


J (2, y)=0: 


hence at least one branch of the function ¢, defined by 


gs 
ie (é -—*) = 0, 

* Such curves are often called isothermal, after Lamé. The discussion of the possible 
functional relations, that lead to algebraical isothermal curves, is due to Schwarz, Ges. Werke, 
t. ii, pp. 260—268: see also Hans Meyer, ‘‘ Ueber die von geraden Linien und von Kegelschnitten 
gebildeten Schaaren von Isothermen; so wie tiber einige von speciellen Curven dritter Ordnung 
gebildete Schaaren von Isothermen,” (a Gottingen dissertation, Ziirich, Ztircher and Furrer, 
1879); Cayley, Quart. Journ. Math., vol. xxv, pp. 208—214; and the memoir by Von der MihHl, 
cited p. 593. 
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can be taken as equal to a when w=0, that is, there is one branch of the 
function € which is purely real when w is purely vmaginary. 


The curves in the z-plane are algebraical: when this plane is conformally 
represented on the ¢-plane by the foregoing branch, which is an algebraical 
function of z, the new curves in the &plane are algebraical curves, also 
determined as potential curves by the variable parameter u. And the ¢-curve 
corresponding to w= 0 is (the whole or a part of) the axis of real quantities. 
In order that the conformal representation may be effected by the functions, 
they must allow of continuous variation: hence lines on opposite sides of 
u=0 correspond to lines on opposite sides of the axis of real quantities. The 
functional relation between €= &+% and w=u-+w is therefore such that 


E+ in =p (w+ iv), 
E-in=w(—Uuti). 
The equation of the -curves, which are obtained from varying values of 

u, is algebraical: and therefore, when we substitute in it for & and 7 their 
values in terms of w(w+2v) and w(—u+w), we obtain an algebraical 
equation between >(u+ iw) and w(—u-+vi), the coefficients of which are 
functions of wu though not necessarily rational functions of uw. Let 
@=—2u; and let >, w, denote W(w), w(w+ 2) respectively; then the 
equation can be represented in the form 


g(r, Ws; 0) — 0, 
rational in yy, and y;, but not necessarily rational in 6. 


Because the functions allow continuous variation, we can expand yw, in 
powers of 6: hence 
g (vw. Wo + 9 ie 4 3 eee 
When this equation, which is satisfied for all values of w and of 6, where 
w and @ are independent of one another, is arranged in powers of 6, the 
coefficients of the various powers of @ must vanish separately. The coefficient 
independent of @, when equated to zero, can only lead to an identity, for it 
will obviously involve only y,: any non-evanescent equation would determine 
vy, as a constant. Similarly, the coefficient of every power of 6, which 
involves none of the derivatives of yy, must vanish identically. The co- 
efficient of the lowest power of @, which does not vanish identically, involves 


dvr, d 
vr, ae and constants: but, because the equation g (wr, Ww, @)=0 


rational in y,, the second and higher derivatives of yo, associated with the 
second and higher powers of @ in the expansion of y,, cannot enter into the 
coefficient of this power of 6. Hence we have 


h (ys, ie = 0, 


dw 
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an algebraical equation between yy, and ae the coefficients of which are 
constants. 
dw’ 


powers in succession. Instead of using the equations, obtained by making 
these coefficients vanish, to deduce an algebraical equation between 


The coefficient of the next power of 6 will involve , and so on for the 


and any one of its derivatives, we use h=0. Thus for ae the equation 
Ww 
would be obtained by eliminating yy,’ between the (algebraical) equations 


oh oh 
h in 2 ee nies “ es We F 
(Yo W=0, ap Wt gyn =O: 


and so for others. 


Returning now to the equation 


9 (rs, Ws, 8) = 9, 

in which, as it is rational in y, and w,, only a limited number of co- 
efficients, say &, are functions of 6, we can remove these coefficients as 
follows. Let & —1 differentiations with regard to w be effected: the resulting 
equations, with g=0, are sufficient to determine these & coefficients ration- 
ally in terms of Ww, Ww; and their derivatives. But the coefficients are 
functions of @ only and do not depend upon w: hence the values obtained for 
them must be the same whatever value be assigned to w. Let, then, a zero 
value be assigned: y, and its derivatives become constants; Ww; becomes 
wW(@), say Wr, and all its derivatives become derivatives of Ww; so that the 
coefficients can be rationally expressed in terms of yy, and its derivatives, 
When these values are substituted in g = 0, it takes the form 


Ii Was Vos Wis Wis Wis) = 9, 
rational in each of the quantities involved. But between yw, and each 
of its derivatives there subsists an algebraical equation with constant co- 
efficients: by means of these equations, all the derivatives of y, can be 
eliminated from g,=0, and the final form is then an algebraical equation 


G (Yr, Ya, Wi) = 9, 


involving only constant coefficients. But 


W=V%), wh="w), w= (wt 0) ; 


and therefore the function wy (w) possesses an algebraical addition-theorem. 


Now W (w) and ¢ (w) are connected by the algebraical equation 
i(y. BS *) (Ds 
a 


therefore (w) possesses an algebraical addition-theorem. But, by § 151, 
FE, 43 
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when a function $(w) possesses an algebraical addition-theorem, it is an 
algebraical function either of w, or of e%”, or of an elliptic function of w, the 
various constants that arise being properly chosen: and hence the only 
equation 

x (2, w) =0, 


which can give families of algebraical curves in the 2-plane as the conformal 
equivalent of the parallel lines, u = constant, in the w-plane, are such that z 
is connected by an algebraical equation either with w, or with a simply-periodic 
function of w, or with a doubly-periodic function of w. 


There are three sets of fundamental systems, as Schwarz calls them, of 
algebraical curves determined as potential curves by a variable parameter: 
they are curves such that all the others can be derived from them solely by 
algebraical functions. 


The first set is fundamental for the case when z is an algebraical function 
of w: it is given by 
uw = constant, 
being a series of parallel straight lines. 


The second set is fundamental for the case when z is an algebraical 
function of e”; if W denote e*”, then z is an algebraical function of W, and 
all the associated curves in the z-plane are conformal representations of the 
algebraical curves in the W-plane. If «=a+ Bi, where a and 8 are real, 
then 


(28 +B) u= fa log (X?+ V2) +B tan 5, 


a relation which can lead to algebraical curves in the W-plane only if @ or 
B be zero. If « be zero, then mw is a pure imaginary, and the W-curves are 
straight lines, concurrent in the origin: if 8 be zero, then wp is real, and the 
W-curves are circles with the origin for a common centre. Hence the set 
of fundamental systems for the case, when z is an algebraical function of e#”, 
consists of an infinite series of concurrent straight lines and an infinite series 
of concentric circles, having for their common centre the point of concurrence 
of the straight lines. 


The third set is fundamental for the case when z is an algebraical function 
of a doubly-periodic function, say, of sn pv. 


Ex, Prove that either the modulus & is real or an algebraical transformation of 
argument to another elliptic function having a real modulus is possible: and shew that the 
set of fundamental curves are quartics, which are the stereographic projection of confocal 
sphero-conics. (Schwarz, Siebeck, Cayley.) 


We thus infer that all families of algebraical curves, determined as 
potential curves by a variable parameter, are conformal representations of 
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one or other of these sets of fundamental systems, by equations which are 
algebraical. 


But though it is thus proved that the relation between z and w must 
express z as an algebraical function, either of w, or of e#”, or of sn ww, in 
order that a family of algebraical curves may be the conformal representation 
in the z-plane of the lines w=constant in the w-plane, the same limitation 
does not apply, if we take a single algebraical curve in the z-plane as the 
conformal representation of a single line in the w-plane. 


Let w= = ue then the lines in the W-plane, which correspond to the 


parallel lines, u=constant, in the w-plane, are the system of circles 


uw . w on 1 
(W + ut ll eal  (utl1y 


Now consider a relation 


2K 7 = sn—( Wk), 
T 


where Z is as yet some unspecified function of z: then 
k+W=sn (= 2) 
1 
2K 
Hence z WW,=sn es Z) sn (= Z,) : 
y vin 7 


so that, if W describe the circle corresponding to «=0, we have 


\ IK 
t= sn (2) m (* 2), 
7 


4 if 
in K’ 
whence Z-L= ak 


If Z=sin—z, and therefore Z,= sin! %, then 


| i K’ ae ee 
Qe =2+%=2sin} (Zt 4%) cosa =(C*+ 4!) sin} (Z+4,), 


4K 
MUTE tee Pe a es - 
Wy =2—2,= 2cos$ (4+ 4Z,) sin a =1(g7* — gt) cos } (Z+ Z), 


2 


y ao 
1 i 1\o = =a aap I ee 4, 

(Gan) 0a ge) 

an ellipse, agreeing with the result in § 257, Ex. 6. This is obtained from 

the relation 


so that 
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which is not included in the general forms of relation obtained in the 
preceding investigation. 


But the equation 


1 216 u 7 2K ig Shee a : 
2 sn iS z) eas i} le sn ( = Z,) ae it ~ (w+1p 


does not lead to an algebraical relation between # and y for a general (non- 
zero) value of wu. Neither the conditions of the proposition nor its limita- 
tions apply to this case. 


The problem of determining the kinds of functional relation which will 
represent a single algebraical curve in the z-plane upon a single line of the 
w-plane is wider than that which has just been discussed: it is, as yet, 
unsolved. 


Oye AUER Dae OE: 
GROUPS OF LINEAR SUBSTITUTIONS. 


281. THE properties of the linear substitution 


_az+b 

eed 

considered in Chap. XIX. as bearing upon the conformal representation of two 
planes, were discussed solely in connection with the geometrical relations of 
the conformation: but the applications of these properties have a significance, 
which is wider than their geometrical aspect. 


WwW 


The essential characteristic of singly-periodic functions and of doubly- 
periodic functions, each with additive periodicity, is the reproduction of the 
function when its argument is modified by the addition of a constant quantity. 
This modification of argument, uniform and uniquely reversible, is only a 
special case of a more general modification which is uniform and uniquely 
reversible, viz., of the foregoing linear substitution. This substitution may 
therefore be regarded as the most general expression of linear periodicity, 
in a wider sense: and all functions, characterised by the property in the 
general form or in special forms, may be called automorphic. 

Our immediate purpose is the consideration of all the points in the 
plane, which can be derived from a given point z and from one another by 
making z subject to a set of linear substitutions. The set may be either 
finite or infinite in number; it is supposed to contain every substitution 
which can be formed by combining two or more substitutions. Such a set 
is called a group. 


The substitution is often denoted by S (z), or by 


(< nay 
” op dag) 


it is said to be in its normal form, when the real part of a (if a be a complex 
constant) is positive and ad — be = 1. 


The ideas of the theory of groups of substitutions are necessary for a proper considera- 
tion of the properties of automorphic functions. What is contained in the present chapter 
is merely sufficient for this requirement, being strictly limited to such details as arise in 
connection with these special functions. Information on the fuller development of the 
theory of groups, which owes its origin as a distinct branch of mathematics to Galois, 
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will be found in appropriate treatises such as those of Serret*, Jordan t, Nettot, Klein§, 
and Burnside||; and in memoirs by Klein**, Poincarétt, Dyckt{, and Bolza§§. The 
account of the properties of groups contained in the present chapter is based upon the 
works of Klein and Poincaré just quoted. 


A substitution can be repeated; a convenient symbol for representing 
the substitution, that arises from n repetitions of S, is S". Hence the various 
integral powers of S, considered in § 258, are substitutions, indicated by the 
symbols S’, S?, S4,.... 


But we have negative powers of S also. The definition of S°(z) is 
given by 
SS? (z) = S(z), 
so that S°(z)=z and it is often called the ¢dentical substitution: the 
definition of S(z) is given by 


SS*).=S @) =; 


: ; 25 Hi. k : ; az+b 

so that S~?(z) is a substitution the inverse of S; in fact, if w=S(z)= rare: 
= —dw+b 2 rd ; 

then z=S US ee And then, from Sz, by repetition we obtain 


Siage Sd Oia yy 


If some of all the substitutions to which a variable z is subject be 
not included in S and its integral powers, then we have a new substitution 
7 and its integral powers, positive and negative. The variable is then 
subject to combinations of these substitutions: and, as two general linear 
substitutions are not interchangeable, that is, we do not have 7'(Sz) = S(7Tz) 
in general, therefore among the substitutions to which z is subject there 
must occur all those of the form 


LE SY dee 
where a, 8, y, 5,... are positive or negative integers. 


If, again, there be other substitutions affecting z, that are not included 
among the foregoing set, let such an one be U: then there are also powers 
of U and combinations of S, 7, U (with integral indices) operating in any 
order: and so on. The substitutions S, 7’, U, ... are called fundamental : 
the sum of the moduli of a, 8, y, 6,... of any substitution, compounded from 


* Cours @Algebre Supérieure, t. ii, Sect. iv, (Paris, Gauthier-Villars), 
Traité des substitutions, (ib., 1870). 
Substitutionentheorie und ihre Anwendung auf die Algebra, (Leipzig, Teubner, 1882). 
Vorlesungen tiber das Ikosaeder, (ib., 1884). 
Theory of groups of finite order, (Cambridge, University Press, 1897). 
Math, Ann., t. xxi, (1883), pp. 141—218, where references to earlier memoirs by Klein are 
given. 
tt Acta Math., t. i, (1882), pp. 1—62, pp. 193—294; ib., t. iii, (1883), pp. 49—92. 
t_ Math. Ann., t. xx, (1882), pp. 1—44; ib., t. xxii, (1883), pp. 70—108. 
§§ Amer, Journ. of Math., vol. xiii, (1890), pp. 59—144. 


Se t+ + 
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the fundamental substitutions, is called the indew of that substitution; and 
the aggregate of all the substitutions, fundamental and composite, is the 
group. - 

There may however be relations among the substitutions of the group, 
depending on the fundamental substitutions; they are, ultimately, relations 
among the fundamental substitutions, though they are not necessarily the 
simplest forms of those relations. Hence, as we may have a relation of 
the form 

Seva oan Ur ae) = 2, 
the index of a composite substitution is not a determinate quantity, being 
subject to additions or subtractions of integral multiples of quantities of the 
form (a)+(b)+(c)+..., there being one such quantity for every relation : 
we shall assume the index to be the smallest positive integer thus obtainable. 

282. There are certain classifications which may initially be associated 


with such groups, in view of the fact that the arguments are the arguments 
of uniform automorphic functions satisfying the equation 


J (Sz) =f (): 
in this connection, the existence of such functions will be assumed until their 
explicit expressions have been obtained. 


Thus a group may contain only a finite number of substitutions, that is, 
the fundamental substitutions may lead, by repetitions and combinations, only 
to a finite number of substitutions. Hence the fundamental substitutions, 
and all their combinations, are periodic in the sense of § 260, that is, they 
reproduce the variables after a finite number of repetitions. 


Or a group may contain an infinite number of substitutions: these may 
arise either from a finite number of fundamental substitutions, or from an 
infinite number. The latter class of infinite groups will not be considered 
in the present connection, for a reason that will be apparent (p. 694, note) 
when we come to the graphical representations. It will therefore be 
assumed that the infinite groups, which occur, arise through a finite 
number of fundamental substitutions. 


A group may be such as to have an infinitesimal substitution, that. is, 

Oe ea a eprint: 

, which gives a point infinitesimally near 
cz+d 

to z for every value of z. It is evident there will then be other infinitesimal 

substitutions in the group; such a group is said to be continuous. If there 

be no infinitesimal substitution, then the group is said to be discontinuous, 


i een 
there may be a substitution 


or discrete. 

But among discontinuous groups a division must be made. The definition 
of group-discontinuity implies that there is no substitution, which gives an 
infinitesimal displacement for every value of z: but there may be a number 


680 DISCONTINUOUS GROUPS [282. 


of special points in the plane for regions in the immediate vicinity of which 
there are infinitesimal displacements. Such groups are called improperly 
discontinuous in the vicinity of such points: all other groups are called 
properly discontinuous. For instance, with the group of real substitutions 


az+ PB 

yzt+ 8’ 
where a, 8, y, 6, are integers such that a5 — By =1, it is easy to see that, when 
z, and z, are real, we can make the numerical magnitude of 


aa+8_ a+ 
yYa+6 ye,+6 


as small a non-evanescent quantity as we please by proper choice of 4, 8, y, 6: 
thus the group is improperly discontinuous, because for real values of the 
variable it admits infinitesimal transformations. But such infinitesimal 
transformations are not possible, when z does not lie on the axis of real 
quantities, that is, when z is complex: so that, for all complex values of 
z, the group is properly discontinuous. 

The various points, derived from a single point by linear substitutions, 
will, in subsequent investigations, be found to be arguments of a uniform 
function. Continuous groups would give a succession of points infinitely 
close together; that is, for these points, either f(z) would be unaltered in 
value for a line or a small area of points and therefore constant everywhere, 
or else the point would be an essential singularity, as in § 37. We shall 
therefore consider only discontinuous groups. 


A group containing only a finite number of substitutions is easily seen to 
be discontinuous: hence the groups which are to be considered in the present 
connection are the discontinuous groups which arise from a finite number of 
fundamental substitutions*. 

The constants of all linear substitutions of the form ute are sup- 

Cz 
posed subject to the relation ad—be=1. This condition holds for all 
combinations, if it hold for the components of the combination. For let 


g_%@tB m__ae+b, 


St ee 

then ST= (aa + Bc) 2 + ab + Bd = Az +B 
(ya+éc)z+yb+6d Cz+D’ 

whence AD— BC =(aéd— By) (ad — bc) = 1. 


* These discontinuous, or diserete, groups will be considered from the point of view of auto- 
morphic functions. But the theory of such groups, which has many and wide applications quite 
outside the range of the subject of this treatise, can be applied to other parts of our subject. 
Thus it has been connected with the discussion of Riemann’s surfaces by Dyck, Math. Ann., 
t. xvii, (1880), pp. 473—509, and by Hurwitz (l.c., p. 438, note). 
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It is easy to see that S7’(= U) and 7'S(=V) are of the same class, that 
is, they are elliptic, parabolic, hyperbolic or loxodromic together: but there is 
no limitation on the class arising from the character of the component sub- 
stitutions, 


Moreover, if U= V, so that S and 7’ are interchangeable, then 


that is, S and 7’ have the same fixed points. They can be applied in any 
order; and, for any given number of occurrences of S and a given number of 
occurrences of 7’, the composite substitution will give the same point. Thus 
if S=z+o, then T=z+o’; if S=kz, then T=k’z. The class of func- 
tions, which have their argument subject to interchangeable substitutions 
of the former category, have already been considered: they are the periodic 
functions with additive periodicity. The group is S”"7'™, (=z+ mw+m’o’), 
for all integral values of m and of m’. 


The latter class of functions have what may be called a factorial 
periodicity, that is, they resume thew value when the argument is mul- 
tiplied by a constant*. 


283. Some examples have already been given of groups containing a 
finite number of substitutions+, in the case of certain periodic elliptic 
substitutions. The effect of such substitutions is (p. 608) to change a 
crescent-shaped part of the plane having its angles at the (conjugate) fixed 
points of the substitution into consecutive crescent-shaped parts: and so to 
cover the whole plane in the passage of a substitution through the elements 
constituting its period. They form the simplest discontinuous group—in 
that they have only one fundamental substitution and only a finite number 
of derived substitutions. 


The groups which are next in point of simplicity are those with only 
two substitutions that are fundamental and only a finite number that 
are composite. Both of the fundamental substitutions must be periodic, 
and therefore elliptic, by § 260. Taking one of these groups as an example, 


* Functions having this property are discussed by Pincherle, “ Sulle funzioni monodrome 
aventi un’ equazione caratteristica,” Rend. Ist. Lomb., Ser. 2, t. xii, (1879), pp. 536—542. 
See also Rausenberger’s Theorie der periodischen Functionen, (Leipzig, Teubner, 1884): in par- 
ticular, Section VI. 

+ The complete theory of finite groups of linear substitutions is discussed, partly in its 
geometrical relation with polyhedral functions, by Klein, Math. Ann., t. ix, (1876), pp. 183—188, 
and, in its algebraical aspect, by Gordan, Math, Ann., t. xii, (1877), pp. 23-46. A reference to 
these memoirs will shew that the previous chapter contains all the essentially distinct finite 
groups of linear substitutions, 
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one of its fundamental substitutions has +1 as its fixed points and it is 
periodic of the second order: it is evidently 


The other has and « as its fixed points, and it is periodic of the second 


order: it is evidently 
w=Te=1 —z. 


Evidently S’z =z, T°z =z, (S=S87, T=T™~), so that we have already all the 
powers of the fundamental substitutions taken separately. 


é 1 
But it is necessary to combine them. We have Uz=STz= poz? 2 new 


substitution : and then 


Gig en U7 —s, 
Zz 
so that U is periodic of the third order. Again 
- —l 
Vines ow ; 
z 


which is not a new substitution, for Vz = Uz: and it is easy to see that there 
is only one other substitution, which may be taken to be either 7Uz or SVz: 
ib gives 
Ue=SVe= ——, 
z—l 
again periodic of the second order. 
Hence the group consists of the six substitutions for z given by 


1 z—| Z 


Zz, —, l-—z, —— ~ 
me me far od z ee en lie 


taking account of the identical substitution. 
These finite discontinuous groups are of importance in the theory of 
polyhedral functions: to some of their properties we shall return later. 
Next, and as the last special illustration for the present, we form a 
discontinuous group with two fundamental substitutions but containing an 


infinite number of composite* substitutions. As one of the two that are 
fundamental, we take 


Rl 


w= Tz=>-— 


? 


which is elliptic and periodic of the second order. As the other, we take 
w=Sz=z+1, 
which is parabolic and not periodic. All the substitutions are real. 


* One such group has already occurred: its fundamental (parabolic) substitutions were 


w=Sz=2+, w=Te=2+'. 
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Evidently 7°z=z, so that T=T~: and S"™z=z+m, where m is any 
integer. Then all the composite substitutions are either of the form 
 SPTS"TS"z or of the form ...S?7S"TS"Tz, both of these being included 
hes a where a, b, ¢, d are intege h th = 

erik UG: gers, such that ad — be = 1. 


where a, b, c, d are integers 


Ex. Prove the converse—that the substitution ul 
cze+d’ 
such that ad-bc=1, is compounded of the substitutions S and 7. 

This group, again, is of the utmost importance: it arises in the theory of 
the elliptic modular-functions. As with the polyhedral groups, the general 
discussion of the properties will be deferred: but it is advantageous to 
discuss one of its properties now, because it forms a convenient introduction 
to, and illustration of, the corresponding part of the theory of groups of 
general substitutions. 


284. In the discussion of the functions with additive periodicity, it was 
found convenient to divide the plane into an infinite number of regions such 
that a region was changed into some other region when to every point of the 
former was applied a transformation of the form z+mw+m’o’, that is, a 
substitution : and the regions were so chosen that no two homologous points, 
that is, points connected by a substitution, were within one region, and each 
region contained one point homologous with an assigned point in any region 
of reference. 

Similarly, in the case when the variable is subject to the substitutions of 
an infinite group, it is convenient to divide the plane into an infinite number 
of regions; each region is to be associated with a substitution which, apphed 
to the points of a region of reference, gives all the points of the region, and 
each region is to contain one and only one point derived from a given point 
by the substitutions of the group. It is a condition that the complete plane 
is to be covered once and only once by the aggregate of the regions. 


When the discontinuous group has only the two fundamental substitutions, 
Sz=z2+1 and Tz=—- - the division of the plane is easy: the difficulty of 


determining an initial region of reference is slight, relatively to that which 
has to be overcome in more general groups*. 

The ordinates of z and w (=z) are positive together or negative together ; 
and similarly for the ordinates of z and w(= Tz): so that it will suffice to 
divide the half-plane on the positive side of the axis of real quantities. 

For the repetitions of the substitution S, it is evidently sufficient to divide 
the plane into a series of strips, bounded by straight lines parallel to the axis 
of y at unit distance apart. 


* In addition to the references already given, a memoir by Hurwitz, Math. Ann., t. xviii, 
(1881), pp. 531—544, may be consulted for this group. 


684 DIVISION OF PLANE BY [284. 


’ 


For the application of the substitution 7, we have to invert with regard 
to a circle of radius 1 and centre the origin, and to take the reflexion of the 
inversion in the axis of y. 


In these circumstances, we can choose as an initial region of reference, the 
space bounded by the conditions 


1 1 oe 
J 322-5) e+y>l. 
It is sufficient to prove that any point in this region when subjected to a 
az+b 


substitution of the group, necessarily of the form where a, b, c, d are 


ce+d’ 
integers such that ad—bc=1, is transformed to some point without the 
region, and that the aggregate of the regions covers the half-plane. 


If c be 0, then a=1=d and the transformation is only some power of S, 
which transforms the point out of the region. 


If c be +1, then, since ad — be = 1, we have 


Ww-a= : 
etd’ 
a and d being integers. For any point z within the region, |z+d|, which is 
the distance of the point from some point 0, +1, + 2,... on the axis of a, is 
>1: hence 

jw—a|<1, 
that is, the distance of w from some point 0, +1, + 2,... on the axis is <1, 
and therefore the transformed point is without the region. 


Sunilarly, if ¢ be — 1. 


If \c| be > 1, then ees a : 
c C d 
Lae 
Cc 
Sacre ; | 3 
As z 1s within the region, | z+ A > ue : and therefore 
/3 free Aa Al 
2 | Glee ae 
I 
so that aw — cA <+,/3. 
| C lee 2/3 ) ie 


Hence the distance of w from some point of the axis is <44/3, that is, the 
transformed point is without the region. 

The exceptions are points on the boundary of the region. The boundary 
“=—¥% is transformed by S to e=+4: the boundary 2?+7?=1 is trans- 
formed by 7 into itself: but all other points are transformed into others 
without the region. 
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We now apply the substitutions S and 7’ to this region and to the 
resulting regions. Each substitution is uniform and is reversible: so that 
to a given point in the initial region there is one, and only one, point in each 
other region. 


The accompanying diagram (Fig. 108) gives part of the division of the 
plane into regions, the substitutions associated with each region being 
placed in the region in the figure; it is easy to see that the aggregate of 
regions completely covers the half-plane. All the linear boundaries of S”, 
for different integral values of n, are changed by the substitution 7’ into 
circles having their centres on the axis of # and touching at A: thus the 
boundary between S and S? is transformed into the boundary between 
TS and TS*. All the lines which bound the regions are circles having 
their centres on the axis of w or are straight lines perpendicular to that 
axis; and the configuration of each strip is the same throughout the 
diagram. 


Fig. 108. 
It will be noticed that in one region there are two symbols, viz., S77'S 
and 7'S7': the region can be constructed either by S~ applied to 7'S~ or by 
T applied to ST. It therefore follows that 


TST=S> TS. 
Hence S.7TST .S=S.S°7TS2.S=T. 
or, since 7?=1, we have STSTST =1= T7STSTS, 


a relation among the fundamental substitutions. Thus the symbol of any 
region 18 not unique: and, as a matter of fact, if we pass clockwise in a small 
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circuit round O from the initial region, we find the regions to be 1, 7, 7'S, TST, 
TSTS, TSTST, TSTSTS, the seventh being the same as the first and giving 


the above relation. 


By means of this relation it will be found possible to identify the non- 
unique significations of the various regions. At each point there are six 
regions thus circulating always, either in the form OS, @OS7', OSTS,... or in 
the form @7, O7S, OTST, ..... And by successive transformations, the space 
towards the axis of w is distributed into regions. 


The decision of the region to which a boundary should be assigned will 
be made later in the general investigation; it will prove a convenient step 
towards the grouping of edges of a region in conjugate pairs. 


Note. It may be proved in the same way that, for any discontinuous 
group of substitutions, the plane of the variable can be divided into regions 
of a similar character. As will subsequently appear, there is considerable 
freedom of choice of an initial region of reference, which may be called a 
fundamental region. 


285. We now pass to the consideration of the more general discontinuous 
groups, based on the composition of a finite number of fundamental substitu- 
tions. By means of these groups and in connection with them, the plane of 
the variable can be divided into regions, one corresponding to each substitu- 
tion of the group. The regions are said to be congruent to one another: 
the infinite series of points, one in each of the congruent regions, which arise 
from z when all the substitutions of the group are applied to z, are said to 
be corresponding or homologous points: and the point in R, of the series is 
the wreducible point of the series. As remarked before, the correspondence 
between two regions is uniform: interiors transform to interiors, boundaries 
to boundaries. 


Two regions are said* to be contiguous, when a part of their boundaries is 
common to both. Each region, lying entirely in the finite part of the plane, 
is closed: the boundary is made up of a succession of lines which may for 
convenience be called edges, and the meeting-point of two edges may for con- 


venience be called a corner. 


Such a group, when all the substitutions are real, is called+ Fuchsian, 
by Poincaré; the preceding example will furnish a simple illustration, useful 
for occasional reference. All the substitutions are of the form 


sz + by 
Cee + Ay’ 
* Poincaré uses the term limitrophes. 


t+ Math, Ann., t. xix, p. 554, t. xx, pp. 52, 53: Acta Math., t. i, p. 62. The same term is 
applied to a less limited class of groups; see p. 702, note. 
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which form will be denoted by f,(z). We shall suppose that an infinite 
group of real substitutions is given, and that it is known independently to 
be a discontinuous group: we proceed to consider the characteristic properties 
of the associated division of the plane, which is to be covered once and only 
once by the aggregate of the regions. The fundamental region is denoted 
by Ry: the region, which results when the substitution f,,(z) is applied 
to the points of R,, will be denoted by Ry». rae 

So long as we deal with real substitutions, it is sufficient to divide the 
half-plane above the axis of # into regions: and this axis may be looked upon 
as a boundary of the plane. Since the group is infinite, the division into 
regions must extend in all directions in the plane to its finite or infinite 
boundaries: for we should otherwise have infinitesimal transformations. Thus 
the edge of a region is either the edge of a contiguous region, and then it is 
said to be of the first kind ; or it is a part of the boundary of the plane, that 
is, in the present case it is a part of the axis of #: and then it is said to be of 
the second kind. Since all real substitutions transform a point above the axis 
of w into another point above the axis of a, it follows that all edges congruent 
with an edge of the first kind (an edge lying off the axis of x) themselves 
he off the axis of w, that is, are of the first kind: and similarly all edges con- 
gruent with an edge of the second kind are themselves of the second kind. 


The corners, being the extremities of the edges, are of three categories. 
If a corner be an extremity of two edges of the first kind and not on the 
axis of #, then it is of the fist category: and the infinite series of corners 
homologous with it are of the first category. If it be common to two 
edges of the first kind and lie on the axis of z, then it is of the second 
category: and the infinite series of corners homologous with it are of the 
second category. If it be common to two edges, one of the first and one of 
the second kind, it is of the third category; of course it lies on the axis 
of w and the infinite series of corners homologous with it are of the third 
category. We do not consider two edges of the second kind as meeting: 
they would, in such a case, be regarded as a single edge. 


Each edge of the first kind belongs to two regions. We do not assign 
such an edge to either of the regions, but we use this community of 
region to range edges as follows. Let the edge be #,, common to R, 
and &,; then, making the substitution inverse to f,(z), say fy (2), Rp 
becomes R,, R, becomes R_,, and #, becomes f,~'(H,), which is necessarily 
an edge of the first kind and is common to the new regions R_, and R,, 
that is, it is an edge of R,. Let it be #,’: then #, and #, may be 
the same or they may be different. a 


If Z, and EH,’ be different, then we have a pair of edges congruent to 
one another: two such congruent edges of the same region are said to be 
conjugate. Since the substitutions are of the linear type, the correspondence 
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being uniform, not more than one edge of a region can be conjugate with 
a given edge of that region. 


If H, and #,’ be the same, then the substitution transforms /, into 
itself: hence some point on /, must be transformed into itself. As the edge 
is of the first kind so that the point is above the axis of X, the substitution 
is elliptic and has this point as the fixed point of the substitution in 
the positive half-plane. The two parts of #, can be regarded as two 
edges: and the common point as the corner, evidently of the first category. 
Because the directions of the edges measured away from the point are 
inclined at an angle 7, it follows that the multiplier of the elliptic sub- 
stitution is e, or —1. An illustration of this occurs in the special 
example of § 284, where the circular boundary of the initial region of 
reference is changed into itself by the fundamental substitution wz=-—1, 
that is, 

w-t  Z-1 
wei eta 

Hence the edges of the first kind are even in number and can be arranged 
in conjugate pairs. 

Further, a point on an edge of the first kind is transformed into a 
point on the conjugate edge—uniquely, unless the point be a corner, when 


it belongs to two edges. Hence points on edges of the first kind other than 
corners correspond in pairs. 


An edge of the second kind is transformed into one of the second kind, 
but belonging to a different polygon: there is no correspondence between 
points on edges of the second kind belonging to the same polygon. 


Each corner, as the point common to two edges, belongs to at least three 
regions. As a point of one edge, it will have as its homologue an extremity 
of the conjugate edge: as a point of another edge, it will have as its homologue 
an extremity of the edge conjugate to that other: and these homologues may 
be the same or they may be different. Hence several corners of a given 
region may be homologous: the set of homologous corners of a given region is 
called a cycle. Since points of a series homologous with a given point all 
belong to one category, it is convenient to arrange the cycles in connection 
with the categories of the component parts. 


The number of edges of the first kind is even, say 2n: and they can be 
arranged in pairs of conjugates, say H,, Hny.; H,, En4.;.... Then since Epi, 
is the conjugate of H,, and fy4)(z) is the substitution which changes R, into 
Rasp, fntp (2) 18 a substitution changing #, into #,4,. After the preceding 
explanation, /,~'(z) is also a substitution changing /,, into its conjugate Z,,,: 
hence we have 


Sag (z) =f? (2). 
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Hence for a division of the plane, each region of which has 2n edges of the 
first kind, the group contains n fundamental substitutions: the remaining n 
substitutions, necessary to construct the remaining contiguous regions, are 
' obtained by taking the first inverses of the fundamental substitutions. 


The edge H, has been taken as the edge common to R, and R,, the region 
derived from R, by the substitution f,(z). Every region will have an edge 
congruent to #,: if R; be one such region, then the region, on the other side 
of that lime and having that line for an edge (the edge is, for that other 
region, the congruent of the conjugate of Z,), is obtainable from R, by the 
substitution f;{f,(z)}. We thus have an easy method of determining the 
substitution to be associated with the region, by considering the edges which 
are crossed in passing to the region: and, conversely, when the substitutions 
are associated with the regions, the correspondence of the edges is known. 


As in the special example, there are relations among the fundamental 
substitutions. The simplest mode of determining them is to describe a small 
circuit round each corner of #, in succession: in the description of the circuit, 
the symbol of each new region can be derived by a knowledge of the edge last 
crossed and when the circuit is closed the last symbol is the symbol also of A,, 
so that a relation is obtained. 


286. The only limitations as yet assigned to the initial region (and there- 
fore to each of the regions) of the plane are (1) that it contains only one point 
homologous with z, and (11) that the even number of edges of the first kind 
can be arranged in congruent conjugate pairs. But now, 


without detracting from the generality of the division, we 6 = a 
can modify the initial region in such a way that all the u 
G 


edges of the first kind are ares of circles with their centres 
on the axis of x. For let C...AFB...DGC be a region with | 
SGD and AFB for conjugate edges; join CD by an are of | Ce 
a circle CHD with its centre on the axis of w: and apply to ag B 
CED the substitution inverse to that which gives the region F 
in which £ lies: let AHB be the result, being also (§ 258) 
an arc of a circle with its centre on the axis of « Then the part AY BHA, 
say S,, is transformed to CGDEC, say S,’, by the substitution which causes a 
passage from R, across CGD into another region: every point in S, has a 
homologue in S,’: and there is, by the hypothesis that A, is the initial region, 
no homologue in R, of a point in S, except the point itself. If, then, we take 
away S, from R, and add S,’, we have a new region 


Ry = Ry +8) — So. 


Fig. 109, 


It satisfies all the conditions which apply to the regions so far obtained: there 

is no point in R, homologous with a point in it, and the conjugate edges 

CGD and AFB are replaced by conjugate edges CHD, AHB congruent 
F. 44, 
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by the same substitution as the former pair. And the new conjugate 
edges are circles having their centres on the axis of «. 


Proceeding in this way with each pair of conjugate edges that are not 
ares of circles having their centres on the axis of x, and replacing it by a pair 
of conjugate edges congruent by the same substitution and consisting of 
ares of circles having their centres on the axis of «, we ultimately obtain a 
region in which all the edges of the first kind are arcs of circles having their 
centres on the axis of 2 These can, of course, be arranged in conjugate pairs, 
congruent by the assigned fundamental substitutions. Straight lines perpen- 
dicular to the axis of # count as circles with centres at a= on that 
axis: all other straight lines, not being parts of the axis of , can be replaced 
by circles. 


The edges of the second kind are left unaltered. 
A region, thus bounded, is called a normal polygon. 


Further, this normal polygon may be taken convew, that is, edges do not 
cross one another. If the preceding reduction of a region to the form of 
a normal polygon should lead to a cross polygon, then, as is usual in 
dealing with the area of such cross figures, part of the area is to be 
considered negative: and therefore, for every point in this negative part, 
there must be two points in the positive part. Hence, 


. - . eg eee 
in the positive part, there are 


(1) points, none of which has a homologue in 
the negative part, or in the positive 
part except itself: their aggregate gives 
a normal polygon Q: 

(11) two sets of points, each set of which consists 
of the homologues of points in the nega- 
tive part, and makes up a positive normal 
polygon; let the polygons be 7 and 7). 

The negative part is a normal polygon 7’, to which 7; and 7, are each congruent. 


Fig. 110. 


We now change R& by adding a normal polygon 7 and subtracting a 
normal polygon 7: thus for the new region we have a positive (that is, a 
convex) polygon Q, and a positive (convex) polygon 7. No point in Q has a 
homologue in 7’,: hence 7, and @ together make up a region such that 
homologues of all points within it lie outside: this region is a normal 
polygon, and it is convex. Hence we may take as the initial region of 
reference a normal convex polygon, that is, a convex polygon bounded by arcs of 
circles having their centres on the axis of x, or by portions of the awis of «: the 
number of arc-edges is even, and they can be arranged in conjugate pairs. 


Simplicity is obtained by securing that the curves, which compose the 
boundary, are as like one another in character as possible. The substitutions 
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are linear and they change boundaries into boundaries: the whole plane is to 
be covered: and there are no gaps between a bounding edge and the homo- 
logue of the conjugate bounding edge. The only curves, which satisfy this 
condition of leaving no gaps, and which are of the same character after any 
number of linear transformations, are circles and straight lines. 


287. We have seen that two (or more than two) corners of a convex 
polygon may be homologous: it is 


now necessary to arrange all the eee, B a adie 


corners in their cycles. Let AB and A E 
ED be two conjugate edges of a 
normal polygon, and let a be 
- . = Cc C’ 
the substitution which changes AB hice, shi 
into HD; then, as usual, we have 
ee a ad—be 1 = 1 il 
C Ce d e ake 
z+ z+- 
C C 

so that arg. (w = “) + arg. (2 ie f) = Gr. 


This at once shews that, whatever be the value of : and of - the points A, 


# are homologous, and likewise the points B, D. Hence to obtain a corner 
homologous to a given corner we start from the corner, describe the edge of 
the polygon beginning there, then describe in the same direction* the conju- 
gate edge: the extremity of that edge is a homologous corner. 


The process may now be reapplied, beginning with the last point; and it 
can be continued, each stage adding one point to the cycle, until we either 
return to the initial point or until we are met by an edge of the second kind. 
In the former case we have a completed cycle, which may be regarded as a 
closed cycle. In the latter case we can proceed no further, as edges of the 
second kind are not ranged in conjugate pairs; but, resuming at the initial 
point we apply the process with a description in the reverse direction until 
we again arrive at an edge of the second kind: again we have a cycle, which 
may be regarded as an open cycle. 

In the case of a closed cycle, if one of the included points be of the first 
category, then all the points are of the first category: the cycle itself is then 
said to be of the first category. If one of the points be of the second category, 
then since no edge of the second kind is met in the description, all the edges 
met are of the first kind; and therefore all the points, lying on the axis of « 


* Thig is necessary: the direction is easily settled for a complete polygon the sides of which 
are described in positive or in negative direction throughout. 


44— 2 
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and being the intersections of edges of the first kind, are of the second 
category: the cycle itself is then said to be of the second category. 

Open cycles will contain points of the third category: they may also 
contain points of the second category, because points both of the second and 
of the third categories lie on the axis of x, and homology of the points does 
not imply conjugacy of all edges of which they are extremities. Such cycles 
are said to be of the third category. 

It thus appears that the cycles can be derived when the arrangement in 
conjugate pairs of edges of the first kind is given; and it is easy to see that 
the number of open cycles is equal to the number of edges of the second 
kind. 

We may take one or two examples. For a quadrilateral, in which 
the conjugate pairs are 1, 4; 2, 3—the numbers being 
as in the figure—we have by the above process A, AB, 
DA, A: that is, A is a cycle by itself. Then B, BC, CD, 
D, DA, AB, B: that is, B and D form a cycle; and then 
C, CD, BC, C, that is, C is a cycle by itself. The cycles 
are therefore three, namely, 4; B, D; C. Fig. 112. 


For a hexagon, in which the conjugate pairs are 1, 5; 2, 4; 3, 6, the 
cycles are two, namely, A, #, D, C and b, #. If the conjugate pairs be 


Fig. 113. 
1, 6; 2, 5; 3, 4, the cycles are four, namely, A; B, F; 0, H; D. If the 
conjugate pairs be 1, 4; 2, 5; 3, 6 the cycles are two, namely, A, 0, E; 
By Di-F. 


or a ¢ ml ye . a } j 
For a pentagon, with one edge of the second kind as in the figure and 


Fig. 114. 


287.] OPEN CYCLES 693 


having 1, 3; 4, 5 as the conjugate pairs, the cycles are three, namely, 
EH; A, D; B, C; the last being open and of the third category. 


For a quadrilateral as in the figure, having three corners on the axis of « 
and 1, 2; 3, 4 as the arrangement of its conjugate 
pairs, the cycles are D; A, C; B; the last two 
being of the second category. 


We have now to consider the angles of the 
polygons taken internally. It is evident that at 
any corner of the second category, the angle is 
zero, for it is the angle between two circles meeting 
on their line of centres; and that at any corner of 
the third category the angle is right. There therefore remain only the 
angles at corners of the first category. Let A,, A.,..., A, be the corners 
in a cycle of the first category and denote the angles by the same letters. 


Fig. 115. 


Since A, and A, are homologous corners, they are extremities of conjugate 
edges. Apply to the plane, in the vicimity of A,, the substitution which 
changes the edge ending in A, to its conjugate ending in A,: then the 
point A, is transferred to the point A,; one edge at A, coincides with its 
conjugate at A, and the other edge at A, makes an angle A, 
A, with it, because of the substitution which conserves ~“ Ae 
angles. The latter edge was the edge which followed A, NA 
in the cycle for the derivation of A,: we take its conju- 
gate ending in A,, and treat these and the points A, and 
A, as before for A, and A, and their conjugate edges, namely, by using the 
substitutions transforming conjugate edges and passing from A; to A, and 
then those from A, to A,. 

Proceeding in this way round the cycle, we shall have 

(1) a series of lines at the point, each line between two angles being 
one of the conjugate edges on which the two corners lie: 


Fig, 116. 


(2) the angles corresponding to the corners taken in cyclical order. 


Hence after n such operations we shall again reach an angle A,. If the edge 
do not coincide with the first edge, we repeat the set of n operations: and 
so on. 

Now all these substitutions lead to the construction of the various regions 
meeting in A, which are to occupy all the plane round A, and no two of 
which are to contain a point which does not le on an edge. Hence 
after the completion of some set of operations, say the pth set, the 
edges of A, will coincide with their edges of the first angle A,; and 
therefore 
p(A,+ A,+...+An) = 27, 


Qa 
so that An tas a. An man: 
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Hence the sum of the angles at the corners, in a cycle of the first category, 
is a submultiple of 27. 


Further, if g be the number of polygons at A, we have 


np = q- 


CorotiaRy 1. For a cycle of the second category—it is a closed cycle— 
both p and q are infinite. 


The cycle contains only a finite number of corners, because the polygon 
has only a finite number* of edges: as each corner is of the second category, 
the angle is zero: and therefore the repetition of the set of operations can be 
effected without limit. Hence p is infinite; and, as n polygons at a corner 
are given by each set of operations, the number gq of polygons is infinite. 


CoroLLary 2. Corresponding to every cycle of the first category, there is 
a relation among the fundamental substitutions of the group. 


Let fy» be the substitution interchanging the conjugate edges through A, 
and A,; fs the substitution interchanging the conjugate edges through A, 
and A,; and soon. Let U denote 


Was : te on Evi eee he (2) ) 
then OER a 


For U is the substitution which reproduces the polygon with the angle 
A, at A,; and this substitution is easily seen, after the preceding explanation, 
to be periodic of order p. Moreover, this substitution U is elliptic. 


288. The following characteristics of the fundamental region have now 
been obtained : 


GG) It is a convex polygon, the edges of which are either arcs 
of circles with their centres on the axis of w or are portions 
of the axis of a: 


(u) The edges of the former kind are even in number and can be 
arranged in conjugate pairs: there is a substitution for which 
the edges of a conjugate pair are congruent; if this sub- 
stitution change one edge a of the pair into a’, it changes 
the given region into the region on the other side of a’: 


(iii) The corners of the polygon can be arranged in cycles of one or 
other of three categories : 


* If the number be infinite, the edges must be infinitesimal in length unless the perimeter of 
each of the polygons is infinite: each of these alternatives is excluded. 

The reason for finiteness (§ 282) in the number of fundamental substitutions in the group 
ig now obvious: their number is one-half of the number of edges of the first kind. 
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(iv) The angles at corners in a cycle of the second category are zero : 
each of the angles at corners in a cycle of the third category 
is right: the sum of the angles at corners in a cycle of the 
first category is a submultiple of 27. 


Let there be an infinite discontinuous group of substitutions, such that its 
fundamental substitutions are characterised by the occurrence of the fore- 
going properties in the edges and the angles of the geometrically associated 
region: and let the whole group of substitutions be applied to the region. 


Then the half-plane on the positive side of the axis of w is covered’: no 
part is covered more than once, and no part is unassigned to regions. It is 
easy to see in a general way how this given condition is satisfied by the 
various properties of the regions. Since the edges of the first kind in 
the initial region can be arranged in conjugate pairs, it is so with those 
edges in every region: and the substitution, which makes them congruent, 
makes one of them to coincide with the homologue of the other for the 
neighbouring region, so that no part is unassigned. No part is covered 
twice, for the initial region is a normal convex polygon and therefore every 
region is a normal convex polygon: the edges are homologous from region to 
region, and form a common boundary. The angle of intersection with a 
given arc is sufficient to fix the edge of the consecutive polygon: for an arc 
of a circle, making on one side an assigned angle with a given are and having 
its centre on the axis, is unique. At every corner of any polygon, there will 
be a number of polygons: the corners which coincide there are, for the 
different polygons, the corners homologous with a cycle in the original 
region: and the angles belonging to those corners fill up, either alone or 
after an exact number of repetitions, the full angle round the point. 


We have seen that the substitution, which passes from a polygon at a 
point to the same polygon, after n polygons, reproduces the angular point 
at the same time as it reproduces the polygon; the point is a fixed point 
of an elliptic substitution. Similarly, if the point belong to a cycle of the 
second category, is infinite and the substitution does not change the point, 
which is therefore a fixed point of the substitution; as the fixed point is on 
the axis, the substitution is parabolic (§ 292). 

The preceding are the essential properties of the regions, which are 
sufficient for the division of the half-plane when a group is given, and 
therefore by reflexion through the axis of #, they are sufficient for the 
division of the other half-plane. 

The position of corners of the first category, and the orientation of edges 
meeting in those corners, are determinate when the group is supposed 
given: within certain limits, half of the corners of the third category can 
be arbitrarily chosen. 
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289. In the preceding investigation, the group has been supposed given : 
the problem was the appropriate division of the plane. The converse problem 
occurs when a fundamental region, with properties appropriate for the 
division of the half-plane, is given: it is the determination of the group. 
The fundamental substitutions of the group are those which transform an 
edge into its conjugate, and they are to be real—conditions which, by 
§ 258, are sufficient for their construction. The whole group of substitu- 
tions is obtained by combining those that are fundamental. The complete 
division of the half-plane is effected, by applying to each polygon in suc- 
cession the series of fundamental substitutions and of their first inverses. 


It is evident that a given division of the plane into regions determines 
the group uniquely: but, as has already been seen in the general ex- 
planation, the existence of a group with the requisite properties does not 
imply a unique division of the plane. 


As an example, let the fundamental substitutions be required when a quadrilateral as 
in Fig. 112, having 1, 2; 3, 4 for the conjugate pairs of edges, is given as a fundamental 
region. The cycles of the corners are B; D; A, C; so that 


2 2 2 
B=], D=—=, A+0=—, 

l am n 
where 7, m, n are integers. 


The simplest case has already been treated, § 284: there, /=2,m=o,n=3, A=C; the 
region is a triangle, really a quadrilateral with two 
edges as conterminous arcs of the same circle. We [p 
shall therefore suppose this case excluded ; we take the 
case next in point of simplicity, viz. 7=2, A=C. Then 
AB and BC are conterminous ares of one circle: we 
shall take the centre of this circle to be the origin, its 
radius unity and & on the axis of ¥; then B is a fixed 
point of the substitution, which changes AB into BC. 
The substitution is 


Fig. 117. 


it is one of the two fundamental substitutions. 


Evidently A =", ADB == Let # be the centre of the circle 4D, and p its radius : 


then OAE=-, ODE=— 7, and 0 
nN 2 m 


‘ us > 9 WT 
p’?+1—2p cos -=OH?=p? cos? — , 

n m 

“pg Ih 7. 97 a are 
whence p Sin* — =cos — + | cos?— —sin?—} , 
m n n m 


\ 


the negative sign of the radical corresponding to the case when D lies below ABC. The 
radius p must be real and therefore 
el 


te orm 2 
n m ~~? 


we omit the case of m=, and therefore n > 2. 
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The fundamental substitution, which changes 4D into CD, has D and the complex 


conjugate to D for its fixed points: these points are +ip sin= The argument of the 
multiplier is =, being the angle ADC’: hence the substitution is 


Shee Ae LASEK IS : 
w-wsin= z-ipsin = ei 
em 


. EN + OL : 
w+tpsin— zZ+%p sin— 
m m 


which reduces to 


ar . 7 
2COS — +p Sin* — 
m m 


w= ; 


z T 
—-+cos — 
p m 


where p has the value given by the above equation. 
This substitution, and the substitution w= baat are the fundamental substitutions of 


the group. The special illustration in § 284 gives 


ae = = Ges ee 
M=0, p=o, n=3, psin a 2 COs ~ als 
the special form therefore is 
w=2+l1. 
Taking cos ~ =a, cos t= b, A=(a2+b?—1)?, we have p(1—a2)=b+A; the second fund- 
m 


amental substitution is 
Apo das ale 
(A—b) z+a 
It is easy to see that 
fers, Ses il, (MSV. 


where 77= me the complete figure can be constructed as in § 284. 
Z 


An interesting figure occurs for m=4, n=6. 


5 O 6 é . +67 3 
In the same way it may be proved that, if an elliptic substitution have re” for its 
common points and 26 for the argument of its multiplier, its expression is 


} _Az+B 
Cee? 
sin (8 — 0) __sin ® __lsne _ Sin (8+8) 
re BS sing ”’ ae sin 6’ - 9 sing’ sin@ ~ 
2 2 2 ; 
Taking now the more general case where B=—, D=—, AtO= let B (in 


figure 112) be the point be®’, and A the point ae’. Then the substitution which transforms 
AB into BC is the above, when 6=, r=), O=B, so that, if C be ce”’, 

a sin (8— B) e* +b sin B 

FSF OI LE SE SIE IEEE EID ) 


ceY'= 


- 5 sin Be +sin (+B) 


giving two relations among the constants. 
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Similarly, two more relations will arise out of the substitution which transforms CD 
into DA. And three relations are given by the conditions that the sum of the angles at 
A and Cis an aliquot part of 27, and that each of the angles B and D is an aliquot part 
of 27. 


290. All the substitutions hitherto considered have been real: we now 
pass to the consideration of those which have complex coefficients. Let 


be such an one, supposed discontinuous: then the effect on a point is obtained 
by displacing the origin, inverting with respect to the new position, reflecting 
through a line inclined to the axis of # at some angle, and again displacing 
the origin. The displacements of the origins do not alter the character of 
relations of points, lines, and curves: so that the essential parts of the 
transformation are an inversion and a reflexion. 


Let a group of real substitutions of the character considered in the 
preceding sections be transformed by the foregoing single complex substitu- 
tion: a new group 

az+ 

oS 

az+B yz+6 
Ps taOs ee BR 

yz+6 


will thus be derived. The geometrical representation is obtained through 
transforming the old geometrical representation by the substitution 


(Ete :) 
yz+6’> >)’ 
so that the new group is discontinuous. 

The original group left the axis of « unchanged, that is, the line z= z, 


was unchanged; hence the substitutions 


az+B 
a a 
az+B yz+6 
+0 ~— az 
Laas c sets +d 
yz + ) 
will leave unchanged the line which is congruent with z=z, by the 
a eet at ee 
substitution ie 1 :) . This line is 
yz +6 
— 82+ 8 _ — 8% t Bo 
yz—-a Yo%o — A ” 
or it may be taken in the form 


—o+B_4 
—@4 a iG 


Imaginary part of — 
yz 
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It is a circle, being the inverse of a line; it is unaltered by the substitutions 
of the new group, and it is therefore called* the fundamental circle of this 
group. The group is still called Fuchsian (p. 702, note). 


The half-planes on the two sides of the axis of # are transformed into the 
two parts of the plane which lie within and without the fundamental circle 
respectively: let the positive half-plane be transformed into the part within 
the circle. 


With the group of real substitutions, points lying above the axis of « 
are transformed into points also lying above the axis of w, and points below 
into points below: hence with the new group, points within the fundamental 
circle are transformed into points also within the circle, and points without 
into points without. 


The division of the half-plane into curvilinear polygons is changed into a 
division of the part within the circle into curvilinear polygons. The sides of 
the polygons either are circles having their centres on the axis of 2, that is, 
cutting the axis orthogonally, or they are parts of the axis of w: hence the 
sides of the polygons in the division of the circle either are ares of circles 
cutting the fundamental circle orthogonally or they are arcs of the funda- 
mental circle. 

The division of the part of the plane without the circle is the trans- 
formation of the half-plane below the axis of «, which is a mere reflexion 
in the axis of « of the half-plane above: thus the division is characterised by 
the same properties as characterise the division of the part within the 
fundamental circle. But when the division of the part within the circle 
is given, the actual division of the part without it can be more easily 
obtained by inversion with the centre of the fundamental circle as centre 
and its radius as radius of inversion. 

This process is justified by the proposition that conjugate complexes are 
transformed by the substitution eat 2) into points which are the in- 
verses of one another with regard to the fundamental circle. For a system 
of circles can be drawn through two conjugate complexes, cutting the real 
axis orthogonally: when the transformation 1s applied, we have a system of 
circles, orthogonal to the fundamental circle and passing through the two 
corresponding points. The latter are therefore inverses with regard to 
the fundamental circle. 


This proposition can also be proved in the following elementary manner. 

Let OC, the axis of w, be inverted, with A as the centre of inversion, into a circle: 
P and @ be two conjugate complexes, and let AP cut the axis of # in C: let CQ cut the 
diameter of the circle in R. Since OC bisects PQ, it bisects A; and therefore the centre 
of the circle is the inverse of R. 


* Klein uses the word Hauptkreis. 
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Let p and q be the inverses of P and @: join pq, gr. Then the angle pgg=CPQ=CQ@P, 
and Agr=CRO: thus pr is a straight line. 


Also 
ap Ole BP vile 


Aq AR AR Ap’ 
Pie, VAS AR 
Ap AR AR Aq’ 
so that rp. rg= Ar. 


and 


Thus p and ¢ are inverses of each other, 
relative to 7 and with the radius of the funda- 
mental circle as radius. Transference of 
origin and reflexion in a straight line do not 
alter these properties: and therefore p and Fig. 118. 
g, the transformations of the conjugate P 
and Q, are inverses of one another with regard to the fundamental circle. 


Hence with the present group, constructed from an infinite discontinuous 
group of real substitutions transformed by a single complex substitution, the 
fundamental circle has the same importance as the axis of real quantities 
in the group of real substitutions. It is of finite radius, which will be taken 
to be unity: its centre will be taken to be the origin. The area within it is 
divided into regions congruent with one another by the substitutions of the 
group: the whole of the area is covered by the polygons, but no part is 
covered more than once. 


All the points, homologous with a given point z within the circle, lie 
within the circle: each polygon contains only one of such a set of homologous 
points. 


The angular points of a polygon can be arranged in cycles which are 
of three categories. The sum of the angles at points in a cycle of the first 
category is unchanged by the substitution; it is equal to an aliquot part of 
27. At points in a cycle of the second category each angle is zero: at points 
in a cycle of the third category each angle is right. 


In fact, all the properties obtained for the division of the plane into 
polygons now hold for the division of the circle into polygons associated 
with the group 


az+ 8 
az+ 6 yrs 
yz+ 6’ az+6 : 
Pee yas 


provided we make the changes that are consequent on the transformation of 
the axis of # into the fundamental circle. 


The form of the substitution 
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which secures that the fundamental circle in the w-plane shall be of radius unity and 
centre the origin, is easily obtained. 


It has been proved that inverse points with respect to the circle correspond to conjugate 
complexes ; hence w=0 and w=oo correspond to two conjugate complexes, say A and Xo, 


and therefore 
Rie z—-xr 
oN, 


where | x |=1 because the radius of the fundamental circle is to be unity. The presence of 
this factor « is equivalent to a rotation of the w-plane about the origin. As the origin 
is the centre of the fundamental circle, the circle is unaltered by such a change: 
and therefore, without affecting the generality of the substitution, we may take «=1, 


so that now 
eee r 
Tay 


where ) is an arbitrary complex constant. The substitution is not in its canonical form, 
which however can at once be deduced. 


291. It has been seen, in § 260, that, when any real substitution is para- 
bolic or hyperbolic, then practically an infinite number of points coincide with 
the fixed point of the substitution when it is repeated indefinitely, whatever 
be the point z initially subjected to the transformation; this fixed point lies 
on the axis of a, and is called an essential singularity of the substitution. 
When we consider such points in reference to automorphic functions, which 
are such as to resume their value when their argument is subjected to 
the linear substitutions of the group, then at such a point the function 
resumes the value which it had at the point initially transformed; that is, 
in the immediate vicinity of such a fixed point of the substitution, the 
function acquires any number of different values: such a point is an essential 
singularity of the function. Hence the essential singularities of the group 
are the essential singularities of the corresponding function. 


Now all the essential singularities of a discontinuous group lie on the 
axis of # when the group is real; the line may be or may not be a con- 
tinuous line of essential singularity. If, for example, # be any such point 
for the group of §§ 283, 284 which is characteristic of elliptic modular- 
functions, then all the others for that group are given by 

au + b 
cx +d’ 


where a, b, c, d are integers, subject to the condition ad—be=1: and 
therefore all the essential singularities are given by rational linear trans- 
formations. For points on the real axis, this group is improperly dis- 
continuous: and therefore for this group the axis of # is a continuous line 
of essential singularity. 

B \ 


5 : Ag + dieGor 
Hence when we use the transformation Ga 5° z) to deduce the division 
Y 


of the fundamental circle into regions, the essential singularities of the new 
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group are points on the circumference of the fundamental circle: the cir- 
cumference is or is not a continuous line of essential singularity for the 
function or the group*, according as the group is properly or improperly 
discontinuous for the circle. 


Ex. Shew that for all figures, congruent to a closed simply connected figure by the 
transformation 


where @, @ and ¢, ¢ are conjugate constants such that aa)—ce)=1, the quantities 


§ are invariable. (Poincaré. ) 


where z=re’ 

Let ABC be a triangle, having for its sides arcs of circles that are orthogonal to the 
fundamental circle of the substitution ; and denote by a, b, c the quantity Z for the three 
sides respectively. Prove that 


cosh ¢=cosh @ cosh b—sinh a sinh 6 cos C. (Kapteyn. ) 


292. It is convenient to divide the groups into families, the discrimin- 
ation adopted by Poincaré beiug made according to the categories of cycles of 
angular points in the polygons into which the group divides the plane. The 
group is of the 


Ist family, if the polygon have cycles of the Ist category only, 


DIG Re eee eater aaa aaa Nenn + Jeeta alee eee ee Zod: osetia = 
LOE cate thins eee TR ae eae 3rd saw enae eee 4 
ALLA iaidbis Ws vig elo Osis wa paw en so alee ae Ynd-and 6rd vcvensses ere 
GIL eile cet oink Bie ied Soc ante kaa era eee Istiandérdisia. tee ; 
GENS a iess car atnancandbes ieee ne tere ro Aa a eS eee let-and 2nd), S.cae errs: F 
TAM M a Ninie tian sees raceme tase nate ‘Sabiopted eae all three categories, ~~ 


Thus in the polygons associated with groups of the Ist, the 2nd, and the 6th 
families, all the edges are of the first kind; in the polygons associated with 
groups of the remaining families, edges of the second kind occur. 


A subdivision of some of the families is possible. It has been proved that 
the sum of the angles in a cycle of the first category is a submultiple of 27. 
If the sum is actually 27, the cycle is said to belong to the first sub-category: 
if it be less than 27 (being necessarily a submultiple), the cycle is said to 
belong to the second sub-category. And then, if all the cycles of the polygon 
belong to the first sub-category, the group is said to belong to the first order 
in the first family: if the polygon have any cycle belonging to the second 


* Poincaré calls the group Fuchsian, both when all the coefficients are real and when they 
arise from the transformation of such an infinite group by a single substitution that has imaginary 
coefficients. A convenient resumé of his results is given by him in a paper, Math. Ann., t. xix, 
(1882), pp. 553—564. 
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sub-category, the group is said to belong to the second order in the first 
family. 

It has been proved in § 288 that a corner belonging to a cycle of the 
second category is not changed by the substitution which gives the conti- 
guous polygons in succession ; the corner is a fixed point of the substitution, 
so that the substitution is either parabolic or hyperbolic. In his arrange- 
ment of families, Poincaré divided the cycles of the second category into 
cycles of two sub-categories, according as the substitution is parabolic or 
hyperbolic: but Klein has proved* that there are no cycles for hyperbolic 
substitutions, and therefore the division is unnecessary. The families of 
groups, the polygons associated with which have cycles of the second 
category, are the second, the fourth, the fifth and the seventh. 


There is one very marked difference between the set of families, con- 
sisting of the first, the second and the sixth, and the set constituted by 
the remainder. 


No polygon associated with a real group in the former set has an edge of 
the second kind: and therefore the only points on the axis taken account of 
in the division of the plane are the essential singularities of the group. 
The domain of any ordinary point on the axis in the vicinity of each of the 
essential singularities is infinitesimal: and therefore the axis of # is taken 
account of in the division of the plane only in so far as it contains essential 
singularities of the group and the functions. This, of course, applies equally 
to the transformed configuration in which the conserved line is the funda- 
mental circle: and therefore, in the division of the area of the circle, its 
circumference is taken account of only in so far as it contains essential 
singularities of the groups and the functions. 


But each polygon associated with a real group in the second set of 
families has an edge of the second kind: the groups still have all their 
essential singularities on the axis of # (or on the fundamental circle) 
and at least some of them are isolated points; so that the domain of an 
ordinary point on the axis is not infinitesimal. Hence parts of the axis of 
« (or of the circumference of the fundamental circle) fall into the division of 
the bounded space. 


293. There is a method of ranging groups which is of importance in 
connection with the automorphic functions determined by them. 


The upper half of the plane of representation has been divided into 
curvilinear polygons; it is evident that the reflexion of the division, in the 
axis of real quantities, is the division of the lower half of the plane. Let the 
polygon of reference in the upper half be AR, and in the lower half be R,’, 
obtained from R, by reflexion in the axis of real quantities. Then, if the 

* Math. Ann., t. xl, (1892), p. 132. 
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group belong to the set, which includes the first, the second and the sixth 
families, Ry and #,’ do not meet except at those isolated points, which are 
polygonal corners of the second category. But if the group belong to the 
set which includes the remaining families, then A, and &,’ are contiguous 
along all edges of the second kind, and they may be contiguous also at 
isolated points as before. 


In the former case R, and R,’ may be regarded as distinct spaces, 
each fundamental for its own half-plane. Let AR, have 2n edges which can 
be arranged in n conjugate pairs, and let q be the number of cycles all 
of which are closed; each point in one edge corresponds to a single point in 
the conjugate edge. Let the surface included by the polygon R, be deformed 
and stretched in such a manner that conjugate edges are made to coincide by 
the coincidence of corresponding points. A closed surface is obtained. For 
each pair of edges in the polygon there is a line on the surface, and for each 
cycle in the polygon there is a point on the surface in which lines meet; and 
the lines make up a single curvilinear polygon occupying the whole surface. 
The process is reversible; and therefore the connectivity of the surface is an 
integer which may properly be associated with the fundamental polygon. 


When two consecutive edges are conjugate, their common corner is a 
cycle by itself. The line, made up of these two edges after the deformation, 
ends in the common corner which has become an isolated point; this line 
can be obliterated without changing the connectivity. The obliteration 
annuls two edges and one cycle of the original polygon: that is, it diminishes 
n by unity and q by unity. Let there be r such pairs of consecutive edges. 
The deformed surface is now occupied by a single polygon, with n—~, sides 
and g—r angular points; so that, if its connectivity be 2V+1, we have 
(§ 165) 

2N=24+(n—r)—-1-(q-7) 
=n+1—q. 
The group may be said to be of genus N. 


In the latter case, the combination of A, and R,’ may be regarded as 
a single region, fundamental for the whole plane. Let A, have 2n edges of 
the first kind and m of the second kind, and let g be the number of closed 
cycles: the number of open cycles is m. Then Ry has 2n edges of the first 
kind and q closed cycles; it has, in common with R,, the m edges of the 
second kind and the m open cycles. The correspondence of points on the 
edges of the first kind is as before. Let the surface included by R, and 
R, taken together be deformed and stretched in such a manner that con- 
jugate edges coincide by the coincidence of corresponding points on those 
edges. A closed surface is obtained. As the process is reversible, the 
connectivity of the surface thus obtained is an integer which may properly 
be associated with the fundamental polygon. 
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This integer is determined as before. For each pair of edges of the first 
kind in either polygon, a line is obtained on the surface; so that 2n lines are 
thus obtained, n from R, and n from R,’. Each of the common edges of the 
second kind is a line on the surface, so that m lines are thus obtained. The 
total number of lines is therefore 2n-+m. For each of the closed cycles 
there is a point on the surface in which lines, obtained through the deform- 
ation of edges of the first kind, meet: their number is 2g, each of the 
polygons providing qg of them. For each of the open cycles there is a point 
on the surface in which one of the m lines divides one of the n lines arising 
through R, from the corresponding line arising through R,’: the number of 
these points is m. The total number of points is therefore 2g + m. 


The total number of polygons on the surface is 2. Hence, if the con- 
nectivity be 2V + 1, we have (§ 165) 


2N=2+2n+ m—(2¢+m)—2 
= 2n — 2q. 
The group may be said to be of genus N. 


Thus for the generating quadrilateral in figure 112 (p. 692), the genus of 
the group is zero when the arrangement of the conjugate pairs is 1, 2; 3, 4: 
and it is unity when the arrangement of the pairs is 1, 3; 2,4. For the 
generating hexagon in figure 113 (p. 692), the genus of the group is zero when 
the arrangement of the conjugate pairs is 1,6; 2,5; 8,4: and it is unity 
when the arrangement of the pairs is 1, 4; 2,5; 3,6. For the generating 
pentagon in figure 114 (p. 692), the genus of the group is zero when the 
arrangement of the conjugate pairs is 1, 3; 4, 5: and it is two when the 
arrangement of the pairs is 1,4; 3,5. For a generating polygon, bounded 
by 2n semi-circles each without all the others and by the portions of the 
axis of 2, the number of closed cycles is zero: hence V =n. 


294. In all the groups, which lead to a division of a half-plane or of a 
circle into polygons, the substitutions have real coefficients or are composed 
of real substitutions and a single substitution with complex coefficients : 
and thus the variation in the complex part of the coefficients in the group is 
strictly limited. We now proceed to consider groups of substitutions 


in which the coefficients are complex in the most general manner: such 
groups, when properly discontinuous, are called Alernian, by Poincaré. 

The Fuchsian groups conserve a line, the axis of «, or a circle, the funda- 
mental circle: the Kleinian groups do not conserve such a line or circle, 
common to the group. Every substitution can be resolved into two dis- 


F. 45 
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placements of origin, an inversion and a reflexion, as in § 258. The inversion © 
has for its centre the point — 8/y, being the origin after the first displace- 
ment; the reflexion is in the line through this point making with the real 
axis an angle + —2arg.y. The only line left unaltered by these processes is 
one which makes an angle $a —arg.y with the real axis and passes through 
the point ; and the final displacement to the point ¢/y will in general displace 
this line. Moreover, arg.y is not the same for all substitutions; there is 
therefore no straight line thus conserved common to the group. 


Similar considerations shew that there is no fundamental circle for the 
group, persisting untransformed through all the substitutions. 


Hence the Kleinian groups conserve no fundamental line and no funda- 
mental circle: when they are used to divide the plane, the result cannot be 
similar to that secured by the Fuchsian groups. As will now be proved, 
they can be used to give relations between positions in space, as well as 
relations between positions merely in a plane. 


The lineo-linear relation between two complex variables, expressed as a 
linear substitution, has been proved (§ 261) to be the algebraical equivalent 
of any even number of inversions with regard to circles in the plane of the 
variables: this analytical relation, when developed in its geometrical aspect, 
can be made subservient to the correlation of points in space. 


Let spheres be constructed which have, as their equatorial circles, the 
circles in the system of inversions just indicated ; let inversions be now carried 
out with regard to these spheres, instead of merely with regard to their 
equatorial circles. It is evident that the consequent relations between points 
in the plane of the variable z are the same as when inversion is carried out 
with regard to the circles: but now there is a unique transformation of points 
that do not le in the plane. Moreover, the transformation possesses the 
character of conformal representation, for 1t conserves angles and it secures 
the similarity of infinitesimal figures: points lying above the plane of z 
invert into points lying above the plane of z, so that the plane of z is 
common to all these spherical inversions and therefore common to the sub- 
stitutions, the analytical expression of which is to be associated with the 
geometrical operation ; and a sphere, having its centre in the plane of the 
complex z is transformed into another sphere, having its centre in that plane, 
so that the equatorial circles correspond to one another. 


Through any point P in space, let an arbitrary sphere be drawn, having 
its centre in the plane of the complex variable, say, that of the coordinates 
E,m. It will be transformed, by the various inversions indicated, into another 
sphere, having its centre also in the plane of &, 7 and passing through the 
point obtained from P as the result of all the inversions; and the equatorial 
planes will correspond to one another. 
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Let the sphere through Q be 
(Co Gb) ere 
or E? + 9? + 6? — Qak’ — 2by’ + k=0. 
Hence, if Q be determined by 
Z=E +i, 2 =F —iy’, p= E2472 4+ C2 =e 4) + £2, 
this equation is prthe +ha +k=0, 


where —h, —h,=a+2b, a—1b respectively. The equatorial circle of this 
sphere is evidently given by ¢’=0, so that its equation is 


Bay the +hze/+k=0; 
this circle can be obtained from the equatorial circle of the sphere through P 


az+ PB 
yz+ 6 


2h (A% + hyo ar hayy + hyo) + 2 (G8 + hoByo + had + kry,d) 
+ 2 (ay + hoad) + hBoy + ky) + BB) + B8) +hB Sd + kbs, =0: 
and therefore the equation of the sphere through P is 


by the substitution 2 = Hence the latter circle, by § 258, is given by 


p? (ad, + hoaryn + hay + kyo) + 2 (4B + hoBy + had + hyd) 
+ 2(aBy + hyads + hBoy + kydy) + BBy +o BS. + hBd + kd8, = 0. 


The quantities h, h,, k are arbitrary quantities, subject to only the single 
condition that the sphere passes through the point Q: there is no other 
relation that connects them. Hence the equation of the sphere through P 
must, as a condition attaching to the quantities h, h,, k, be substantially the 
equivalent of the former condition given by the equation of the sphere 
through Q. In order that these two equations may be the same for h, hy, k, 
the variables p”, 2’, 2 of the point @ and those of P, being p’, z, 2, must give 
practically the same coefficients of h, hy, & in the two equations, and therefore 


p2s pad + 2% 8 + 248) + BB, 
= 2! : pay, + 28% + Zad) + Bd, 
= 2 2 poy + 2% + ZBry + Bod 
= 1 : p*yyo + 2d + 2d) + 5d. 
These are evidently the equations which express the variables of a point Q in 


space in terms of the variables of the point P, when it is derived from P by 
the generalisation of the linear substitution 


a 
Pm w+B, 
ywut+s 
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they may be called the equations of the substitution. It is easy to deduce 
that 

en 1 

C pyro + 2008 + 28 + 8p’ ; 


which may be combined with the preceding equations of the substitution. 


Also, the magnification for a single inversion is ds,/ds, or 7,/r, where 7; 
and r are the distances of the ares from the centre of the sphere relative to 
which the inversion is effected. But 7,/r=€,/€ where €, and € are the 
heights of the arcs above the equatorial plane; hence the magnification is 
¢,/€, for a single inversion. For the next inversion it is ¢,/€,, and therefore it 
is ¢,/€ for the two together; and so on. Hence the final magnification m 
for the whole transformation is 
aloe 1 
GB ayy + (yz +8) (Yo% + di) 

5 1 

ClyPtlyare 


a quantity that diminishes as the region recedes from the equatorial plane. 


m 


9? 


It is justifiable to regard the equations obtained as merely the generalisa- 
tion of the substitution: they actually include the substitution in its original 
application to plane variables. When the variables are restricted to the plane 
of &, n, we have p?= zz, and therefore 


gi ZEA) + 2 Bry + 245, + BS, _ ae + B 


22 7yY0 + Zod + 25) +88, 2 + 5’ 


on the removal of the factor y.z,+6, common to the numerator and the 
denominator; and ¢’ vanishes when €=0. The uniqueness of the result is 
an a posteriori justification of the initial assumption that one and the same 
point Q is derived from P, whatever be the inversions that are equivalent to 
the linear substitution. 


Hx, 1. Let an elliptic substitution have wand v as its fixed points. 


Draw two circles in the plane, passing through w and v and intersecting at an angle 
equal to half the argument of the multiplier. The transformation of the plane, caused by 
the substitution, is equivalent to inversions at these circles ; the corresponding transforma- 
tion of the space above the plane is equivalent to inversions at the spheres, having these 
circles as equatorial circles. It therefore follows that every point on the line of intersection 
of the spheres remains unchanged: hence when a Kleinian substitution 7s elliptic, every 
point on the circle, in a plane perpendicular to the plane of x, y and having the line joining 
the common points of the substitution as its diameter, is unchanged by the substitution. 
Poincaré calls this circle C the double (or fixed) circle of the elliptic substitution. 


Ex, 2. Prove that, when a Kleinian substitution is hyperbolic, the only points in space, 
which are unchanged by it, are its double points in the plane of x, y; and shew that 
it changes any circle through those points into itself and also any sphere through those 
points into itself. 
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Hx. 3. Prove that, when the substitution is loxodromic, the circle C, in a plane 
perpendicular to the plane #, y and having as its diameter the line joining the common 
points of the substitution, is transformed into itself, but that the only points on the 
circumference left unchanged are the common points. 

Ex. 4. Obtain the corresponding properties of the substitution when it is parabolic. 


(All these results are due to Poincaré.) 


295. The process of obtaining the division of the z-plane by means of 
Kleinian groups is similar to that adopted for Fuchsian groups, except 
that now there is no axis of real quantities or no fundamental circle 
conserved in that plane during the substitutions: and thus the whole 
plane is distributed. The polygons will be bounded by ares of circles as 
before: but a polygon will not necessarily be simply connected. Multiple 
connectivity has already arisen in connection with real groups of the third 
family by taking the plane on both sides of the axis. 


As there are no edges of the second kind for polygons determined by 
Kleinian groups, the only cycles of corners of polygons are closed cycles; 
let vA, A,, -.., 4,4 10 order be such a cycle in a polygoni Ry, Round A, 
describe a small curve, and let the successive polygons along this curve be 
Ry, Ry, ..., Rana, Rn, .... The corner A, belongs to each of these polygons: 
when considered as belonging to &,,, it will in that polygon be the homologue 
of A, as belonging to Ry, if m<n; but, as belonging to A,, it will, in that 
polygon, be the homologue of A, as belonging to R,. Hence the substitution, 
which changes R, into R,, has A, for a fixed point. 


This substitution may be either elliptic or parabolic, (but not hyperbolic, 
§ 292): that it cannot be loxodromic may be seen as follows. Let pe be 
the multiplier, where (§ 259) p is not unity and @ is not zero: and let 
=, denote the aggregate of polygons R,, f,, ..., Ra, 2, the aggregate 
fel ee end comot ml bene ,eisconanged tOes, oe, tOr sa, aad sO: On, 
by the substitution. Let p be an integer such that po >27; then, when 
the substitution has been applied p times, the aggregate of the polygons 
is =, and it will cover the whole or part of one of the aggregates %,, 3;,.... 
But, because p” is not unity, &, does not coincide with that aggregate or the 
part of that aggregate: the substitution is not then properly discontinuous, 
contrary to the definition of the group. Hence there is no loxodromic 
substitution in the group. If the substitution be elliptic, the sum of the 
angles of the cycle must be a submultiple of 27; when it is parabolic, each 
angle of the cycle is zero. 

In the generalised equations whereby points of space are transformed 
into one another, the plane of «#, y is conserved throughout: it is 
natural therefore to consider the division of space on the positive side of 
this plane into regions P,, P,, ..., such that P, is changed into all the 
other regions in turn by the application to it of the generalised equations. 
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The following results can be obtained by considerations similar to those 
before adduced in the division of a plane*. 


The boundaries of regions are either portions of spheres, having their 
centres in the plane of «, y, or they are portions of that plane: the 
regions are called polyhedral, and such boundaries are called faces. If the 
face is spherical, it is said to be of the first kind: if it is a portion of 
the plane of #, y, it is said to be of the second kind. Faces of the 
second kind, being in the plane of a, y and transformed into one another, 
are polygons bounded by ares of circles. 


The intersections of faces are edges. Again, an edge is of the first 
kind, when it is the intersection of two faces of the first kind: it is of 
the second kind, when it is the intersection of a face of the first kind 
with one of the second kind. An edge of the second kind is a circular 
are in the plane of a, y: an edge of the first kind, being the intersection 
of two spheres with their centres in the plane of a, y, is a circular arc, 
which lies in a plane perpendicular to the plane of #, y and has its 
centre in that plane. 


The extremities of the edges are corners of the polyhedra. They are 
of three categories : 


(1) those which are above the plane of w, y and are the common 
extremities of at least three edges of the first kind: 


(11) those which lie in the plane of a, y and are the common extremities 
of at least three edges of the first kind: 


(iii) those which he in the plane of w, y and are the common extremities 
of at least one edge of the first kind and of at least two edges of 
the second kind. 


Moreover, points at which two faces touch can be regarded as zsolated corners, 
the edges of which they are the intersections not being in evidence. 

Faces of a polyhedron, which are of the first kind, are conjugate in pairs: 
two conjugate faces are congruent by a fundamental substitution of the group. 

Edges of the first kind, being the limits of the faces, arrange themselves 
in cycles, in the same way as the angles of a polygon in the division of the 

> 7 7 : 

plane. If H,, #,,..., Hy»+ be the n edges in a cycle, the number of regions 
which have an edge in H#, is a multiple of n: and the sum of the dihedral 
angles at the edges in a cycle (the dihedral angle at an edge being the 
constant angle between the faces, which intersect along the edge) is a 
submultiple of 277. 

The relation between the polyhedral divisions of space and the polygonal 
divisions of the plane is as follows. Let the group be such as to cause the 


* See, in particular, Poincaré, Acta Math., t. iii, pp- 66 et seq. 
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fundamental polyhedron P, to possess n faces of the second kind, say Fy, 
Py, .-» Fy. Every congruent polyhedron will then have n faces of the 
second kind; let those of P; be Fy, My, ..., Fyn. Every point in the plane 
of «, y belongs to some one of the complete set of faces of the second kind: 
and, except for certain singular points and certain singular lines, no point 
belongs to more than one face, for the proper discontinuity of the group 
requires that no point of space belongs to more than one polyhedron. 


Then the plane of «, y is divided into n regions, say D,, D,, ..., D,; each 
of these regions is composed of an infinite number of polygons, consisting of 
the polygonal faces F. Thus D, is composed of Fy, Fi, My, ...; and these 
polygonal areas are such that the substitution S, transforms F,, into F%,. 
Hence it appears that, by a Kleinian group, the whole plane is divided into 
a finite number of regions; and that each region is divided into an infinite 
number of polygons, which are congruent to one another by the substitutions 
of the group. 


296. The preceding groups of substitutions, that have complex co- 
efficients, have been assumed to be properly discontinuous. 

Ex. Prove that, if any group of substitutions with complex coefficients be improperly 
discontinuous, it is improperly discontinuous only for points in the plane of a, y. 

(Poincaré.) 

One of the simplest and most important of the improperly discontinuous 
groups of substitutions, is that compounded from the three fundamental 
substitutions 


; ih ‘ : 
z¢=Sz=2+1, iat ie g=Vz=z+41, 


where 7 has the ordinary meaning. All the substitutions are easily proved to 


be of the form 
az+ 


yz+8? 
where ad — By =1, and a, f, y, 6 are complex integers, that 1s, are represented 
by m+n, where m and n are integers. This is the evident generalisation of 
the modular-function group: consequently there is at once a suggested 
generalisation to a polyhedron of reference, bounded by 
tee} Fey e—-%), Say eel, 
which will thus have one spherical and four (accidentally) plane faces. 


The following method of consideration of the points included by the 
polyhedron of reference differs from that which was adopted for the polygon 
of reference in the plane. 

If possible, let a point (&, 7, €) lying within the above region be transformed 
by the equations generalised from some one substitution of the group, say 
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from = tf into another point of the region, say &’, 7’, ¢’. Then we have 
yi 
fe ee ee ee 
From the last, it follows that ¢> a5" and similarly for &’, 7’, ¢’, by the 
hypothesis that the point is in the region. Now 
Cine \ Sol ee eae 1 
EF pryyo + evyd + 28) + 88, |S + yz + 6P? 
and therefore VCeySiyP +5 |yz + Op. 
Hence, as ¢ and ¢’ are both > 5 we have |y|?< 2: so that, because y is 


a complex integer, we have 
of = 0, aE ks By t, 
as the only possible cases. 
If y=0, then since aS— Py=1, we have a5=1 and a, 6 are complex 
integers : thus either 


a= Pld lies POR ioe a Ho =-1 
a Nie ys Wear = if’ 
For the first of these sub-cases we have, from the equations of the substitu- 
tion, 
[jew Se) 


where 8 is a complex integer: if the new point lie within the region, then 
8=0, and we have 
=, C= 
which is merely an identity. 
For the second, we have z’=z—: leading to the same result. 
For the third, we have, since 8, =7?, 
Z=—z+ifp. 
But as | &|, |n'|, |&|, | 


are all less than 4, we have B=0, and so 
&=—£, 1 =—7; and (=6 
For the fourth case, we have 
Z=—2z-18, 
leading to the same result as the third. Hence, if y = 0, the only point lying 
within the region is given by 
SS Sf. == ae ee 


determined by the substitution w’ = =H which is 7VT—V—T7Y, 
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If |y|=1, that is, yy, =1, then 


: =p? + ZWd + 276) + 85). 
Of the two quantities € and ¢’, one will be not greater than the other: we 
choose € to be that one and consider the accordingly associated substitution*: 
thus ¢/€’<1, p?>1, and so 


Zoo + ZO) + 00) < 0, 


O MeO TOLOs 
a5 << 


say Zo pe 0. 
of Yn OF OK 


On: 5 
Now jy|=1, so that is of the form p+1q, where p and q are integers: thus 


we have 


Dg = pe 29gn <0; 


which is impossible because 2& < 1, 2n < 1. 


Hence it follows that within the region there are only two equivalent 
points, derived by the generalised equations from the substitution 
7p Uw 


=e! 
and that all points within the region can be arranged in equivalent pairs 


S Ub G and — & — 15 & 


If the region be symmetrically divided into two, so that the boundaries of 
a new region are 


tee ene a, 6 ay el, tS 0, 


then no point within the new region is equivalent to any other point in the 
regiont. As in the division of the plane by the modular group, it is easy 
to see that the whole space above the plane of &, 7 is divided by the group : 
therefore the region 1s a polyhedron of reference for the group composed of the 
fundamental substitutions S, T, V. 


The preceding substitutions, with complex integers for coefficients, are of use in appli- 
cations to the discussion of binary quadratic forms in the theory of numbers. The special 
division of all space corresponds, of course, to the character of the coefficients in the 
substitutions : other divisions for similar groups are possible, as is proved in Poincaré’s 
memoir already quoted. 


* Were it ¢’, all that would be necessary would be to take the inverse substitution. 
+ Bianchi, Math. Ann., t. xxxvili, (1891), pp. 313—324, t. xl, (1892), pp. 8332—412; Picard, ib., 
t. xxxix, (1891), pp. 142—144; Mathews, Quart. Journ. Math., vol. xxv, (1891), pp. 289—296. 
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These divisions all presuppose that the group is infinite: but similar divisions for only 
finite groups (and therefore with only a finite number of regions) are possible. These are 
considered in detail in an interesting memoir by Goursat*; the transformations conserve 
an imaginary sphere instead of a real plane as in Poincaré’s theory. 


Ex. Shew that, for the infinite group composed of the fundamental substitutions 
1 / J 
— mer @=2+1, 2=z2Z+e, 


where e is a primitive cube root of unity, a fundamental region for the division of space 
above the plane of z, corresponding to the generalised equations of the group, is a sym- 
metrical third of the polyhedron extending to infinity above the sphere 


O+7+C=1, 
and bounded by the sphere and the six planes 


2=+1, +n/8=4+1, E—-n/8=+1. (Bianchi.) 


* «Sur les substitutions orthogonales et les divisions reguliéres de l’espace,” Ann. de Ec. 
Norm. Sup., 3™° Sér., t. vi, (1889), pp. 9—102. See also Schénflies, Math. Ann., t. xxxiv, (1889), 
pp- 172—203: other references are given in these papers, 
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297. As was stated in the course of the preceding chapter, we are 
seeking the most general form of the arguments of functions which secures 
the property of periodicity. The transformation of the arguments of trigo- 
nometrical and of elliptic functions, which secures this property, is merely a 
special case of a linear substitution: and thus the automorphic functions to 
be discussed are such as identically satisfy the equation 


FS) = f (2), 


where S; is any one of an assigned group of linear substitutions of which only 
a finite number are fundamental. 


Various references to authorities will be given in the present chapter, in connection 
with illustrative examples of automorphic functions: but it is, of course, beyond the scope 
of the present treatise, dealing only with the generalities of the theory of functions, to 
enter into any detailed development of the properties of special classes of automorphic 
functions such as, for instance, those commonly called polyhedral and those commonly 
called elliptic-modular. Automorphic functions, of types less special than those just men- 
tioned, are called Muchsian functions by Poincaré, when they are determined in association 
with a Fuchsian group of substitutions, and Aleinian functions, when they are determined 
in association with a Kleinian group: as our purpose is to provide only an introduction 
to the theory, the more general term automorphic will be adopted. 


The establishment of the general classes of automorphic functions is effected by 
Poincaré in his memoirs in the early volumes of the Acta Mathematica, and by Klein in his 
memoir in the 21st volume of the Mathematische Annalen: these have been already quoted 
(p. 678, note): and Poincaré gives various historical notes* on the earlier scattered occur- 
rences of automorphic functions and discontinuous groups. Other memoirs that may be 
consulted with advantage are those of Von Mangoldtt, Weber}, Schottky§, Stahl], 


* Acta Math., t. i, pp. 61, 62, 293: ib., t. iu, p. 92. Poincaré’s memoirs occur in the first, 
third, fourth and fifth volumes of this journal: a great part of the later memoirs is devoted to 
their application to linear differential equations. 

+ Gott. Nachr., (1885), pp. 313—319 ; ib., (1886), pp. 1—29. 

+ Gott. Nachr., (1886), pp. 8359—370. 

§ Crelle, t. ci, (1887), pp. 227—272. 

| Math. Ann., t. xxxili, (1889), pp. 291—309. 
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Schlesinger* and Ritter+: and there are two by Burnside, of special interest and 
importance in connection with the third of the seven families of groups (§ 292). Finally, 
reference may be made to the comprehensive treatise** by Fricke and Klein. 


298. We shall first consider functions associated with finite discrete 
groups of linear substitutions. 
There is a group of six substitutions 
ieee, 1 1 z-l 42 


ye ee 2 
oP} zg 74 Z +) pales 


: 4 , : 1 
which (§ 283) is complete. Forming expressions 2 — a, eee z—-(1-2), 


, 1 : a—1 an 
Ih 9p" ap v—Il 


and multiplying them together, we can express 


their product in the form 


guy on Ga ee 
eo aety Tecan 


so that ap pW tice ac 


(@- 2) 
is a function of z which is unaltered by any of the transformations of its 
variable given by the six substitutions of the group. The function is well 
known, being connected with the six anharmonic ratios of four points in a 
line which can all be expressed in terms of any one of them by means of the 
substitutions. 


Another illustration of a finite discrete group has already been furnished 
in the periodic elliptic transformation of § 258, whereby a crescent of 
the plane with its angle a submultiple of 27 was successively transformed, 
ultimately returning to itself: so that the whole plane is divided into portions 
equal in number to the periodic order of the substitution. 


If a stereographic projection of the plane be made with regard to any 
external point, we shall have the whole sphere divided into a number of 
triangles, each bounded by two small circles and cutting at the same angle. 
By choice of centre of projection, the common corners of the crescents can be 
projected into the extremities of a diameter of the sphere: and then each of 
the crescents is projected into a lune. The effect of a substitution on the 
crescent is changed into a rotation round the diameter joining the vertices 
of a lune through an angle equal to the angle of the lune. 


299. This is merely one particular illustration of a general correspondence 
between spherical rotations and plane homographies, as we now proceed to 
shew. The general correspondence is based upon the following proposition 
due to Cayley :— 

* Crelle, t. ev, (1889), pp. 181—232. 

+ Math. Ann., t. xli, (1892), pp. 1—82. 

{ Lond. Math. Soc. Proc,, vol. xxiii, (1892), pp. 48—88, ib., pp. 281—295. 

** Vorlesungen tiber die Theorie der automorphen Functionen, (Leipzig, Teubner, Ba. i, 1897). 
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When a sphere is displaced by a rotation round a diameter, the variables of 
the stereographic projections of any point in tts original position and in its dis- 
placed position are connected by the relation 

Pee ee) yy: 
— (b+ 1a) 2+ (d—ie) 


where a, b, c, d are real quantities. 


Rotation about a given diameter through an assigned angle gives a 
unique position for the displaced point: and stereographic projection, which 
is a conformal operation in that it preserves angles, also gives a unique point 
as the projection of a given point. Hence taking the stereographic projec- 
tion on a plane of the original position and the displaced position of a point 
on the sphere, they will be uniquely related: that is, their complex variables 
are connected by a lineo-linear relation, which thus leads to a linear substitu- 
tion for the plane-transformation corresponding to the spherical rotation. 

Now the extremities of the axis are unaltered by the rotation; hence the 
projections of these points are the fixed points of the substitution. If the 
points be & 7, € and —& —7, —€, on a sphere of radius unity, and if the 
origin of projection be the north pole of the sphere, the fixed points of the 
substitution are 


1-¢ 1+’ 
so that the substitution is of the form 
ee E+ 
oes ens 
Ae) ea) 
ea aye 


To determine the multiplier XK, we take a point P very near (, one extremity 
of the axis: let 2’ be the position after the rotation, so that CP’=CP. Then, 
in the stereographic projection, the small arcs which correspond to CP and 
CP’ are equal in length, and they are inclined at an angle a. Hence the 


Sele : joe v 
multiplier K is ¢*: for when z, and therefore 2’, is nearly equal to — — 2 a 


fixed point of the substitution, the magnification is |A’) and the angular 
displacement is the argument of K,, which is 4. 
Inserting the value of K, solving for z and using the condition 


&+7?+ €=1, we have 
,_ (d+%c) z—(b—1a) 


=, 
(b+ 1a) z+ (d — 1%) 

where a=£sinta, b=nsin$a, c=fsinia, d=cos a, 
so that e’+bP+e4@=1, 


the equivalent of the usual condition to which the four coefficients in any 
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linear substitution are subject: it is evident that the substitution is elliptic. 
The proposition* is thus proved. 
When the axis of rotation is the diameter perpendicular to the plane, we 
have, by § 256, 
z=he +i, 2! = he +t), 
so that Zz = ze, 
agreeing with the above result by taking £=0=7, €=1 so that a=0=), 
=sin 4a, d= cos fa. 

It should be noted that the formula gives two different sets of coefficients 
for a single rotation: for the effect of the rotation is unaltered when it is 
increased by 27, a change in a which leads to the other signs for all the 
constants a, b, c, d. 

It thus appears that the rotation of a sphere about a diameter interchanges 
pairs of points on the surface, the stereographic projections of which on the 
plane of the equator are connected by an elliptic linear substitution: hence, 
in the one case as in the other, the substitution is periodic when a, the 
argument of the multiplier and the angle of rotation, is a submultiple of 27. 

In the discussion of furfctions related in their arguments to these linear 
substitutions, it proves to be convenient to deal with homogeneous variables, 
so that the algebraic forms which arise can be connected with the theory of 
invariants. We take zz,=z,: the formule of transformation may then be 
‘represented by the equations 

A =K(Oe,+ 82), 2 = «lye, + 02), 
for the substitution z= (az+)/(yz+6). As we are about to deal with 
invariantive functions of position dependent upon rotations, it 1s important 
to have the determinant of homogeneous transformation equal to unity. 
This can be secured only if « =+1 or if «= —1: the two values correspond 
to the two sets of coefficients obtained in connection with the rotation. 
Hence, in the present case, the formule of homogeneous transformation are 
2 =(d+%)24—(b—ta) 2%, 2 =(b + ia) 24, + (d— 1c) 2, 

where a + 0? + c + d*, being the determinant of the substitution, = 1; every 
rotation leads to two pairs of these homogeneous equations+. Each pair of 
equations will be regarded as giving a homogeneous substitution. 

Moreover, rotations can be compounded: and this composition is, in the 
analytical expression of stereographically projected points, subject to the same 
algebraic laws as is the composition of linear substitutions. If, then, there 

* Cayley, Math, Ann., t. xv, (1879), pp. 2838—240 ; Klein’s Vorleswngen iiber das Ikosaeder, 
pp. 382—34. 

+ The succeeding account of the polyhedral functions are based on Klein’s investigations, 
which are collected in the first section of his Vorlesungen iéiber das Ikosaeder (Leipzig, Teubner, 
1884) : see also Cayley, Camb. Phil. Trans., vol. xiii, pp. 4—68. 


It will be seen that the results are intimately related to the results obtained in §§ 271—279, 
relative to the conformal representation of figures, bounded by circular ares, on a half-plane, 
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be a complete group of rotations, that is, a group such that the composition 
of any two rotations (including repetitions) leads to a rotation included in the 
group, then there will be associated with it a complete group of linear 
homogeneous substitutions. The groups are finite together, the number of 
members in the group of homogeneous substitutions being double of the 
number in the group of rotations: and the substitutions can be arranged in 
pairs so that each pair is associated with one rotation. 

300. Such groups of rotations arise in connection with the regular solids. 
Let the sphere, which circumscribes such a solid, be of radius unity : and let 
the edges of the solid be projected from the centre of the sphere into arcs of 
great circles on the surface. Then the faces of the polyhedron will be repre- 
sented on the surface of the sphere by closed curvilinear figures, the angular 
points of which are summits of the polyhedron. There are rotations, of proper 
magnitude, about diameters properly chosen, which displace the polyhedron 
into coincidence (but not identity) with itself, and so reproduce the above- 
mentioned division of the surface of the sphere: when all such rotations have 
been determined, they, form a group which may be called the group of the 
solid. Each such rotation gives rise to two homogeneous substitutions, so 
that there will thence be derived a finite group of discrete substitutions : 
and as these are connected with the stereographic projection of the sphere, 
they are evidently the group of substitutions which transform into one 
another the divisions of the plane obtained by taking the stereographic 
projection of the corresponding division of the surface of the sphere. For 
the construction of such groups of substitutions, it will therefore be sufficient 
to obtain the groups of rotations, considered in reference to the surface of 
the sphere. 


I. The Dihedral Group. The simplest case is that in which the solid, 
hardly a proper solid, is composed of a couple of coincident regular polygons 
of n sides*: a reference has already been made to this case. We suppose the 
polygons to he in the equator, so that their corners divide the equator into 
n equal parts: one polygon becomes the upper half of the spherical surface, 
the other the lower half. The two poles of the equator, and the middle 
points of the n arcs of the equator, are the corners of the corresponding solid. 

Then the axes, rotations about which can bring the surface into such 
coincidence with itself that its partition of the spherical surface is topo- 
graphically the same in the new position as in the old, are 

(i) the polar axis, 
(ii) a diameter through each summit on the equator, 
(iii) a diameter through each middle point of an edge : 
the last two are the same or are different according as n is odd or is even. 


* The solid may also be regarded as a double pyramid. 
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For the polar axis, the necessary angle of rotation is an integral multiple 
2 


of = Thus we have £=0=7, €=1, and therefore 


Bis Tv 
a=0=b, c=sin—, d=cos—; 
n n 


the substitutions are 


for r=0, 1, ...,n—1, and 


A=—e" 4%, t=—e ™ &, 


for the same values of r. These are included in the set 
inr inr 
CC. oh ee =a 
for r=0, 1, 2,..., 2n—1, being 2n in number: the identical substitution is 
included for the same reason as before, when we associated a region of 
reference in the z-plane with the identical substitution. 

For each of the axes lying in the equator, the angle of rotation is 
evidently 7. Let an angular point of the polygon lie on the axis of &, say at 
€=1, n»=0, ¢=0. Then so far as concerns (11) in the above set, if we take 

: : Di a 2 
the axis through the (r+1)th angular point, we have &=cos — ,n=sin - <e é 


¢=0:; hence, as a is equal to 7, we have, for the corresponding substitutions, 
Qrri Qrrt 


meme " 2. en aid 2h, 


a =— ie ® Ci fe Se 8 
for the same values of r. 
And so far as concerns (iii) in the above set, if we take an axis through 
the middle point of the rth side, that is, the side which joins the rth and the 
(2r—1)7 . (2r—1)7 


(r+ 1)th points, then & = cos ~— = » 7 = sin : , €=0: hence as a 
1 ? 


is equal to a, we have, for the corresponding substitutions, 
4 Qr=1) wt _Qr-V wi 
a =1 "hy, 2 =e " By 


for 7r=0; 1, ..., 2#— 1, and 


/ 


Zi=—te ”% ww gi=—ie ™ 2, 
for the same values of r. 

If n be even, the set of substitutions associated with (11) are the same in 
pairs, and likewise the set associated with (iii); if n be odd, the set associated 
with (11) is the same as the set associated with (iii). Thus in either case there 
are 2n substitutions: and they are all included in the form 
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Thus the whole group of 4n substitutions, in their homogeneous form, is 


imr amr 


Z, =e Be | Tie Se Ze We 


anr any 
: tae Cutt 
By Se “ee 


Ze OR, 


for r=0,..., 2n—1: and in the non-homogeneous form, the group is 
Qinr 
Qinr am 
ieee é n 
CoC ee 
Zz 
where r=0, 1,..., n»-—1 for each of them. The non-homogeneous expres- 


sions are not in their normal form in which the determinant of the coefficients 
in the numerator and denominator is unity. Each expression gives two ° 
homogeneous substitutions. 


It is easy geometrically to see that all the axes have been retained: and 
that they form a group, that is, composition of rotations about any two of the 
axes is a rotation about one of the axes. The period for each of the equatorial 


: ; wee ‘ 
axes 1s 2; the period for a rotation — about the polar axis depends on the 
reducibility of 


Before passing to the construction of the functions which are unaltered 
for the dihedral group of substitutions, we shall obtain the tetrahedral group 
and construct the tetrahedral functions, for the explanations in regard to the 
dihedral functions arise more naturally in the less simple case. 

Il. The Tetrahedral Group. We take a regular cube as in the figure: 
then ABCD is a tetrahedron, A’BC'D’ is the polar tetrahedron. 


Fig. 119. 


It is easy to see that the axes of rotation for the tetrahedron are 
(i) the four diagonals of the cube 4A’, BB’, CC’, DD’; 
F. 46 
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(ii) the three lines joining the middle points of the opposite edges of 
the tetrahedron. 


The latter pass through the centre of the cube and are perpendicular to 
pairs of opposite faces. When the sphere circumscribing the cube is drawn, 
the three axes in (ii) intersect the sphere in six points which are the angles 
of a regular octahedron. Thus, though the axes of rotation for the three 
solids are not the same, the tetrahedron, the cube, and the octahedron may 
be considered together: in fact, in the present arrangement whereby the 
surface of the sphere is considered, the cube is merely the combination of the 
tetrahedron and its polar. 


For each of the diagonals of the cube, the necessary angle of rotation 
for the tetrahedron is 0 or 3a or 47: the first of these gives identity, and 
the others give two rotations for each of the four diagonals of the cube, so 
that there are eight in all. 


For each of the diagonals of the octahedron, the angle of rotation for 
the tetrahedron is 7: there are thus three rotations. 


With these we associate identity. Hence the number of rotations for the 
tetrahedron is (8 + 3 + 1 =) 12 im all. 


There are two sets of expressions for the tetrahedron according to the 
position of the coordinate axes of the sphere. One set arises when these are 
taken along Ox, Oy, Uz, the diagonals of the octahedron; the other arises, 
when a coordinate plane is made to coincide with a plane of symmetry of the 
tetrahedron such as B’DBD". 


Let the axes be the diagonals of the octahedron. The results are 
obtainable just as before, and so may now merely be stated: 


Z 1 a 
TKS am ON oie ey feat B ; when a = 27r, the substitution is 
, 2+4% 
A 
Z—1 


and when @ = 47, the substitution is 


ead 
— g—1 
1 
For OA, &=—-n=C= V3) when a= 2m, the substitution is 
ee 
~ x gee}? 


and when «= 477, the substitution is 
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1 Beane 
for OC =n7=¢= B ; when a = 277, the substitution is 
a t 
Ane 
and when a = 47, the substitution is 
a Bad 
Ss 24 
a il RG Ss he 
For OD’, - €=—-n= b= 77g) when @ = 277, the substitution is 
, e-4 
ee oe 
and when a = 47, the substitution is 
Cee naa : 
— eee 
For Ov, €=1, n =0, €£=0 and a=7: the substitution is 
riage 
Q= =, 
z 
For Oy, €=0,7n=1, €=0, and a=7: the substitution is 
? 1 
Z=—-—. 
Zz 
For Oz, €=0,7 =0, €=1 and «=7: the substitution is 
g=-—2Z 


And identity is 2’ =z. 
Hence the group of tetrahedral non-homogeneous substitutions vs 
1 2—1 241 Z-% z+ VY 


= 4 es 
Be “pede ie pes I Bl ep eG® 


+ 


Ce 


when the axes of reference in the sphere are the diameters bisecting opposite 
edges of the tetrahedron. Lach of these substitutions gives rise to two homo- 
geneous substitutions, making 24 in all. 


To obtain the transformations in the case when the plane of «xz is a plane 
of symmetry of the tetrahedron passing through one edge and bisecting the 
opposite edge, such as B’DBD" in the figure, it is sufficient to rotate the 
preceding configuration through an angle {a about the preceding Oz-axis, 
and then to construct the corresponding changes in the preceding formuls. 

For this rotation we have, with the preceding notation of § 299, §=O0=7, 
€=1, a=4r: then a=0=0, c=sin jn, d=cos}m, so that d +c = et"; 
and therefore the ¢ of the displaced point in the stereographic projection is 
connected with the € of the undisplaced point in the stereographic projection 


by the equation 
patently, gelri Seay 
= {eit — De 


=e 
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If then Z be the variable of the projection of the undisplaced point and Z’ 
that of the projection of the displaced point with the present axes, and z 
and 2’ be the corresponding variables for the older axes, we have 


i) leaped. 

Ly 4 = V2 ? 
1-2 i) 

is Ne et Hit = —— Z, 
that 1s, 2 2 Lie 2 


Taking now the twelve substitutions in the form of the last set and substi- 
tuting, we have a group of tetrahedral non-homogeneous substitutions in the 
form 


ee 7 Z/2 — (1 +2) 4/24 (1 +74) 
Gets EG Xe ay oe Ge ray a 
,2v2+ 1-1) 2/2 —(1 -1) 


il LoS, ae ee 
when one of the coordinate planes is a plane through one edge of the 


tetrahedron bisecting the opposite edge: each of these gives rise to two 
homogeneous substitutions, making 24 in all. 


301. The explanations, connected with these groups of substitutions, 
implied that certain aggregates of points remain unchanged by the operations 
corresponding to the substitutions. These aggregates are (1) the summits of 
the tetrahedron, (11) the summits of the polar tetrahedron—these two sets 
together make up the summits of the cube: and (111) the middle points of the 
edges, being also the middle points of the edges of the polar tetrahedron— 
this set forms the summits of an octahedron. 


When these points are stereographically projected, we obtain aggregates 
of points which are unchanged by the substitutions. We therefore project 
stereographically with the extremity z of the axis Oz for origin of projection : 
and then the projections of a, w’, y, y’, z, 2’ are 1, —1, 7, —7, 0, 0, which are 
the variables of these points. 


Instead of taking factors z—1, +1, ..., we shall take homogeneous 
forms 2;— 2%, 2+ 2, %4— 1%, %+%%, 2, 23; the product of all these factors 
equated to zero gives the six points. This product is 


t= 22, (2,4 — z,4). 


For the tetrahedron ABCD, the summits A, B, C, D are 5 , 73 ) a } 
1 1 ie l 1 1 1 1 


therefore the variables of the ia. in the stereographic projection are 


ae —1+7 1+4 
of A, ——— > or.B, a) : 
6) 1a a) eae C; vom i> oD, (a 
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Forming homogeneous factors as before, the product of the four equated to 
zero gives the stereographic projections of the four summits of the tetra- 
hedron ABCD. This product is 

W = 2,4 — 2 V— 8222,? + a4. 

Similarly for the tetrahedron A’B’O’D’; the product of the factors 

corresponding to the stereographic projections of its four summits is 
D = 2,4 +2 V— 3222.2 + Zo! 
And the product of the eight points for the cube is ®YW, that is, 
W = 284+ 14a42.! + 28. 

All these forms t, ®, V are, by their mode of construction, unchanged 
(except as to a constant factor, which is unity in the present case) by the 
homogeneous substitutions: and therefore they are invariantive for the group 
of 24 linear homogeneous substitutions, derived from the group of 12 non- 
homogeneous tetrahedral substitutions. If VW be taken as a binary quartic, 
then © is its Hessian and ¢ is its cubicovariant: the variants are numerical 
and not algebraical: and the syzygy which subsists among the system of 
concomitants 1s 

PP? — VW? = 12 V— 8p, 
a relation easily obtained by reference merely to the expressions for the forms 
®D, V, ¢. 

The object of this investigation is to form Z, the simplest rational 
function of z which is unaltered by the group of substitutions: for this 
purpose, it will evidently be necessary to form proper quotients of the 
foregoing homogeneous forms, of zero dimensions in z and z. Let 
be any rational function of z, which is unaltered by the tetrahedral 
substitutions. These substitutions give a series of values of z, for which 
Z has only one value: hence Rk and Z, being both functions of z and 
therefore of one another, are such that to a value of Z there is only one 
value of R, so that R is a rational function of Z. 

In particular, the relation between R and Z may be lineo-linear: thus Z 
is determinate except as to linear transformations. This unessential indeterm- 
inateness can be removed, by assigning three particular conditions to 
determine the three constants of the linear transformation. 

The number of substitutions in the z-group is 12: hence as there will 
thus be a group of 12 z-points interchanged by the substitutions, the simplest 
rational function of Z will be of the 12th degree in z, and therefore the 
numerator and the denominator of the fraction for Z, in their homogeneous 
forms, are of the 12th degree. The conditions assigned will be 

G) Z must vanish at the summits of the given tetrahedron: 
Gi) Z must be infinite at the summits of the polar tetrahedron : 
(iii) Z must be unity at the middle points of the sides. 
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Then Z, being a fractional function with its numerator and its denominator 
each of the 12th degree and composed of the functions ®, V, ¢, must, with 
the foregoing conditions, be given by 
We 

fies pb? 5 

by means of the syzygy, we have 
ZF S111 SW: — 12 — 8h: OF 

which is Klein’s result. Removing the homogeneous variables, we have 
Zi Z—-1:1=(#—-2V— 322+ 1) : —12V7— 824 (24 — 1)? : (44+ 2V— 3241); 
and then Z is a function of z which is unaltered by the group of 12 tetra- 
hedral substitutions of p. 723. And every such function is a rational function 
of Z. 


This is one form of the result, depending upon the first position of the 
axes: for the alternate form it is necessary merely to turn the axes through 
an angle of +7 round the z-axis, as was done in § 300 to obtain the new 
groups. The result is that a function Z, unaltered by the group of 12 
substitutions of p. 724, is given by 

Z:Z-1:1=(4— 232-1) : — 12/382? (244+ 1P : (4427/32? - 1) 

It still is of importance to mark out the partition of the plane corre- 
sponding to the groups, in the same manner as was done in the case of the 
infinite groups in the preceding chapter. This partition of the plane is the 
stereographic projection of the partition of the sphere, a partition effected by 
the planes of symmetry of the tetrahedron. Some idea of the division may 
be gathered from the accompanying figure, which is merely a projection on 
the circumscribing sphere from the centre of the cube. The great circles 
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meet by threes in the summits of the tetrahedron and its polar, being the 
sections by the three planes of symmetry, which pass through every such 
summit, and the circles are equally inclined to one another there : they meet 
by twos in the middle points of the edges and they are equally inclined to 
one another there. They divide the sphere into 24 triangles, each of which 
has for angles 47, 47, 4. (See Case IL, § 278.) 


The corresponding division of the plane is the stereographic projection of 
this divided surface. Taking A as the pole of projection, which is projected 


Fig. 121. 


to infinity, then A’ is the origin: the three great circles through A’ become 
three straight lines equally inclined to one another; the other three great 
circles become three circles with their centres on the three limes concurrent 
in the origin. The accompanying figure shews the projection: the points in 
the plane have the same letters as the points on the sphere of which they 
are the projections: and the plane is thus divided into 24 parts. There are, 
in explicit form, only 12 non-homogeneous substitutions: but each of these 
has been proved to imply two homogeneous substitutions, so that we have 
the division of the plane corresponding to the 24 substitutions in the group. 
The fundamental polygon of reference is a triangle such as OA’ x’. 


302. It now remains to construct the function for the dihedral group. 
The sets of points to be considered are :— 


(i) the angular points of the polygon: in the stereographic projection, 
these are 
ert tore $001), mol; 
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(ii) the middle points of the sides: in the stereographic projection, 


these are 
mi(2s+1) 


@ 8 4, forss=0) Ue lean 
(iii) the poles of the equator which are unaltered by each of the 
rotations: in the stereographic projection, these are 0 and «. 
Forming the homogeneous products, as for the tetrahedron, we have, for (1), 
= 7,2, 
for (11), Va“ +2"; 
and, for (111), Wes 
these functions being connected by a relation 
— U?+V?=4W". 

Because the dihedral group contains 2n non-homogeneous substitutions, 
the rational function of z, say Z, must, in its initial fractional form, be of 
degree 2n in both numerator and denominator; and it must be constructed 
from U, V, W. 

The function Z becomes fully determinate, if we assign to it the following 
conditions : 

(i) Z must vanish at points corresponding to the summits of the 
polygon, 
(i) Z must be infinite at pomts corresponding to the poles of the 
equator, 
(ii) Z must be unity at points corresponding to the middle points of 
the edges: 
and then we find 
Z:Z-1:1={4(—-1)P: [4 (*4+ DP: - 
which gives the simplest rational function of z that is unaltered by the 
substitutions of the dihedral group. 

The discussion of the polyhedral functions will not be carried further here: sufficient 
illustration has been provided as an introduction to the theory which, in its various 
bearings, is expounded in Klein’s suggestive treatise already quoted. 

Ex... Shew that the anharmonic group of § 298 is substantially the dihedral group 
for n=3 ; and, by changing the axes, complete the identification. (Klein.) 

Ex, 2. An octahedron is referred to its diagonals as axes of reference, and a partition 
of the surface of the sphere is made with reference to planes of symmetry and the axes of 
rotations whereby the figure is made to coincide with itself, 

Shew that the number of these rotations is 24, that the sphere is divided into 48 
triangles, that the non-homogeneous substitutions which transform into one another the 
partitions of the plane obtained from a stereographic projection are 
he etl eal een? ete 
a? z—1’ tl’? — z+2’ z-0’ 


Z=n, 


where £=0, 1, 2, 3; and that the corresponding octahedral function is 
Z4:Z-1:1=(8+14441)3 : (212 — 3328— 332441)? : 10824 (24-1)4. (Klein.) 
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303. We now pass from groups that are finite in number to the 
consideration of functions connected with groups that are infinite in 
number. The best known illustration is that of the elliptic modular- 
functions; one example is the form of the modulus in an elliptic integral 
as a function of the ratio of ‘the periods of the integral. The general 
definition of a modular-function* is that it is a uniform function such that 
ae, and yw), where a, £, 
y, 8 are integers subject to the relation a’—@y=1. The simplest case is 
that in which the two functions W are equal. 


an algebraical equation subsists between ( 


The elliptic quarter-periods K and 7K’ are defined by the integrals 


ee) {2(1—z) (1 — k*z)}-* dz = {z(1 — z) (1 — ez)}-* dz, 
2K’ = [’ {e(1—z)(1 —h))de= | {zg(1 — 2) (1 — 'z)}-* dz, 
= OG 0 


where c+ce’=1. The ordinary theory of elliptic functions gives the equation 


eee Kae T 

us de se de 4cc"’ ss 
whatever be the value of c. To consider the nature of these quantities as 
functions of ¢, we note that c=1 is an infinity of A and an ordinary point of 
Kk’, and that similarly c=0 is an infinity of A’ and an ordinary point of HK: 
and these are all the singular points in the finite part of the plane. The 
value c= must also be considered. All other values of ¢ are ordinary 
points for K and A”, 

For values of ¢, such that |c|< 1, we have 
2K i] 4b (5) ¢ hk (F4) e+ 
Re 2 2.4 me 


so that, in the vicinity of the origin, 


Ce he a 
de & ~  4iKcc! 
=— = [ + : + positive integral powers of | 


Hence in the vicinity of the origin 
iG = 
ee 


where P(¢) is a uniform series converging for sufficiently small values of |c|: 


IL 
— — loge + P(c), 


and therefore, still in the vicinity of the origin, 
; ue y 
K’=—— loge+ KP (ec). ws 
Th 


* This is the definition of a modular-function which is adopted by Hermite, Dedekind, Klein, 
Weber, and others. 
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Now let the modulus ¢ describe a contour round the origin and return to 
its original value. Then X is unchanged, for the c-origin is not a singularity 


of K. 


The new value of K’ is evidently 
a © (mi +log c) + KP(c), 


that is, iK’ changes into 2h +7K'. Hence, when c describes positively a 
small contour round the origin, the quarter-periods K and 1K’ become K and 
2k +7K’ respectively. 


In the same way from the equation 


Wie ii ok 
us dc’ — i des 4cc’”’ 


and from the expansion of K’ in powers of c’ when |c’|< 1, we infer that 
when c’ describes positively a small contour round its origin, that is, when ¢ 


describes positively a small contour round the point c=1, then 1K’ is unchanged 
and K changes to K — 21k". 


It thus appears that the quantities K and 7K’, regarded as functions of 
the elliptic modulus ¢, are subject to the linear transformations 


ido) = V (K) = K-2%K’ 
VOU GK Sth ak, VG es ih 


without change of the quantity c; and the application of either substitution 
is equivalent to making c describe a closed circuit round one or other of the 
critical points in the finite part of the plane, the description being positive if 
the direct substitution be applied and negative if the inverse be applied. 
When these substitutions are appled any number of times—the index 
being the same and composed in the same way for K as for 7AK’-—then, 
denoting the composite substitution by P, we have results of the form 


PK = 8K + ik) 
Pik’ = BK + aik’S’ 


where 6 and y are even integers, a and & are odd integers of the forms 
1+ 4p, 1+ 4q, say = 1 (mod. 4), and, because the determinant of U and that 
of V are both unity, we have ad—Py=1 by § 282. These equations give 
the partially indeterminate form of the values of the quarter-periods for an 
assigned value of the modulus ec. 

“77 
of , the quotient of 
the quarter-periods. The quotient is taken, for various reasons: thus it 
enables us to remove common factors, it is the natural form in the passage 
to g-series, and so on. The function is unaltered, when w is subjected 


Conversely, we may regard ¢ as a function of w= 
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to the infinite group of substitutions derived from the fundamental 


substitutions 


Ww 


Denoting the function ¢ by ¢(w), we have 
c= (w)=$(w+2)=4(,--). 


—Qw 


We have still to take account of the relation of 7X’/K to c, when the latter has 
infinitely large values. For this purpose, we compare the differential expressions 


k {x (1-2) (1-Ba)} Fda, {y(l-y) (1-Py)} dy, 
which are equal to one another if /2a=y and ki=1. As .w moves from 0 to 1, y moves 
from 0 to 4, that is, from 0 to 1//? ; integrating between these limits, we have 
kK=A+1N, 

where A and A’ are quarter-periods with modulus /=1/k. As y moves from 0 to 1, w 
moves from 0 to 1/k?; integrating between these limits, we have 

k(K+tK')=A, 
so that Ig EC = IN, 

In order to obtain the effect on K and 7X’ of an infinitely large circuit described 
positively by c, we make 7 describe a very small circuit round its origin negatively. By 
what has been proved, the effect of the latter is to change A and 7A’ into A and 
iA’—2A respectively. Hence the new value of kik’ is 


—iN'+2A=h (37K'+24K) ;s 
and the new value of £XK is 
A+tA’-2A=—k (2K'+ Kf). 


Hence if w’ denote the new value of w, consequent on the description of the infinitely 
large circuit by c, we have 
38w +2 


ie heal Tess A pea NG ya yy 
wW eal U-1V-1w 


No new fundamental substitution is thus obtained ; and therefore U, V are the only 
fundamental substitutions of the group for c, regarded as a modular-function. 


Again, c’ is a rational function of ¢ and is therefore a modular-function : 
consequently also cc’ is a modular-function. Being a rational function of 
c, it is subject to the two substitutions U and V, which are characteristically 
fundamental for ¢ (w). Now cc’ is unchanged when we interchange ¢ and ¢, 
that is, when we interchange K and K’; so that, if A, and 7K,’ be new 
quarter-periods for a modulus cc’, we have 


ope ee eG, 


1 
and therefore WES Fe 


Thus cc’ as a modular-function must be subject to the substitution 


1 
Tw=--. 
w 
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L 1 ——— 
Ulin © 2 la Lee 
so that V is compounded of 7 and U. Hence the substitutions for cc’, 
regarded as a modular-function, are the infinite group, derived from the 
fundamental substitutions 


But TUTw = - Vw, 


1 
Uw=w-+ 2, Tw=——-. 
w 


Denoting the modular-function cc’ by yx (w), we have 
F i 
co! =x (w) = x(w+2)=x (-5). 


To obtain the change in w caused by changing c¢ into e/c’, we use the 

differential expression 
{y(1 — y) (1 — Py} dy. 
When the variable is transformed by the equation* (1— y)(1 —ka)=1—a, 
where k/?= — k*, the expression becomes 
k’ {a (1 — «) (1 — #a)} 3 da. 
When y describes the straight lie from 0 to 1 continuously, # also 
describes the straight line from 0 to 1 continuously. Integrating between 
these limits, we have 
A= kK, 

where A is a quarter-period. When y describes the straight line from 0 
to 1/2 continuously, « describes the straight line from 0 to » continuously, 
or, say, the line from 0 to 1/k? and the line from 1/k? to » continuously. 
Integrating between these lhmits, we have 


Ce eenvaue: | {w(1 —2) (1 — Ba) da 
1 
=k (K+ik)4+hK 
on using the transformation k?7u = 1 and taking account of the path described 
by the variable w: and therefore 
VN Sk A an), 
Hence the change of modulus from & to th/k’, which changes ¢ to — ¢/c’, gives 
the changes of quarter-periods in the form 
Neste Ky ti =k Ce eae). 


and therefore the new value of w, say wy, 1s 


J 


wW,=w+1= Sw. 

It therefore follows that, when ¢— c/c’ is regarded as a modular-function 
of the quotient w of the quarter-periods A and 7K’, it must be subject to 
the substitutions 

w 
S(w)=w4+l1, Uw)=w+2, Vw) =s=5 = 
— 2w 


* This is the equation expressing elliptic functions of k’u in terms of elliptic functions of u. 
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Evidently S?=U, and U may therefore be omitted; V and § are the 
fundamental substitutions of the infinite group of transformations of w, 
the argument of the modular-function c?/c’. 


As a last example, we consider the function 


It is a rational function of cc’, and therefore is a modular-function having the 
substitutions Zw and Uw. By § 298, it is unaltered when we substitute 


= for c. It has just been proved that this change causes a change of w 


into w+1, and therefore J, as a modular-function, must be subject to the 
substitution 

Sw=wt+l. 
Evidently S’w~ = w+2=Uw, so that U is no longer a fundamental substitution 
when S is retained. Hence we have the result that J is unaltered, when w is 
subjected to the infinite group of substitutions derived from the fundamental 
substitutions 


Sw =w+l, lie ee 
w 
so that we may write 
pe Gia Chena m= a (-=) 
arse aor =I (w=J we lad mae 
This is the group of substitutions considered in § 284: they are of the 
form a where a, 8, y, 6 are real integers subject to the single relation 
yw 

aé — By=1. 


These illustrations, in connection with which the example in § 298 should be con- 
sulted, suffice to put in evidence the existence of modular-functions, that is, functions 
periodic for infinite groups of linear substitutions, the coefficients of which are real 
integers. The theory has been the subject of many investigations, both in connection 
with the modular equations in the transformation of elliptic functions and also as a 
definite set of functions. The investigations are due among others to Hermite, Fuchs, 
Dedekind, Hurwitz, and especially to Klein*; and reference must be made to their 
memoirs, or to Klein-Fricke’s treatise on elliptic modular-functions, or to Weber’s 
Elliptische Functionen, for an exposition of the theory. 

304. The method just adopted for infinite groups is very special, being 
suited only to particular classes of functions: in passing now to linear 
substitutions, no longer limited by the condition that their coefficients are 
real integers, we shall adopt more general considerations. The chief 
purpose of the investigation will be to obtain expressions of functions 
characterised by the property of reproduction when their argument is 
subjected to any one of the infinite group of substitutions. 


* Some references are given in Hnneper’s Mlliptische Functionen, (2! Aufl.), p. 482. 
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The infinite group is supposed of the nature of that in § 290: the 

members of it, being of the form 

(4, ee), or (efi); 
are such that a circle, called the fundamental circle, is unaltered by any of the 
substitutions. This circle is supposed to have its centre at the origin and 
unity for its radius. 

The interior of the circle is divided into an infinite number of curvilinear 
polygons, congruent by the substitutions of the group: each polygon contains 
one, and only one, of the points in the interior associated by the substitutions 
with a given point not on the boundary of the polygon. Hence corresponding 
to any point within the circle, there is one and only one point within the 
fundamental polygon, as there is only one such point in each of the polygons: 
of these homologous points the one, which lies in the fundamental polygon 
of reference, will be called the irreducible point. It is convenient to speak of 
the zero of a function, implying thereby the irreducible zero: and similarly 
for the singularities. 


The part of the plane, exterior to the fundamental circle, is similarly 
divided: and the division can be obtained from that of the internal area by 
inversion with regard to the circumference and the centre of the fundamental 
circle. Hence there will be two polygons of reference, one in the part of the 
plane within the circle and the other in the part without the circle: and 
all terms used for the one can evidently be used for the other. Thus the 
irreducible homologue of a point without the circle is in the outer polygon 
of reference: for a substitution transforms a point within an internal polygon 
to a point within another internal polygon, and a point within an external 
polygon to a point within another external polygon. 

Take a point z in the interior of the circle, and round it describe a small 
contour (say for convenience a circle) so as not to cross the boundary of the 
polygon within which z lies: and let z; be the point given by the substitution 
Ji(z). Then corresponding to this contour there is, in each of the internal 
polygons, a contour which does not cross the boundary of its polygon: and as 
the first contour (say C,) does not occupy the whole of its polygon and as the 
congruent contours do not intersect, the sum of the areas of all the contours 
C; is less than the sum of the areas of all the polygons, that is, the sum is 
less than the area of the cirele and so it is finite. 

If uw; be the linear magnification at z;, we have 


i” an 4 
a Tea + Ose | de |’ 
and therefore, if m; be the least value of the magnification for points lying 


within C,, we have 
C; > m?C). 
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The point ae is the homologue of z= by the substitution 


i 
( az + B; 
Z, 
ye + 6; 
the circle: though, in the limit of 7 infinite, it 


), and therefore — 6;/y; lies without G 


may approach indefinitely near to the circum- 
ference*. 


Let this point be G: and through G and 
O, the centre of the fundamental circle, draw 
straight lines passing through the centre of 
the circular contour. Then evidently 


—2 i . 
m;=|y¥i| GP» 
and, if M; be the greatest magnification, then Fig. 122. 
Dope 
M; ae Irv: GQ ’ 
M, GP 
so that Te Cs 


Now @ is certainly not inside the circle, so that GQ is not less than RA: 


thus 
GP PQ AB ABA nb 


which is independent of the point G, that is, of the particular substitution 


2 
fi (2). Denoting ea by K, we have 


M; 
—< K, 
mM; 
or M; < Km. 
Evidently mw, 1s finite. 
1 ’ 
Now reas oe Km;, 
I : € 
and therefore ————, < K*m? < = C;, 
liz + 5;|* CG, 
a yaa 
so that > |yiz+ol*< = > C;. 
7=0 0 7=0 


* For, in § 284, when the coefficients are real, a point associated with a given point may, for 
i=, approach indefinitely near to a point on the axis of #: and then, by the transformation of 
§ 290, we have the result in the text. 
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It has been seen that » O; is less than the area of the fundamental circle and 
i=0 
is therefore finite: hence the quantity 
= [ye + 8:/4 


i=0 
is finite. It therefore follows that = ? is an absolutely converging series. 
i=0 


Similarly, it follows that } mw; is an absolutely converging series for all 
i=0 
integral values of m that are greater than unity*. This series is evidently 


> |ryiz + Of 
7=0 


and the absolute convergence is established on the assumption that z les 
within the fundamental circle. 
Next, let z lie without the fundamental circle. If z coincide with some 
one of the points — 6,/y;, then the corresponding term of 
the series So 
> liz te é; 
1=0 


—2m 


1s infinite. 
If it do not coincide with any one of the points 


— 6;/y:, let c be its distance from the nearest of them, so 
that 


|yiz te Oi, <z Yi —2Mm e—2mM Fig. 123. 
Let z be any point within the fundamental circle: then 
lyiz’ aE 6; —2m (G2\-" lv 


—2m 


Now G2’ <14+0G<1+4 Pak for any point within the circle, so that 


v 


; he 6; 2m 
viz + oe > |-ys|-2™ 1 + a ; : 
v 


Hence le aba < E fl = Si ty 
yee = Og Le Yi 

Only a limited number of the points — 6;/y; can be at infinity. Each of 
the corresponding substitutions gives the point at infinity as the homologue 
of — 6;/y;; and therefore, inverting with regard to the fundamental circle, we 
have a number of homologues of the origin coinciding with the origin, equal 
to the number of the points — 6,/y; at infinity. The origin is not a singularity 
of the group, so that the number of homologues of the origin, coincident with 
it, must be limited. 


* A completely general inference as to the convergence of the series, when m=1, cannot be 

made: the convergence depends upon the form of the division of the plane into polygons, and 
5 an 

Burnside (1.c., p. 716) has proved that there is certainly one case in which > p, is an absolutely 


: w +=0 
converging series. 
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Omitting the corresponding terms from the series, an omission which does 


0 


not affect its convergence, we can assign a superior limit to : let it be 


Gee then 


Vi 


viz au OM ee ee 


yaa’ + 8; Faw ¢ 


Thus = lye + 8°" < a > lyiz’ + 8;;-°", 
0 


= 


1=0 
which is a finite quantity by the preceding investigation, for 2’ is a point 
within the circle. 

Lastly, let z lie on the fundamental circle. If it coincide with one of the 
essential singularities of the group, then there is an infinite number of points 
— 6;/y; which coincide with it: and so there will be an infinite number of 
terms in the series infinite in value. If it do not coincide with any of the 
essential singularities of the group, then there is a finite (it may be small, 
but it is not infinitesimal) limit to its distance from the nearest of the points 
— 6;/y:: the preceding analysis is applicable, and the series converges. 


Hence, summing up our results, we have :— 


The series > lye + 8,72" 
i=0 


ws an absolutely converging series for any pont in the plane, which rs not 
coincident with any one of the points — 8;/'y; (which all lhe without the funda- 
mental circle) or with any one of the essential singularities of the assigned 
group (which all he on the circumference of the fundamental curcle)*. 


305. Let H(z) denote a rational function of z, having a number of 
accidental singularities a,, ..., @, no one of which les on the fundamental 
circle; and let it have no other singularities. Consider the series 

2) a;zZ + B: 
1) = WA 8; ot a ‘ , 
(2) = & (ye + By H ( 
the group being the same as above. If z do not coincide with any of the 
points @, ..., dp, or with any of the points homologous with ay, ..., @y by the 
substitutions of the group, there is a maximum value, say M, for the modulus 


of H with any of the arguments casas Bi Then 
viz + 0; 


1@(2)| <M S \ye +8; 
1=0 


—2m 
5) 


* The coefficients a, B, y, 6 of the substitutions of the group depend upon the coefficients of 
the fundamental substitutions, which may be regarded as parameters, arbitrary within limits. 
The series is proved by Poincaré to be a continuous function of these parameters, as well 
as of the variable z: this proposition, however, belongs to the development of the theory and can 
be omitted here as we do not propose to establish the general existence of all the functions. 


oe AT 
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and the right-hand side is finite, if in addition z do not coincide with any of 
the points — 6,/y; or with any of the essential singularities of the group. 
Hence ® (z) is an absolutely converging series for any value of z in the plane 
which does not coincide with (i) an accidental singularity of H(z), or one of 
the points homologous with these singularities by the substitutions of the 
group, or with (ii) any of the points — 6;/y;, which are the various points 
homologous with z= © by the substitutions of the group, or with (111) any of 
the essential singularities of the group, which are points lying on the funda- 
mental circle. 


All these points are singularities of © (z). 
If z coincide with fy (a) and if f; {fx(2)} =, then the term H ( 


az + B; 
Viz - 
eR) the 
yz + 9; 

rest of the series is then of the same nature as @(z) in the more general 
case, and therefore converges. Hence the point is an accidental singularity 
of the function ©(z) of the same order as for H, that is, the series of points, 
given by the accidental singularities of H(z) and by the points homologous 
with them through the substitutions of the group, are accidental singularities 
of the function © (z). 


In the same way it is easy to see that the points — 8;/y; are either 
ordinary points or accidental singularities of @(z); and that the essential 
singularities of the group are essential singularities of @(z). Hence we 
have the result :— 


The series O(z)= = (vie + 6i)°" i : S) , 


is infinite, the point being an accidental singularity of H ( 


where the summation extends over the infinite number of members of an assigned 
discontinuous group, is a function of z, provided the integer m be >1 and H (z) 
be a rational function of z. The singularities of ® are :— 


(1), the accidental singularities of H(z) and the points homologous with 
them by the substitutions of the group: all these points are accid- 
ental singularities of © (z) ; 

(11), the points — 6;/y;, which are the points homologous with z= by 
the substitutions of the group: all these points, if not ordinary 
points of @(z), are accidental singularities ; and 


(in), the essential singularities of the group: these lie on the fundamental 
circle and they are essential singularities of © (2). 
If H(z) had any essential singularity, then that point and all points homo- 
logous with it by substitutions of the group would be essential singularities 
of @(z). The function ©(z), thus defined, is called* Thetafuchsian by 
Poincaré. 
* Acta Math., t. i, (1882), p. 210. 
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If the group belong to the first, the second, or the sixth family, 
it is known that the circumference of the fundamental circle enters into 
the division of the interior of the circle (and also of the space exterior to 
the circle) only in so far as it contains the essential singularities of the 
group. But if the group belong to any one of the other four families, 
then parts of the circumference enter into the division of both spaces. 


In the former case, when the group belongs to the set of families, 
made up of the first, the second, and the sixth, the circumference of the 
fundamental circle is a line over which the series cannot be continued: it 
is a natural lint (§ 81) both for a function existing in the interior of the 
circle and for a function existing in the exterior of the circle: but neither 
function exists for points on the circumference of the fundamental circle. 
The series represents one function within the circle and another function 
without the circle. 


It has been proved that the area outside the fundamental circle can 
be derived from the area inside that circle, by inversion with regard to 
its circumference. Hence a function of z, existing only outside the funda- 


; 5 Z il 
mental circle, can be transformed into a function of ray and therefore also 
0 


of =) existing for points only within the circle. When, therefore, a group 


belongs to the first, the second, or the sixth family, it is sufficient to consider 
only the function defined by the series for points within the fundamental 
circle: it will be called the function ©(z). 

In the latter case, when the group belongs to the third, the fourth, the 
fifth, or the seventh families, then parts of the circumference enter into the 
division of the plane both without and within the circle. Over these parts 
the function can be continued: and then the series represents one (and only 
one) function in the two parts of the plane: it will be called the function © (z). 


306. The importance of the function © (z) les in its pseudo-automorphic 
character for the substitutions of the group, as defined by the property now 


ue 


az 
yz +6 


tc) (= i 5 = (yz + 8)" © (2). 


to be proved that, if be any one of the substitutions of the group, then 


yz +8 
OMI) / / 
Let sc a 
f at Ay wet BY" 
Vi ye+8 i 


which is, of course, another substitution of the infinite group: then 
cat+ B yi 2 ap 6; 
pace Seen 
1 yz+6 pes yzt+6 
47—2 
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Hence © pee B ) = 
\y2 + é i 


Ms 


(1 = ak H (= a ay 


o\ y2 +6 ie + Oy 


ab a 


- ( i eh me (ms au °i : i ee ae 8, 


= (v2 + 6" (2), 
thus establishing the pseudo-automorphic character. 


This function can evidently be made subsidiary to the construction of 
functions, which are automorphic for the group of substitutions, in the same 
manner as the o-function in Weierstrass’s theory of elliptic functions and 
the so-called Theta-functions in the theory of Jacobian and of Abelian 
transcendents. But before we consider these automorphic functions, it is 
important to consider the zeros and the accidental singularities of a pseudo- 
automorphic function such as @ (z). 


On the supposition that the function H, which enters as the additive 
element into the composition of @, has only accidental singularities, it has 
been proved that all the essential singularities of © lie on the circumference 
of the fundamental circle; and that the accidental singularities of © are, 
(i) the points homologous with the accidental singularities of H, and 
(ii) the points — 6;/y;, which all le without the circle. 


When the function H(z) has one or more accidental singularities within 
the fundamental circle, then there is an irreducible poimt for each of them, 
which is an irreducible accidental singularity of @(z). Hence in the case of 
a function which exists only within the circle, the number of irreducible 
accidental singularities is the same as the number of (non-homologous) accidental 
singularities of H(z) lying within the fundamental circle. If, then, all the 
infinities of the additive element H(z) le without the fundamental circle, and 
if the function © (z) exist only within the circle, then @(z) has no irreducible 
accidental singularities: but, in particular cases, it may happen that © (z) is 
then evanescent. 


When the function H(z) has one or more accidental singularities without 
the fundamental circle, then there is an irreducible point for each of them, 
this point lying in the fundamental polygon of reference in the space outside 
the circle: and this point is an irreducible accidental singularity of © (z), 
when ©(z) exists both within and without the circle. Further, the point 
— 6;/y; 18 an infinity of order 2m: there is a homologous irreducible point 
within the polygon of reference without the circle, being, in fact, the 
irreducible point which is homologous with z=o. Hence taking the two 
fundamental polygons of reference—one within, for the internal division, and 
one without, for the external division,—it follows that in the case of a function, 
which exists all over the plane, the number of irreducible accidental singularities 


306. | OF A PSEUDO-AUTOMORPHIC FUNCTION 741 


as equal to the whole number of accidental singularities of the additive element 
H(z), increased by 2m. ° 

307. To obtain the number of irreducible zeros we use the result of 
§ 43, Cor. IV., combined with the result just obtained as to the number of 
irreducible accidental singularities. A convention, similar to that adopted 
in the case of the doubly-periodic functions (§ 115), is now necessary: for if 
there be a zero on one side of the fundamental polygon, then the homologous 
point on the conjugate side of the polygon is also a zero and of the same 
degree : in that case, either we take both points as irreducible zeros and of 
half the degree, or we take one of them as the irreducible zero and retain 
its proper degree. Similarly, if a corner be a zero, every corner of the cycle 
is a zero: so that, if the cycle contain » points and the sum of its angles be 


2 
=<", then the corner is common to Aw polygons; we may regard each of the 
mv 


corners of the fundamental polygon in that cycle as an irreducible zero, of 
degree equal to its proper degree divided by Ay, or we may take only one of 
them and count its degree as the proper degree divided by ~—the just 
distribution of zeros common to contiguous polygons being all that is 
necessary for the convention—so that the number of zeros to be associated 
with the area of each polygon is the same, while no zero is counted in more 
than its proper degree. A similar convention applies to the singularities. 
With this convention, the excess of the number of irreducible zeros 

over the number of irreducible accidental singularities, each in its proper 
degree, is the value of 

1 (0) 

Qi J O(z)°” 
taken, positively round the fundamental polygon within the circle when the 
function @(z) exists only within the circle, and round the two fundamental 
polygons, within and without the circle respectively, when the function © (z) 
exists over the whole plane. 


But should an infinity of a lie on the curve along which integration 


extends, (it will arise through either a zero or a pole of @), then, in order 
to avoid the difficulty in the integration and preserve the above convention, 
methods must be adopted depending upon the family of the group. 

When all the cycles belong to the first sub-category (§ 292), we can 
proceed as follows: the general result can be proved to hold in every case. 
If an infinity occur on a side, another will occur on the conjugate side, the 
two being homologous by a fundamental substitution. A small semicircle is 
drawn with the point for centre and lying without the polygon, so that, when 
the element of the side is replaced by the semi-circumference, the point 
lies within the polygon: the homologous point on the conjugate side is 
excluded from the polygon when the element there is replaced by the 
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homologous semi-circumference. The subject of integration is then finite 
along the modified sides. 
0'(2) 


A similar process is adopted when a corner is an infinity of @ (2) A 


small circular arc is drawn so as to have the point included in the polygon 
when the arc replaces the elements of the sides at the point: the homologous 
circular arcs at all the points in the cycle of the corner will exclude all those 
points, also poles, when they replace the elements of the sides at the point. 
The subject of integration is then finite everywhere along the modified path 
of integration. 

First, let the function exist only within the circle. Let AB be any gus 
of the polygon, A’B’ the conjugate side ; 
and let 


tution which transforms AB into A’B’, 4 


so that € may be regarded as the variable 
along A’B’. 

Then we have © (f) = (yz + 8)" O (2), 
Oe) | dt= 2invy O'(z) 
© (C) yet 6 © (z) 
But as z moves from A to B, € moves from A’ to B’ (§ 287): and the latter 
is the negative direction of description. Hence, with the given notation, the 
sum of the parts of the integral, which arise through the two sides AB 


Fig. 124. 


dz+ dz. 


and therefore 


and B’A’, is 
ACen (OC yale : 
dz, for AB+|\- =“ dt}, for B’A 
lee Mec raiAe 4 
=— | su dz, taken along AB; 
a Tes 
oY, 
so that, if # denote the required excess, we have 
m dz 
p-—3( 
z+ 
oy 


the new integral being taken along those sides of the polygon which are 
transformed into their conjugates by the fundamental substitutions of the 
group. 

Consider the term which arises through the integration along AB: it is 
evidently 


-=/1 Ae 
oe HB VE be 
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dg te Ss et 
dz (yz+ 8p’ 
so that, if M be the magnification in transforming from A to A’, and if ga be 
the angle through which a small are is turned, we have at A 

(yz + oy 
Evidently ¢, is the excess of the inclination of A’P’, that is, of A’C’ to the 
line of real quantities over the inclination of AP, that is, of AC to that line: 
and therefore at A 


Now we have 


= Me’... 


log (yz + 8) = — 4 log M — }1¢q. 
Since the whole integral must prove to be a real quantity, we omit the 
m 


Qart 
quantity: hence we have 


parts — log M as in the aggregate constituting an evanescent (imaginary) 


m 
ju (= Ga + $0) 
as the part corresponding to the side AB. In this expression, ¢q is the angle 
required to turn AC into a direction parallel to A’C’, and dq» is the angle 
required to turn QB, that is, CB into a direction parallel to Q’B’, that 1s, 
C’B’, both rotations being taken positively. Thus 
oq = incl. A’C’ — incl. AC, 
$y = 27 — incl. BC + incl. BC’; 
and therefore 
dba — by = — 2m + incl. A’C’ — incl. B’C’ + incl. BO — incl. AC 
= — Qa +0 +, 

where c¢, and ¢,' are the angles ACB, A’O’B’ respectively. Hence, if we take 
c and c’ to be the external angles ACB, A’C’B’ as in the figure, we have 

c+oq=2r=c +c, 
and therefore by — ba =C+C¢ — 2. 
The part corresponding to the arc AB in the above integral is therefore 
oe (c+¢' — 27). 
There are no sides of the second kind in the path of integration, because the 
function is supposed to exist only within the circle. Therefore the whole 
excess is given by 

E=5 3 (c+¢—2n), 
the summation extending over those sides of the polygon, being in number 
half of the sides of the first kind, which.are transformed into their conjugates 
by the fundamental substitutions of the group. 
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Draw all the pairs of tangents at the extremities of the bounding arcs 
of the fundamental polygon of reference : 
then the angles, such as c and c’ above, 
are internal angles of the rectilinear 
polygon formed by the straight lines. 
The remaining internal angles of this 
new polygon are the angles at which 
the arcs cut, which are the angles of 
the curvilinear polygon: and therefore 
their sum is the sum of the angles in 
the cycles, that is, the sum is equal to 

32 
Bi 


2a . : ; 
where — is the sum of the angles in Fig. 125. 


bi 
one of the cycles. Now let 2n be the number of sides of the first kind in 
the curvilinear polygon, so that n is the number of fundamental substitutions 
in the group: hence the number of terms in the above summation for # is 
n, and therefore 


E=—mn +5 3( +e), 


Moreover, the rectilinear polygon has 4m sides: and therefore the sum of the 


: : : : 2 
internal angles is (4n—2)7. But this sum is equal to S(c+c’)+>5—, 
: 


where the first summation extends to the different conjugate pairs and 
the second to the different cycles: thus 


(4n — 2) r= (c+) Pee : 
Ki 
Therefore H=—mn+m(2n—1)— mz a 
lod 
=m(n-1-32), 
Ki 


where the summation extends over all the different cycles in the fundamental 
polygon. Hence for wa function, which is constructed from the additive 
element H(z) and exists only within the fundamental circle of the group, the 
excess of the number of its irreducible zeros over the number of its irreducible 
accidental singularities is 
m(n=1-% -); 
Lj 


where m ws the parametric integer of the function constructed in series, 2n is 


the number of sides of the first kind in the fundamental polygon, a as the sum 
Mi 


i 
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of the angles in a cycle of the first kind of corners and the summation extends 
to all these cycles. 


The number of irreducible accidental singularities has already been 
obtained; it is finite, and thus the number of irreducible zeros is finite. 


Secondly, let the function exist all over the plane: then the irreducible 
points are (i) points lying within (or on) the boundary of the fundamental 
polygon of reference within the fundamental circle and (ii) points lying 
within (or on) the boundary of the fundamental polygon of reference without 
the fundamental circle, the outer polygon being the inverse of the inner poly- 
gon with regard to the centre. For such a function the excess of the number 
of irreducible zeros over the number of irreducible accidental singularities is 
the integral 

1 (@() 
Qara - 
taken positively round the boundaries of both polygons. We shall assume 


that there are no zeros and no infinities on the path of integration; the 
result can, however, be shewn to be valid in the contrary case. 


For the sides of the internal polygon that are of the first kind the value 
of the integral is, as before, equal to 


m(n-1-3 +); 
Bi 
and for the sides of the external polygon that are of the first kind, the value 
is also 
il 
m(n—-1-3—). 
Bi 


Let the value of the integral along the sides of the second kind in 
the internal polygon be J. Those lines are also sides of the second kind 
in the external polygon; but they are described in the sense opposite to 
that for the internal polygon, the integral being always taken positively : 
hence the value of the integral along the sides of the second kind in the 
external polygon is — J. 

Hence the excess of the number of wreducible zeros over the number of 


irreducible accidental singularities of a function @(z), which vs constructed 
from the additive element H(z) and eaists all over the plane, is 


1 
2m (n- 1 = ih 
Ki 
where the summation extends over all the cycles of the first category of either 
(but not both) of the fundamental polygons of reference. 


As before, the number of irreducible zeros of such a function is finite, 
because the number of irreducible accidental singularities is finite. 
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In every case, this excess depends only upon 
(i) the parametric integer m, used in the construction of the series : 
(ii) the number of sides, 2n, of the first kind in the polygon of 
reference : 
(iii) the sum of the angles in the cycles of the first category. 


Ex. Prove that a corner belonging to a cycle of the first category is in general a zero 


of order p, such that 
p= —m (mod. p), 


where 27/ is the sum of the angles in the cycle: and discuss the nature of the corners 
which belong to cycles of the remaining categories. (Poincaré. ) 

308. We are now in a position to construct automorphic functions, using 
as subsidiary elements the pseudo-automorphic functions which have just 
been considered. 

For, if we take a couple of these functions, @, and ©,, associated with a 
given infinite group, characterised by the same integer m, and arising through 
different additive elements H(z), then we have 


0, (255) = (2 + 8" 6. (2), 


@, (=e) = (y2 + 8" @, (2), 


where eae is any one of the substitutions of the group; and therefore 
2 


+6 
@ (+ 4 
*\yz+6 Oe) 
@, (s +e) ~ @, (2) 
yz+6 
that is, the quotient of two such functions is automorphic. Denoting the 
quotient by Pn(z)*, we have 


Pn & +f) = Pn (2), 


the automorphic property being possessed for each of the substitutions. 


It thus appears that such functions exist: their essential property is 
that of being reproduced when the independent variable is subjected to any 
of the linear substitutions of the infinite group. 


The foregoing is of course the simplest case, adduced at once to indicate 
the existence of the functions. The construction can evidently be general- 
ised: for, if we have any number of functions @,,..., ©,, ®,, .... ®, with 
characteristic integers m,,..., M;, 2, -.., My and all associated with one group 

* Poincaré calls such functions Fuchsian functions: as already indicated (§ 297), I have 
preferred to associate the general name automorphic with them. But, because Poincaré himself 


has constructed one class of such functions by means of series as in the foregoing manner, his 
name, if any, should be associated with this class; the symbol Pn(z) is therefore used. 
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while constructed from different additive elementary functions H(z), then, 
denoting 


by Pn (z), we evidently have 


, 


2D Ng —2 > n 
5 fe =(yz+8) 2" " Pra(2), 


so that, provided only = Ng= 2 Mo; 
1 


the function is automorphic. If we agree to call m, the integer characteristic 
of a pseudo-automorphic function, the degree of that function, then the quotient 
of two products of pseudo-automorphic functions is automorphic, provided the 
products be of the same degree. 


There are evidently two classes of automorphic functions: those which 
exist all over the plane, and those which exist only within the fundamental 
circle. The classes are discriminated according to the composition of the 
functions from the subsidiary pseudo-automorphic functions. 


When the pseudo-automorphic functions, which enter into the composi- 
tion of the function, exist all over the plane, then the automorphic function 
exists all over the plane. But when the pseudo-automorphic functions, which 
enter into the composition of the function, exist only within the fundamental 
circle, then the automorphic function exists only within the circle. 


Ex. Consider the quantities g, and g;, defined in § 123. We have 


1 
(mo, + My@.)*’ 


92.= 6022 


where the double summation extends over all positive and negative integer values of 
m, and m,, simultaneous zeros alone excepted. Writing o=@,/#., we have 
(@\=60as- {ss 
9 (@)= 00, aT 
J 2 (mo +7»)*’ 
and therefore 


ao+B\ _ en r a 
2 e ae 5) =600,~ 4 (yotd)* 33 (feo + i,’ 
where 
M,=matimy, M,=m,8+m.6. 
Because ad —By=1, we have 


m,=Mi8—Moy, m= - M,B+M,a. 


If then a, f, y, 6 be integers, subject solely to the condition ad—Py=1, it follows that, to 
every pair of integer values of m, and m,, there corresponds one pair (and only one pair) 
of integer values of J/, and M,; and conversely. Also simultaneous zeros for the one set 
are simultaneous zeros for the other ; so that 


1 = ‘ ee 
a (mo +m,)* 


(M,o +M,) 
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Consequently, 
J2 & +f) = (yo +)! 92 (@). 
Similarly, as 


I3 (@) = 14055 (m1 + mae») 


1 


Sy 6 es 
= 1400, p> (myo +mz)° ) 


we have 


(Sot) = (10 +8) oo (0) 


It therefore follows that g,2g,~3 is automorphic ; and if we take 
J: J—-1: l=98 22g? + 9e— 2g (=A), 
then J is an automorphic function, such that 


o(t588) 70 


where a, 8, y, 8 are integers subject to the condition ai—By=1. Evidently g, () and 
g3(@) are pseudo-automorphic for the group. Taking 


@=pr(1+ec'), eg=—p(1t+e), eg=p(ce—e¢), 
where c+c’=1, we have 


Jo= —12p2 (cc’—-1), g3= —4y3 (2+4cc’) (c—c’), 


JANOS. PAE 5 EE 
so that 

joa (Leto) 
Zr ci(ec 2a 


as in § 303, where other examples are given. 


309. It is evident that all the essential singularities of an automorphic 
function, thus constructed, lie on the fundamental circle. For whether the 
pseudo-automorphic functions exist only within that circle or over the whole 
plane, all their essential singularities lie on the circumference: so that, 
whatever be the constitution of the various subsidiary pseudo-automorphic 
functions, all the essential singularities of the automorphic function le on 
the fundamental circle. 


Next, the number of irreducible zeros of an automorphic function is equal 
to the number of its irreducible accidental singularities. For an irreducible 
zero of an automorphic function is either (i) an irreducible zero of a factor 
in the numerator or (1) an irreducible accidental singularity of a factor in 
the denominator; and similarly with the irreducible accidental singularities 
of the function. The numerator and the denominator may have common 
zeros; this will not affect the result. 


First, let the automorphic function exist only within the circle: then 
each of its factors exists only within the circle. The space without the circle 
is not significant for any of the factors of the function, because they do not 
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there exist. Let «, ..., €, 4, ..., € be the excesses of zeros over accidental 
singularities for the pseudo-automorphic functions within the fundamental 
circle: then 


1 
é=™m n-1-¥ 7), 
a= m4 ( 5 


1 
where n and = fs are the same for all these functions, and 
1 


f= %4(n-1-E—). 
Bi 

Now the excess of zeros over poles in the denominator becomes, after the 
above explanation, an excess of poles over zeros for the automorphic 
function: hence, for this automorphic function, the excess of zeros over 
accidental singularities is 


on =) (3 = ng) 
q=1 q=1 
==\() 


‘i 

by the condition > m,= > m,. Hence the number of irreducible zeros of 
q=1 q=1 

the automorphic function is equal to the number of irreducible accidental 

singularities. 

Secondly, let the automorphic function exist all over the plane; then 
all its factors exist all over the plane. For the present purpose, the sole 
analytical difference from the preceding case is that each of the quantities e¢ 
now has double its former value: and therefore the excess of the number of 
zeros over the number of poles is 


Tr s 
2(n-1-32)(3 My- & ng) 
Pi’ \q=1 g=1 


which, as before, vanishes. Hence the number of irreducible zeros of the 
automorphic function is equal to the number of its irreducible accidental 
singularities. 

It follows, as an immediate Corollary, that the number of wrreducible 
points for which an automorphic function assumes a given value is equal to 
the number of its irreducible accidental singularities. For 


Pn(z)—A, 


where A is a constant, is an automorphic function: the number of its 
irreducible accidental singularities is equal to the number of its irreducible 
zeros, that is, it is equal to the number of irreducible points for which 
Pn(z, assumes an assigned value. 
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Moreover, each of these numbers is finite: for the number of irreducible 
zeros and the number of irreducible accidental singularities of each of the 
component pseudo-automorphic factors is finite, and there is only a finite 
number of these factors in the automorphic function. The integer, which 
represents each number, will evidently be as characteristic of these functions 
as the corresponding integer was of functions with linear additive periodicity. 


Note. The preceding method, due to Poincaré, of expressing the pseudo- 
automorphic functions as converging infinite series of functions of the 
variable, is not the only method of obtaining such functions. It was 
shewn that uniform analytical functions can be represented either as 
converging series of powers or as converging series of functions or as 
converging products of primary factors, not to mention the (less useful) 
forms intermediate between series and products. The representation of 
automorphic functions as infinite products of primary factors is considered 
in the memoirs of Von Mangoldt and Stahl, already referred to in § 297. 


310. Let Pn,(z), Pn, (z), say P, and P,, be two automorphic functions 
with the same group, constructed with the most general additive elements : 
and let the number of irreducible zeros of the former be x«,, and of the 
latter be k.. 


Then for an assigned value of P, there are x, irreducible points: P, has 
a single value for each of these points, and therefore it has «, values alto- 
gether for all the points, that is, it has «, values for each value of P,. 
Similarly, P; has «, values for each value of P,. Hence there is an alge- 
braical relation between P, and P, of degree x, in P, and of degree x, in Py, 
which may be expressed in the form 

He CPB = ©: 
Let Pn(z), say P, be any other uniform automorphic function, having 


the same group as P, and P,: and let « be the number of its irreducible 
zeros. Then we have an algebraical equation 


F\(P, P,)=0, 
which is of degree «, in P and of degree « in P,; and another equation 
HACE; P.) = 0, 


which is of degree «, in P and of degree « in P,. The last two equations 
coexist, in virtue of the relation 
Fy (Py, P,) =0 

satisfied by P, and P,. Since #,=0=F, coexist, the ordinary theory of 
elimination leads to the result that the uniform function P can be expressed 
rationally in terms of P, and P,, so that we have the theorem that every 
automorphic function associated with a given group can be expressed rationally 
in terms of two general automorphic functions associated with that group: and 
between these two functions there exists an irreducible algebraical relation. 
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The genus (§ 178) of this algebraical relation can be obtained as follows. 
Let N denote the genus of the group, determined as in § 293: then the 
fundamental polygon of reference, if functions exist only within the circle, or 
the two fundamental polygons of reference, if functions exist over the whole 
plane, can be transformed into a surface of multiple connectivity 2V+1. The 
automorphic functions are functions of uniform position on this surface; and 
hence, as in Riemann’s theory of functions, the algebraical relation between 
two general uniform functions of position, that rs, between two general auto- 
morphic functions is of genus N, where N is the genus of the group*. 


It is now evident that the existence-theorem and the whole of Riemann’s 
theory of functions can be applied to the present class of functions, whether 
actually automorphic or only pseudo-automorphic. There will be functions 
of the same kinds as on a Riemann’s surface: the periods will be linear 
numerical multiples of constant quantities acquired by a function when its 
argument moves from any position to a homologous position or returns to its 
initial position. There will be functions everywhere finite on the surface, 
that is, finite for all values of the variable z except those which coincide with 
the essential singularities of the group. The number of such functions, 
linearly independent of one another, is V; and every such function, finite 
for all values of z except at the essential singularities, can be expressed as 
a linear function of these V functions with constant coefficients and (possibly) 
an additive constant. And so on, for other classes of functions. 

311. Because Pn(z) is an automorphic function, we have 

Pn (= sf 5] = Pn (2), 


yz + 0 


and therefore, as 46 — By=1, 


/ az+ PB 2 ; / 
PH e = 5) =(yz+6) Pn’ (z). 


Hence, if © (z) be a pseudo-automorphic function with m for its characteristic 
integer, so that 


@ (Z+*) = (yz + 8)" @ (2), 


yz + 6, 
Leyes 
‘A elven) pone); 
we have , eae {Pn’ (zy? 
Pn 
yz+6 


* It may happen that, just as in the general theory of algebraical functions, the genus of the 
equation between two particular automorphic functions may be less than N~ thus one might 
be expressed rationally in terms of the other. The theorems are true for functions constructed 
in the most general manner possible. A 

+ The memoirs by Burnside, quoted in § 297, develop this theory in full detail for the group 
which has its (combined) polygons of reference bounded by 2n circles with their centres on the 
axis of real quantities, the group being such that the pseudo-automorphic functions exist over the 
whole plane. 
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that is, @(z) {Pn’(z)}-™ is an automorphic function. Such a function can 
be expressed rationally in terms of Pn(z) and some other function, say of 
P and Q: hence the general type of a pseudo-automorphic function with 
a characteristic integer m is 


aP\™ 
(Ge) SPO. 
where / is a rational function. 


CoROLLARY. Two automorphic functions P and Q, belonging to the same 
group, are connected by the equation 


mF, Q) 


For evidently unity is the characteristic integer of the first derivative of an 
automorphic function. 


This equation can be changed to 


dQ) 
Tp ee Q), 


where f is a rational function: moreover P and @ are connected by an 
equation 

F(P, Q)=0, 
which is an algebraical rational equation, and can evidently be regarded as 
an integral of the above differential equation of the first order, all trace of 
the variable z having disappeared. ae the form of f is given by 


- . 
apts, @: 07 
Again, denoting pc by €, and Pn oe by II (€), we have 
yz + 6 z+6 
Il’ (f) = (yz + 8)? Pn’ (z), 
say Il’=(yz+ dP P. 
” : DI 
Then = =(yz +8) laa a s 
= 2y (yz + 8) + (yz + 6) — 
so that 
a A, 


- ae Has yf a et 
ie hg ae (yz +6) | 27 + ry (yz + 8) pr tye + 8)? \ pr — eal : 
and therefore a —3 lt = (yz + 6) [ipod [at | . 
Ooh Ps 2 
11’ Die 
where {P, z} is the Schwarzian derivative. It thus appears that, if P be an 


whence 
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automorphic function, then {P, z} P’ is a function automorphic for the 
same group. 

But between two automorphic functions of the same group, there subsists 
an algebraical equation: hence there is an algebraical equation between 
P and {P, z} P’, that is, P(z), an automorphic function of z, satisfies 
a differential equation of the third order, the degree of which is the integer 
representing the number of irreducible zeros of P and the coefficients of which, 
where they are not derivatives of P, are functions of P only and not of the 
independent variable. 


This equation can be differently regarded. Take 
n=Ph y=e2P; 
then it is easy to prove that 
Dey Oy ee} 


y, dP? y,dP? * P? 
The last fraction has just been proved to be an automorphic function of z; 
and therefore it is rationally expressible in terms of P and any other general 
function, say Q, automorphic for the group. Then y, and y, are independent 


integrals of the equation 


Tpa Vo (P, ® 


where Q and P are connected by the algebraical equation 
TCM, 
Conversely, the quotient of two independent integrals of the equation 
d? 
T= Ub (P, D, 
where Q and P are connected by the algebraical equation 
Li das QO) 
can be taken as an argument of which P and Q are automorphic functions: 


the genus of the equation #’=0 is the genus of the infinite group of sub- 
stitutions for which P and Q are automorphic*. 


Ex. One of the simplest set of examples of automorphic functions is furnished by 
the class of homoperiodic functions (§ 116). Another set of such examples arises in the 
triangular functions, discussed in § 275; they are automorphic for an infinite group, and 
the triangles have a circle for their natural limit. A third set is furnished by the polyhedral 
functions (§§ 276-279). 

As a last set of examples, we may consider the modular-functions which were 
obtained by a special method in § 303. 

* Klein remarks (Math. Ann., t. xix, p. 148, note 4) that the idea of uniform automorphic 
functions occurs in a posthumous fragment by Riemann (Ges. Werke, number xxv, pp. 413—416). 
It may also be pointed out that the association of such functions with the linear differential 
equation of the second order is indicated by Riemann, 


in, 48 
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First, we consider them in illustration of the algebraical relations between functions 
automorphic for the same group. It follows, from the construction of the group and the 
relation of ¢ to w, that, in the division of the plane by the group with Uw and Vw for its 


fundamental substitutions, where 
w 


Uw=wt+2, VO aoe) 
there is only a single point in each of the regions for which ¢ has an assigned value ; hence, 
regarding ¢ as an automorphic function of w, the number « (§ 310) is unity. If there be 
any other function C of w, automorphic for this group, then between C’ and ¢ there is an 
algebraical relation of degree in C equal to the number « for ¢, that is, of the first degree 
in O. Hence every function automorphic for the group, whose fundamental substitutions 


are U and V, where 
w 
Uw=w+2 Ve 
ae 1—2w’ 
is a rational function of ec. 
In the same way, it can be inferred that every function automorphic for the group, 


whose fundamental substitutions are 


Ow=w4+2, Tw= =, 


is a rational function of cc’; and that every function automorphic for the group, whose 
fundamental substitutions are 


1 
Sw=w+l, Tw=--, 
w 
‘ 3 <es aw+b 
that is, automorphic for all substitutions of the form Sia where a, b, c, d are real 
: cwte 
Ps 3 
integers, such that ad—be=1, is a rational function of J= Genie 
2 Ce 


Secondly, in illustration of the general theorem relating to the differential equation 
of the third order which is characteristic of an automorphic function, we consider the 


oe pal 


quantity cas a function of the quotient of the quarter-periods. Let z denote ee : then 
K 


because every function, automorphic for the same group of substitutions as ¢, is a rational 
function of c, we have 
\ 

Cee : : 

\ ?, -=rational function of ¢ ; 
AD 
and therefore, by a property of the Schwarzian derivative, 

{z, c}= —same rational function of ec. 


By known formule of elliptic functions, it is easy to shew that 


thus verifying the general result. 
oun ; (ee ; : ’ 
Similarly, it follows that K? at, where 6=ce’, is a rational function of cc’, the actual 
value being given by 
iK’ ) _1-56+1662_ 
K’ “J 262 (1 —46)2? 
<i (RE : : F 
and that KR? Ap is a rational function of J, the actual value being given by 
cK’ 5) _ 167%—193.7—330 
ie 2S? (4.J — 27)? 


In this connection a memoir by Hurwitz* may be consulted. 


* Math. Ann., t. xxxiii, (1889), pp. 345—352, 
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The preceding application to differential equations is only one instance 
in the general theory which connects automorphic functions with linear 
differential equations having algebraic coefficients. This development 
belongs to the theory of differential equations rather than to the general 
theory of functions: its exposition must be reserved for another place. 


Here my present task comes to an end. The range of the theory of 
functions is vast, its ramifications are many, its development seems illimit- 
able: an idea of its freshness and its magnitude can be acquired by noting 
the results, and appreciating the suggestions, contained in the memoirs of 
the mathematicians who are quoted in the preceding pages. 
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GLOSSARY AND INDEX. 


GLOSSARY 
OF TECHNICAL TERMS USED IN THE THEORY OF FUNCTIONS. 


(The numbers refer to the pages, where the term occurs for the 
first time in the book or is defined.) 


Abbildung, conforme, 11. 

Absolute convergence of series, 19; of pro- 
ducts, 83. 

Absoluter Betrag, 3. 

Accidental singularity, 16, 55. 

Addition-theorem, algebraical, 326. 

Adelphic order, 346. 

Adjoint curves, 427. 

Adjoint polynomials, 427. 

Algebraic addition-theorem, 326. 

Algebraic function, determined by an equation, 
180. 

Amplitude, 3. 

Analytical curve, 440, 460, 624. 

Analytic function, 10; monogenic, 56. 

Anharmonic group, 716. 

Argument, 3. 

Argument and parameter, interchange of, 495. 

Arithmetic mean, method of the, 440. 

Ausserwesentliche singuldre Stelle, 55. 

Automorphic functions, 677, 715. 


Betrag, absoluter, 3. 

Bicursal, 537. 

Bien défini, 180. 

Bifacial surface, 354. 
Birational transformation, 519. 
Boundary, 351. 

Branch, 15, 

Branch-line, 367. 
Branch-point, 15, 173. 
Branch-section, 367. 


Canonical resolution of surface, 384. 
Categories of corners, cycles, 687, 691. 
Circle, discrininating, 124. 

Circle of convergence, 19. 


Circuit, 356. 

Class (of connected surface), 353. 

Class of doubly-periodic function of second 
order, 250. 

Class of equation, 377. 

Class of group, 704. 

Class of singularity, 166. 

Class of tertiary-periodic function, 317. 

Class of transcendental integral functions, 
101. 

Class-moduli, 526. 

Combination of areas, 462. 

Compound circuit, 356. 

Conditional convergence of series, 19; of pro- 
ducts, 83. 

Conditional equation in Abel’s theorem, 563. 

Conformal representation, 11. 

Conforme Abbildung, 11. 

Congruent figures, 611, 686. 

Coujugate edges, 687. 

Connected surface, 341. 

Connection, order of, 346. 

Connectivity, 346. 

Constant modulus for cross-cut, 409. 

Contiguous regions, 686. 

Continuation, 61. 

Continuity, region of, 62. 

Continuous substitution, 679. 

Convergence of series, 19; of products, 83. 

Convexity of normal polygon, 689. 

Corner of region, 686. 

Coupure, 156, 210. 

Critical point, 15. 

Cross-cut, 343. 

Cross-line, 367. 

Cycles of branches of algebraic function, 552, 

Cycles of corners, 688, 
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Deficiency, 385. 

Deformation of loop, 387. 

Deformation of surface, 361. 

Degree of cycle, 552. 

Degree of pseudo-automorphic function, 747. 


~ Degree of rational function on Riemann’s 


surface, 402. 

Derivative, Schwarzian, 623. 

Dihedral group, 719. 

Diramazione, punto di, 15. 

Dirichlet’s principle, 440. 

Discontinuity, polar, 16. 

Discontinuous groups, 679. 

Discontinuous substitution, 679. 

Discrete substitution, 679. 

Discriminating circle, 124, 

Divergence of series, 19; of products, 83. 

Domain, 55. 

Dominant function, 35. 

Double (or fixed) circle of elliptic substitu- 
tion, 708. 

Doubly-periodic function of first, second, third, 
kind, 302, 303. 


Edge of region, 686. 

Edges of cross-cut, positive and negative, 406. 

Hindndrig, 15. 

Hindeutig, 15. 

Hinfach zusammenhingend, 342. 

Element, 62. 

Element of doubly-periodie function of third 
kind, 320, 322. 

Elementary integral of the second kind, third 
kind, 428, 434. 

Elliptic substitution, 611. 

Equivalent homoperiodic functions, 247. 

Essential singularity, 17, 56. 

Exceptional value, 60. 

Existence-theorem, 399, 437. 


Factor, primary, 93. 

Factorial functions, 513. 

Families of groups, 702. 

Finite groups, 681. 

First kind, doubly-periodic function of the, 
302. 

First kind of Abelian integrals, 426. 

Fixed (or double) points of substitution, 608. 

Fortsetzung, 61. 

Fractional factor for potential function, 458. 

Fractional part of doubly-periodic function, 
246. 

Fuchsian functions, 715. 

Fuchsian groups, 702. 

Fundamental circle for group, 699. 


GLOSSARY OF TECHNICAL TERMS 


Fundamental loops, 389. 

Fundamental parallelogram, 225. 

Fundamental polyhedron (of reference for 
space), 710, 

Fundamental region (of reference for plane), 
686. 

Fundamental substitutions, 678. 


Gattung (kind of integral), 426. 

Genere, 101. 

Genere (genus of connected surface), 353. 

Genre (applied to singularity), 167. 

Genre (applied to transcendental 
functions), 101. 

Genre (genus of connected surface), 353. 

Genus (of connected surface), 353. 

Genus (of equation), 377. 

Genus (of group), 704. 

Geschlecht, 377, 385. 

Giramento, punto di, 15. 

Gleichverzweigt, 401. 

Grenze, natiirliche, 144. 

Grenzkreis, 124. 

Group of substitutions, 677. 

Grundzahl, 346. 


integral 


Hauptkreis, 699. 

Holomorphic, 15. 

Homogeneous substitutions, 718. 

Homographic transformation, or substitution, 
605. 

Homologous (points), 225. 

Homoperiodic, 250. 

Hyperbolic substitution, 611. 

Hyperelliptic curves or equations, 547. 


Improperly discontinuous groups, 680. 

Index of substitution, 679. 

Infinitesimal substitution, 616, 679. 

Infinity, 16. 

Integrals of the first kind, second kind, third 
kind, Abelian, 426, 428, 432. 

Interchange of argument and parameter, 495. 

Inyariants of elliptic functions, 278. 

Inversion-problem, 499. 

Irreducible circuit, 356. 

Trreducible (point), 224, 225, 

Isothermal, 671. 


Kleinian functions, 715. 
Kleinian groups, 705. 


Lacet, 172. 
Lacunary functions, 157. 
Ligne de passage, 367. 


GLOSSARY OF TECHNICAL TERMS 


Limit, natural, 144. 
Limitrophe, 686. 

Linear cycles, 552. 

Linear substitution, 605. 
Loop, 172. 

Loop-eut, 344. 

Loxodromic substitution, 611. 


Majorante, 35. 

Mehrdeutig, 15. 

Mehrfach zusammenhiingend, 343. 
Meromorphic, 16. 

Modular-function, 729. 

Modular group, 683. 

Modulus, 3. 

Modulus for cross-cut, constant, 409. 
Modulus cf periodicity (cross-cut), 409. 
Monadelphic, 342. 

Monodromie, 15. 

Monogenic, 14. 

Monogenic analytic function, 62. 
Monotropic, 15. 

Multiform, 15. 

Multiple circuit, 356. 

Multiple connection, 343. 
Multiplicatewrs, fonctions a, 513. 
Multiplier of substitution, 608. 


Natural limit, 144. 

Natiirliche Grenze, 144. 

Negative edge of cross-cut, 406. 

Niveaupunkte (points where a function acquires 
any, the same, value), 254. 

Non-essential singularity, 55. 

Normal (connected) surface, 363. 

Normal form of linear substitution, 677. 

Normal form of transformable equations, 549. 

Normal function of first kind, second kind, 
third kind, 490, 492, 493. 

Normal polygon for substitutions, 690. 


Order of a doubly-periodic function, 246. 

Order, of connection, adelphic, 346. 

Order of rational function on Riemann’s 
surface, 402. 

Ordinary point, 54. 

Origin of cycle, 552. 

Orthomorphosis, 11. 

Oscillating series, 19. 


Parabolic substitution, 611. 

Parallelogram, fundamental or primitive, 225, 
OES, 

Path of integration, 18. 

Period, 223. 
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Periodicity for cross-cut, modulus of, 409. 
Permanent equation in Abel’s theorem, 563. 
Polar discontinuity, 16. 

Pole, 16, 55. 

Polyadelphic, 343. 

Polyhedral functions, 670. 

Polytropic, 15. 

Positive edge of cross-cut, 406. 

Potential function, 439. 

Primary factor, 93. 

Primfunction, 93. 

Primitive parallelogram, 231. 

Products, convergence of, 83. 

Properly discontinuous groups, 680. 
Pseudo-periodicity, 284, 287, 302, 303. 


Querschnitt, 343. 


Ramification (of Riemann’s surface), 377. 
Ramification, point de, 15. 

Rational function, 78. 

Real substitutions, 611. 
Reconcileable circuits, 356. 

Reducible circuit, 356. 

Reducible (point), 224, 225. 

Region of continuity, 62. 

Regular, 16, 54. 

Regular singularities, 182. 
Représentation conforme, 11. 

Residue, 44. 

Resolution of surface, canonical, 384. 
Rétrosection, 344. 

Riemann’s surface, 364. 

Root, 16. 

Riickkehrschitt, 344. 


Schleife, 172. 

Schwarzian derivative, 623. 

Second kind, doubly-periodic function of the, 
303. 

Second kind of Abelian integrals, 428. 

Secondary-periodic functions, 304. 

Section, 64, 156, 210. 

Section (cross-cut), 343. 

Series, convergence of, 19. 

Sheet, 364. 

Simple branch-points, 198. 

Simple circuit, 356. 

Simple connection, 342. 

Simple curve, 22. 

Simple cycle of loops, 390. 

Simple element for tertiary-periodic function, 
320, 322. 

Singular point, 16. 

Singularity, accidental, 16, 55. 


760 


Singularity, essential, 17, 56. 

Special function on Riemann’s surface, 508. 
Species of singularity, 167. 

Sub-categories of cycles, 703. 

Sub-rational representation of variables, 533. 
Substitution, homogeneous, 718. 
Substitution, linear or homographic, 605. 
Synectic, 15. 


Taglio trasversale, 343. 

Tertiary-periodic functions, 304. 

Tetrahedral group, 721. 

Thetafuchsian function, 738. 

Third kind, doubly-periodic function of the, 
303. 

Third kind of Abelian integral, 432. 

Transcendental function, 78. 

Transformation, birational, 519. 

Trasversale, 343. 


GLOSSARY OF TECHNICAL, TERMS 


Umgebung, 55. 

Unconditional convergence of series, 19; of 
products, 83. 

Unicursal, 530. 

Unifacial surface, 354. 

Uniform convergence of series, 19; of pro- 
ducts, 83. 

Uniform function, 15. 


Verzweigungschnitt, 367. 
Verzweigungspunkt, 15. 


Wesentliche singulare Stelle, 56. 
Winding-point, 374. 
Winding-surface, 374. 
Windungspunkt, 15. 


Zero, 16. 
Zusammenhangend, einfach, mehrfach, 342, 343. 


INDEX. 


(Lhe numbers refer to the pages.) 


Abel, 256, 500, 562. 

Abel’s formula for sum of transcendental 
integrals, 567: examples of, 569-572; ap- 
plied to integrals of first kind, 572; of 
second kind, 576; of third kind, 579. 

Abel’s Theorem on integrals, quoted, 501 ; 
proved, 561-583: the main result, 567. 

Abelian transcendental functions, arising by 
inversion of functions of the first kind on 
a Riemann’s surface, 499 ; 

Weierstrass’s form of, 500. 

Absolute convergence, of series, 19; of pro- 
ducts, 83. 

Accidental singularities, 16, 55, 72; 

must be possessed by uniform function, 
72; 

form of function in vicinity of, 72; 

are isolated points, 74; 

number of, in an area, 76, 80; 

if at infinity and there be no other 
singularity, the function is polynomial, 
HAS 

if there be a finite number of, and no 
essential singularity, the uniform 
function is rational and meromorphic, 
79. 

Addition-theorem, for uneven doubly-periodic 
function of second order and second class, 
275; 

for Weierstrass’s (0-function, 290 ; 
quasi-form of, for the o-function and 
the ¢-function, 289 ; 
definition of algebraical, 326 ; 
algebraical, is possessed by algebraical 
functions, 326 ; 
by simply-periodic functions, 327 ; 
by doubly-periodic functions, 328 ; 
function which possesses analgebraical, is 
either (i) algebraical, 329; 
or (ii) simply-periodie, 332, 334 ; 
or (iii) doubly-periodic, 336 ; 


satisfies a differential equation be- 
tween itself and its first derivative, 
337 ; 
condition that algebraical equation be- 
tween three variables should express, 
339 ; 
form of, when function is uniform, 340. 

Adjoint curves, 427. 

Adjoint polynomial on Riemann’s surface, 
quotient of one by another, is a special 
function, 509. 

Adjoint polynomials, 427. 

Algebraic equation between three variables 
should express an addition-theorem, condi- 
tion that, 339; 

Algebraic equation, defining algebraic multi- 
form functions, 180 (see algebraic function) ; 

genus of, 377 ; 
for any uniform function of position on 
a Riemann’s surface, 399. 

Algebraic equation defines functions that are 
analytic, 197. 

Algebraic function, cycle of branches of, 552 : 
birationally transformed, 553-559. 

Algebraic function is analytic, 197. 

Algebraic (multiform) functions defined by 
algebraical equation, 180 ; 

branch-points of, 181; 
infinities of, are singularities of the 
coefficients, 182 ; 
graphical method for determination 
of order of, 184 ; 
branch-points of, 187; 
cyclical arrangements of branches round 
a branch-point, 190 ; 
when all the branch-points are simple, 
198 ; 
in connection with Riemann’s surface, 
368. 

Algebraic function on a Riemann’s surface, 

integrals of, 418; 
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integrals of, everywhere finite, 420 ; 
number of, in a special case, 420 ; 
when all branch-points are simple, three 
kinds of integrals of, 421 ; 
infinities of integrals of, 422, 425 ; 
branch-points of integrals of, 425. 
Algebraic functions on a Riemann’s surface, 
constructed from normal elementary func- 
tions of second kind, 502; 
smallest number of arbitrary infinities 
to render this construction possible, 
502 ; 
Riemann-Roch’s theorem on, 503 ; 
smallest number of infinities of, which, 
except at them, is everywhere uniform 
and continuous, 505 ; 
which arise as first derivatives of func- 
tions of first kind, 506 ; 
are infinite only at branch-points, 


507 ; 
number of infinities of, and zeros 
of, 507 ; 


most general form of, 508 ; 
determined by finite zeros, 508 ; 
Brill-N6ther law of reciprocity for, 
510; 
determine a fundamental equation for a 
given Riemann’s surface, 510 ; 
relations between zeros and infinities of, 
517. 

Algebraic isothermal curves, families of, 671 
et seq. (see isothermal curves). 

Algebraic plane curve birationally transformed 
into another with double points only, 
551-560. 

Algebraic relation between functions automor- 
phic for the same infinite group, 750; 

genus of, in general, 751. 

Analytic function, monogenic, 62. 

Analytic function represented by series of 
polynomials, 64, 125, 

Analytic function defined by algebraic equation, 
197. 

Analytical curve, 441, 460, 624; 

represented on a circle, 460; 
area bounded by, represented on a half- 
plane, 624; 
consecutive curve can be chosen at 
will, 625. 

Analytical test of a branch-point, 176. 

Anchor-ring conformally represented on plane, 
594. 

Anharmonic function, automorphic for the an- 
harmonic group, 716, 

Anharmonic group of linear substitutions, 716. 
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Anissimoff, 124. 

Appell, 164, 324, 325, 512, 513 et seq., 541, 
552. 

Appell’s factorial functions, 513 (see factorial 
functions). 

Area, simply connected, can be represented 
conformally upon a circle with unique cor- 
respondence of points, by Riemann’s theorem, 
620; 

form of function for representation on a 
plane, 623, 635; on a circle, 623; 

bounded by analytical curve represented 
on half-plane, 624; 

bounded by cardioid on half-plane, 628; 

of convex rectilinear polygon, 632 et 
seq. (see rectilinear polygon) ; 

bounded by circular ares, 644 et seq. (see 
curvilinear polygon). 

Areas, combination of, in proof of existence- 
theorem, 462. 

Argand, 2. 

Argument (or amplitude) of the variable, 3. 

Argument of function possessing an addition- 
theorem, forms of, for a value of the function, 
329 et seq. 

Argument and parameter of normal elementary 
function of third kind, 497. 

Ascoli, 441. 

Automorphic function, 715; 

constructed for infinite group in pseudo- 
automorphic form, 733 et seq. (see 
thetafuchsian functions) ; 

expressed as quotient of two theta- 
fuchsian functions, 746; 

its essential singularities, 748; 

number of irreducible zeros of, is the 
same as the number of irreducible 
accidental singularities, 748; 

different, for same group are connected 
by algebraical equation, 750; genus 
of this algebraical equation in general, 
751; 

connection between, and general linear 
differential equations of second order, 
753 ; 

modular-functions as examples of, 754. 


Baker, 234, 378, 885, 501, 510, 512, 519, 
549, 561; a rule for determining the genus 
of a Riemann’s surface, 385. 

Barnes, 95. 

Barriers, impassable, in connected surface, 342; 

can be used to classify connected sur- 
faces, 343; 
changed into a cut, 343. 
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Beltrami, 624, 626, 627. 

Bertini, 552. 

Bianchi, 713, 714. 

Bicursal equations or curves, 537. 

Biehler, 324. 

Biermann, 61, 326. 

Bifacial surfaces, 354, 362. 

Birational transformation, 397, 519-561; 
conserves genus of equation, 524 ; 
conserves kind of function, 525; 
conserves 3p — 3+  class-moduli, 527. 

Birational transformation of algebraic plane 
curves, 551-560: of cycles of branches of 
algebraic function, 553-559. 

Birational transformation of equations of 
genus zero, 5382; of genus unity, 540; of 
genus greater than unity, 548; of genus 
greater than two, 551. 

Bolza, 678. 

Bonnet, 593. 

Boole, 567. 

Borchardt, 244. 

Borel, 104, 125. 

Boundary of region of continuity of a function 
is composed of the singularities of the 
function, 63. 

Boundary, defined, 351; 

assigned to every connected surface, 343, 


351, 359; 

edges acquired by cross-cut and loop- 
cut, 344; 

of simply connected surface is a single 
line, 352 ; 


effect of cross-cut on, 352; 
and of loop-cut on, 353. 
Boundary conditions for potential function, 
442 (see potential function). 
Boundary, functions on a Riemann’s surface 
without, 473. 
Boundary values of potential function for a 
circle, 447; 
may have limited number of finite dis- 
continuities, 452; 
include all the maxima and the minima 
of a potential function, 458. 


Boundaries of connected surface, relation 
between number of, and connectivity, 
353. 


Branch-lines, are mode of junction of the sheets 
of Riemann’s surfaces, 367; 
properties of, 368 et seq. ; 
free ends of, are branch-points, 368 ; 
sequence along, how affected by branch- 
points, 369; 
system of, for a surface, 369 ; 
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special form of, for two-sheeted surface, 
373 ; 

when all branch-points are 
385; 

number of, when branch-points are 
simple, 394. 

Branches of a function, defined, 15; 

affected by branch-points, 170 et seq.; 

obtained by continuation, 170; 

are uniform in continuous regions where 
branch-points do not occur, 174; 

which are affected by a branch-point, 
can be arranged in cycles, 175; 

restored after number of descriptions of 
circuit round branch-point, 176; 

analytical expression of, in vicinity of 
branch-point, 177; 

number of, considered, 178; 

of an algebraic function, 180 (see alge- 
braic function) ; 

a function which has a limited number 
of, is a root of an algebraic equation, 
200. 

Branch-points, defined, 15, 173; 
"integral of a function round any curve 
containing all the, 38 ; 

effect of, on branches, 168, 170 et seq. ; 

analytical test of, 176; 

expression of branches of a function in 
vicinity of, 177; 

of algebraic functions, 181, 187; 

simple, 198, 385 ; 

number of simple, 199; 

are free ends of branch-lines, 368 ; 

effect of, on sequence of interchange 
along branch-lines, 369; 

joined by branch-lines when simple, 
373; 

deformation of circuit on Riemann’s 
surface over, is impossible, 378 ; 

circuits round two, are irreducible, 378; 

number of, when simple, 384; 


simple, 


in connection with loops, 386 (see 
loops) ; . 

canonical arrangement of, when simple, 
393. 


Brill, 385, 397, 510, 512, 552. 

Brill-N6ther law of reciprocity, 510. 

Brioschi, 304, 310. 

Briot, 501, 513. 

Briot and Bouquet, vii, 25, 41, 43, 187, 193, 
233, 236, 244, 256, 501. 

Burnside (W.), 132, 384, 438, 618, 619, 630, 
653, 678, 716, 736, 751. 

Burnside (W. S.) and Panton, 422, 566. 
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Canonical form, of complete system of simple 

loops, 391 ; 
of Riemann’s surface, 395 ; 
resolved, 396. 

Canonical resolution of Riemann’s surface, 384. 

Cantor, 166. 

Cardioid, area bounded by, represented on strip 
of plane, 628 ; 

on a circle, 629. 

Casorati, 2, 25, 389. 

Categories of corners, 687 (see corners). 

Catheart, 6, 19, 55. 

Cauchy, v, vii, 22, 25, 28, 44, 45, 47, 54, 70, 
204, 341, 567. 

Cauchy’s theorem on the integration of a 
holomorphic function round a simple curve, 
25; 

and of a meromorphic function, 28 ; 
on the expansion of a function in the 
vicinity of an ordinary point, 45. 

Cayley, 2, 11, 84, 379, 385, 534, 537, 539, 596, 
603, 604, 609, 623, 624, 627, 631, 644, 669, 
671, 674, 716, 718. 

Cesaro, 104. 

Chessin, 237. 

Christoffel, 632, 635, 643. 

Chrystal, vi, 2, 6, 50, 189, 208. 

Circle, areas of curves represented on area of: 

exterior of ellipse, 595 ; 

interior of ellipse, 597; 

interior of rectangle, 595, 638 ; 

interior of square, 596, 639; 

exterior of square, 639; 

exterior of parabola, 598 ; 

interior of parabola, 599 ; 

half-plane, 600 ; 

interior of semicircle, 600; 

infinitely long strip of plane, 601 ; 

any circle, by properly chosen linear 
substitution, 607 ; 

any simply connected area, by Riemann’s 
theorem, 620 ; 

interior of cardioid, 628 ; 

interior of regular polygon, 642. 

Circle of convergence of series, 19. 

Circuits, round~ branch-point, effect of, on 
branch of a function, 172, 174; 

restore initial branch after number of 
descriptions, 176; 

on connected surface, 356 ; 

reducible, irreducible, simple, multiple, 
compound, reconcileable, 356 ; 

represented algebraically, 357 ; 

drawn on a simply connected surface are 
reducible, 358 ; 
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number in complete system for multiply 
connected surface, 359 ; 

cannot be deformed over a branch-point 
on a Riemann’s surface, 379. 

Circular functions obtained, by integrating 
algebraical functions, 216 ; 

on a Riemann’s surface, 412. 

Class-moduli of equations under birational 
transformation, 526: number of, 527. 

Class of, transcendental integral function as de- 
fined by its zeros, 101; 

Laguerre’s criterion of, 103 ; 

simple function of given, 104 ; 
essential singularity, 166 ; 
tertiary-periodic function, positive, 317; 

negative, 320; 
(see Genus). 

Classes of doubly-periodic functions of the 
second order are two, 249. 

Clebsch, 198, 235, 385, 389, 390, 393, 397, 435, 
500, 501, 530, 536, 539, 551, 561. 

Clifford, 362, 390. 

Closed cycles of corners in normal polygon for 
division of plane, 692 (see corners). 

Combination of areas, in determination of 
potential function, 462. 

Complex variable defined, 1; 

represented on a plane, 2; 
and on Neumann’s sphere, 4. 

Compound circuits, 356. 

Conditional convergence of series, 19; of pro- 
ducts, 83. 

Conditional equation in Abel’s theorem, 563. 

Conditions that one complex variable be a 
function of another, 7. 

Conformal representation of planes, established 
by functional relation between variables, 11; 

magnification in, 11; 

used in Schwarz’s proof of existence- 
theorem, 460; 

most generalform of relation that secures, 
is relation between complex variables, 
588 ; 

examples of, 595 et seq. 

Conformal representation of surfaces is secured 
by relation between complex variables in the 
most general manner, 585; 

obtained by making one a plane, 589; 
of surfaces of revolution on plane, 589; 
of sphere on plane, 591; 

Mercator’s and stereographic projec- 

tion, 591, 592; 

of oblate spheroid, 594; 
of ellipsoid, 594; 
of anchor-ring, 594; 
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Riemann’s general theorem on, 620; 
form of function for, on a plane, 623; 
on a circle, 623. 
Congruent regions by linear substitutions, 611, 
686. 
Conjugate edges of a region, 687 (see edges). 
Connected surface, supposed to have a boundary, 
342, 350, 357; 
to be bifacial, 354; 
divided into polygons, Lhuilier’s theorem 
on, 354; 
geometrical and physical deformation of, 
361; 
can be deformed into any other connected 
surface of the same connectivity having 
the same number of boundaries, if both 
be bifacial, 362; 
Klein’s normal form of, 368 ; 
associated with irreducible equation, 374. 
Connection of surfaces, defined, 341; 
simple, 342; 
definition of, 344; 
multiple, 343 ; 
definition of, 344; 
affected by cross-cuts, 348; 
by loop-cuts, 349; 
and by sht, 350. 
Connectivity, of surface defined, 346; 
affected by cross-cuts, 348; 
by loop-cuts, 349; 
by shit, 350; 
of spherical surface with holes, 350; 
in relation to irreducible circuits, 358; 
of a Riemann’s surface, with one boun- 
dary, 376; 
with several boundaries, 378. 
Constant, uniform function is, everywhere if 
constant along a line or over an area, 67. 
Constant difference of integral, at opposite 
edges of cross-cut, 406; 
how related for cross-cuts that meet, 407 ; 
for canonical cross-cuts, 408 (see 
moduli of periodicity). 
Construction of rational function on Riemann’s 
surface, 501-506. 
Contiguous regions, 686. 
Continuation, of function by successive domains, 
61; 
Schwarz’s symmetric, 64; 
of function with essential singularities, 
ill; 
of multiform function to obtain branches, 
170. 
Continuity of a function, region of (see region 
of continuity). 
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Continuous Group, 680. 

Contraction of areas in conformal representation, 
631. 

Convergence of products, kinds of, 83. 

Convergence, of series, kinds of, 19; circle of, 
19; of products, 83. 

Convex curve, area of, represented on half- 
plane, deduced as the limit of the representa- 
tion of a rectilinear polygon, 643. 

Convex normal polygon for division of plane, 
in connection with an infinite group, 690; 

angles at corners of second category and 
of third category, 692; 
sum of angles at the corners in a cycle 
of the first category is a submultiple 
of four right angles, 693; 
when given leads to group, 696; 
changed into a closed surface, 704. 
Corners, of regions, 686; 
three categories of, for Fuchsian group, 
687; 
cycles of homologous, 688; 
how obtained, 692; 
closed, and open, 692; 
categories of cycles, 692; 
of first category are fixed points of 
elliptic substitutions, 696; 
of second and third categories are fixed 
points of parabolic substitutions, 696 ; 
sub-categories of cycles of, 703; 
open cycles of, do not occur in Kleinian 
groups, 709. 
Crescent changed into another of the same 
angle by a linear substitution, 608; 
represented on a half-plane, 648. 
Criterion of character of singularity, 74; 
class of transcendental integral function, 
103. 

Critical integer, for expansion of a function in 
an infinite series of functions, 139. 

Cross-cuts, defined, 343; 

effect of, on simply connected surface, 345; 
on any surface, 345; 
on connectivity of surface, 348; 
on number of boundaries, 352; 
and irreducible circuits, 359 ; 
on Riemann’s surface, 380; 
chosen for resolution of Riemann’s sur- 
face, 381; 
in canonical resolution of 
surface, 383; 


Riemann’s 


in resolution of Riemann’s surface in its 
canonical form, 395; 

difference of values of integral at opposite 
edges of, is constant, 406; 
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moduli of periodicity for, 408; 
number of independent moduh, 410; 
introduced in proof of existence- 
theorem, 469 et seq. 

Curve, birational transformation of algebraic 
plane, 551-560. 

Curyes, adjoint, 427. 

Curvilinear polygon, bounded by circular ares, 
represented on the half-plane, 644 et seq.; 

function for representation of, 644; 
equation which secures the representa- 
tion of, 647; 
connected with linear differential 
equations, 648; 
bounded by two ares, 648; 
bounded by three arcs, 649 (see curvi- 
linear triangle). 

Curyilinear triangles, equation for representa- 

tion of, on half-plane, 649 ; 
connected with solution of differential 
equation for the hypergeometric series, 
650; 
when the orthogonal circle is real, 652; 
any number of, obtained by inver- 
sions, lie within the orthogonal 
circle, 653; 
equation is transcendental, 653; 
discrimination of cases, 654; 
particular case when the three arcs 
touch, 655; 
when the orthogonal circle is imaginary, 
656 ; 
stereographic projection on sphere 
so as to give spherical triangle 
bounded by great circles, 657; 
connected with division of spherical 
surface by planes of symmetry of 
inscribed regular solids, 658 et 
Seq. ; 
cases when the relation is algebraical 
in both variables and uniform in 
one, 658; 
equations which establish the 
representation in these cases, 
661 et seq.; 
cases when the relation is algebraical 
in both variables but uniform in 
neither, 668 et seq. 

Cycles of branches of algebraic function, 552: 
birational transformation of, into linear 
cycles, 553-559. 

Cycles of corners, 688 (see corners). 

Cyclical interchange of branches of a function 
which are affected by a branch-point, 175; 

when the function is algebraic, 190. 
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Darboux, 21, 48, 64, 78, 361, 632, 644. 
Dedekind, 729, 733. 
Deficiency of a curve, 385; 
equal to genus of associated Riemann’s 
surface, 385; 
determined by Baker’s rule, 386 ; 
is an invariant for rational transforma- 
tions, 397, 524. 
Deformation, of a circuit on a Riemann’s surface 
over branch-point impossible, 379; 
of connected surfaces, geometrical and 
physical, 361; 
can be effected from one to another 
if they be bifacial, be of the same 
connectivity, and have the same 
number of boundaries, 362 ; 
to its canonical form of Riemann’s sur- 
face with simple winding-points, 395; 
of loops, 387 et seq.; 
of path of integration, of holomorphic 
function does not affect value of the 
integral, 27; 
over pole of meromorphic function 
affects value of the integral, 35; 
of multiform function (see integral 
of multiform function); 
form of, adopted, 214; 
effect of, when there are more 
than two periods, 234; 
on Riemann’s surface (see path of 
integration) ; 
of path of variable for multiform 
functions, 171; 
how far it can take place without 
affecting the final branch, 171— 
174. 
Degree of a function on a Riemann’s surface, 
402. 
Degree of cycle of branches 
funetion, 552. 
De Haan, 42. 
Derivative, Schwarzian, 623 (see Schwarzian 
derivative). 
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Derivatives, a holomorphic function possesses 
any number of, at points within its region, 
333 

superior limit for modulus of, 34; 

do not necessarily exist along the boun- 
dary of the region of continuity, 33, 
149; 

of elliptic functions with regard to the 
invariants, 294. 

Description of closed curve, positive and nega- 
tive directions of, 3. 

De Sparre, 105. 


INDEX 


Differential equation of first order, satisfied by 
uniform doubly-periodic functions, 264 ; 
in particular, by elliptic functions, 265; 
satisfied by function which possesses an alge- 
braic addition-theorem, 338. 
Differentiation of uniformly 
function-series, 147. 
Dihedral function, automorphic for dihedral 
group, 727 (see polyhedral functions). 
Dihedral group, of rotations, 719; 
of homogeneous substitutions, 720; 
of linear substitutions, 721; 
function automorphic for, 727. 
Dingeldey, 363. 
Dini, vi. 
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Directions of description of closed curve, 3. 
Discontinuous, groups, 679; 
properly and improperly, 680; 
all finite groups are, 681; 
division of plane associated with, 686 
(see regions). 

Discrete group, 679. 

Discriminating circle for uniform function, 124. 

Discrimination between accidental and essen- 
tial singularities, 55, 74. 

Discrimination of branches of a function ob- 
tained by various paths of the variable, 171 
—174, 

Divergence, of series, 19; of products, 83. 

Division of surface into polygons, Lhuilier’s 
theorem on, 354. 

Dixon, 130, 571. 

Domain of ordinary point, 55. 

Dominant function, 35. 

Double points of linear substitution, 608. 

Double-pyramid, division of surface of cir- 
cumscribed sphere by planes of symmetry, 
658; 

equation giving the conformal represen- 
tation on a half-plane of each triangle 
in the stereographic projection of the 
divided spherical surface, 662. 

Doubly-infinite system of zeros, transcendental 
function having, 96, 

Doubly-periodic functions, uniform, 223; 

graphical representation of, 224; 

those considered have only one essential 
singularity which is at infinity, 244, 
254, 268 ; 

fundamental properties of uniform, 245 
et seq. ; 

order of, 246; 

equivalent, 247 ; 

integral of, round parallelogram of 
periods, is zero, 247; 
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sum of residues of, for parallelogram, is 
zero, 248; 
of first order do not exist, 249; 
of second order consist of two classes, 
249 ; 
number of zeros equal to number of 
infinities and of level points, 253; 
sum of zeros congruent with the sum of 
the infinities and with the sum of the 
level points, 254; 
of second order, characteristic equation 
of, 257; 
zeros and infinities of derivative of, 
258; 
can be expressed in terms of any 
assigned homoperiodic function 
of the second order with an ap- 
propriate argument, 260; 
of any order with simple infinities can 
be expressed in terms of homoperiodic 
functions of the second order, 261; 
are connected by an algebraical equation 
if they have the same periods, 263; 
differential equation of first order satis- 
fied by, 263; 
in particular, by elliptic functions, 
264 ; 
can be expressed rationally in terms of 
a homoperiodic function of the second 
order and its first derivative, 266; 
of second order, properties of (see second 
order) ; 
Liouville’s theorem as to, 268; 
expressed in terms of the ¢-function, 284; 
and of the o-function, 287; 
possesses algebraical addition-theorem, 
326. 
Du Bois-Reymond, 149, 
Durége, 59, 345, 363. 
Dyck, 363, 678, 680. 


Edges of cross-cut, positive and negative, 406, 
481. 
Edges of regions in division of plane by an 
infinite group, 686; 
two kinds of, for real groups, 687; 
congruent, are of the same kind, 687; 
conjugate, 687; 
of first kind are even in number and can 
be arranged in conjugate pairs, 688; 
each pair of conjugate, implies a funda- 
mental substitution, 688. 
Hisenstein, 97, 99. 
Elementary function of second kind, 491 (see 
second kind of functions). 
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Elementary functions of third kind, 492 (see 
third kind of functions). 
Elementary integrals, of second kind, 428; 
determined by an infinity, except as to 
additive integral of first kind, 430; 
number of independent, 431; 
connected with those of third kind, 435. 
Elementary integrals of third kind, 434 ; 
connected with integrals of second kind, 
435; 
number of independent, with same log- 
arithmie infinities, 435. 
Elements of analytic function, 62; 
can be derived from any one when the 
function is uniform, 63; 
any single one of the, is sufficient for 
the construction of the function, 63. 
Ellipse, area without, represented on a circle, 
595; 
area within, represented on a rectangle, 
597; 
and on a circle, 598. 
Ellipsoid conformally represented on plane, 
594. 
Elliptic equations, or curves, 537. 
Elliptic functions and equations of genus unity, 
538. 
Elliptic functions, obtained by integrating mul- 
tiform functions, in Jacobian form, 218; 
in Weierstrassian form, 221, 277 et seq.; 
on a Riemann’s surface, 414 et seq. 
Elliptic substitutions, 611, 613; 
are either periodic or infinitesimal, 615 ; 
occur in connection with cycles of cor- 
ners, 703, 709. 
Enneper, 733. 
Equations, of genus greater than two, 548: 
normal form of, 551. 
of genus two, 544-547: 
expressible by sextic or quintie radical, 545: 


variables in, 


only limited number of birational trans. 
formations into one another, 548: normal 
form of, 549. 

of genus unity, 536-544: variables in, 
expressible by quartic or cubie radical, 536, 
and as uniform elliptic functions, 538: bi- 
rationally transformable into one another 
with one arbitrary parameter, 540; normal 
form of, 549. 

of genus zero, 530-536: variables in, 
expressible as rational functions, 530: bi- 
rationally transformable into one another 
with three arbitrary parameters, 532: sub- 
rational representation of variables in, 533, 
made rational, 534: normal form of, 549. 
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Equivalent homoperiodic functions, 247; 
conditions of equivalence, 252. 
Essential singularities, 17, 56; 
uniform function must assume any value 
at, 58, 106; 
of transcendental integral function at 
infinity, 82; 
form of function in vicinity of, 109; 
continuation of function possessing, 111; 
form of function having finite number 
of, as a sum, 112; 
functions having unlimited number of, 
Chap. vu. ; 
line of, 156; 
lacunary space of, 157; 
classification of, into classes, 165; 
into species, 167; 
into wider groups, 167; 
of pseudo-automorphic functions, 738; 
of automorphic functions, 748. 
Essential singularities of groups, 616, 701; 
are essential singularities of functions 
automorphic for the group, 701; 
lie on the fundamental circle, 701; 
may be the whole of the fundamental 
circle, 702. 
Exceptional values unattainable 
essential singularity, 60. 
Existence of functions on a Riemann’s surface 
without boundary, 473. 
Existence-theorem for functions on a given 
Riemann’s surface, Chap. xvit.; 
methods of proof of, 441 ; 
abstract of Schwarz’s proof of, 442; 
results of, relating to classes of functions 
proved to exist under conditions, 478. 
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Expansion of a function im the vicinity of an 
ordinary point, by Cauchy’s theorem, 45; 
within a ring, by Laurent’s theorem, 49. 
Expression of uniform function, in vicinity of 
ordinary point, 45; 
in vicinity of a zero, 69; 
in vicinity of accidental singularity, 
733 
in vicinity of essential singularity, 109; 
having finite number of essential singu- 
larities, as a sum, 113; 
as a product when without acciden- 
tal singularities and zeros, 116; 
as a product, with any number of 
zeros and no accidental singu- 
larities, 121; 
as a product, with any number of 
zeros and of accidental singulari- 
ties, 123; 
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in the vicinity of any one of an infinite 
number of essential singularities, 126; 

having an assigned infinite number of 
singularities over the plane, 128 ; 

generalised, 129; 

haying infinity as its single essential 
singularity, 131; 

having unlimited singularities distrib- 
uted over a finite circle, 131. 

Expression of multiform function in the vicin- 
ity of branch-point, 177. 


Factor, generalising, of transcendental integral 
function, 91; 
primary, 93; 
fractional, for potential-function, 458; 
major and minor, 459. 
Factorial functions, pseudo-periodic on a Rie- 
mann’s surface, 513; 
their argument, 513 ; 
constant factors (or multipliers) for cross- 
cuts of, 514; 
forms of, when cross-cuts are canon- 
ical, 514; 
general form of, 514 ; 
expression of, in terms of normal ele- 
mentary functions of the third kind, 
515 et seq. ; 
zeros and infinities of, 517; 
cross-cut multipliers and an assigned 
number of infinities determine a 
limited number of independent, 519. 
Factorial periodicity, 681. 
Factors (or multipliers) of factorial functions 
at cross-cuts, 514; 
forms of, when cross-cuts are canonical, 
514. 
Falk, 226. 
Families of groups, seven, 702 ; 
for one set, the whole line conserved by 
the group is a line of essential singu- 
larity ; for the other set, only parts of 
the conserved line are lines of es- 
sential singularity, 703. 
Finite groups of linear substitutions, 681, 
716; 
containing a single fundamental substi- 
tution, 681 ; 
anharmonic, containing two elliptic 
fundamental substitutions, 682. 
Finite number of essential singularities, func- 
tion having, expressed as a sum, 113. 
First kind of pseudo-periodie function, 302. 
First kind, of functions on a Riemann’s surface, 
480 ; 
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moduli of periodicity of functions of, 
482 et seq.; 
relation between, and those of a func- 
tion of second kind, 485 ; 
when the functions are normal, 490; 
number of linearly independent functions 
of, 487; 
normal functions of, 490 ; 
inversion of, leading to multiply periodic 
functions, 497; 
derivatives of, as algebraical functions, 
506; 
infinities and zeros of, 507; 
conserved under birational transforma- 
tion, 524, 
First kind of integrals on Riemann’s surface, 426; 
number of, linearly independent in 
particular case, 427 ; 
are not uniform functions, 427; 
general value of, 428 (see first kind of 
functions) ; 
sum of, expressed by Abel’s theorem, 572. 
Fixed circle of elliptic Kleinian substitution, 
when the equation is generalised, 709. 
Fixed points of linear substitution, 608. 
Floquet, 311. 
Form of argument for given value of function 
possessing an addition-theorem, 329 et seq. 
Fractional factor for potential function, 458 ; 
major, minor, 459. 
Fractional part of doubly-periodic function, 
246. 
Fredholm, 49. 
Fricke, vii, 144, 435, 505, 508, 512, 605, 668, 
716. 
Frobenius, 294, 304, 310. 
Fuchs, 124, 733. 
Fuchsian functions, 
functions). 
Fuchsian group, 685, 702; 
if real, conserves axis of real quantities, 
685 ; 
when real, it is transformed by one 
complex substitution and then con- 
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serves a circle, 699 ; 
division of plane into two portions 
within and without the fundamental 
circle, 699 ; 
families of, 702; 
genus of, 704. 
Function defined by algebraic equation is 
analytic, 197. 
Function on Riemann’s surface, construction 
of rational, 505; special, 508. 
Function, Riemann’s general definition of, 8; 
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relations between real and imaginary 
parts of, 9; 

equations satisfied by real and imaginary 
parts of, 11; 

monogenic, defined, 14 ; 

uniform, multiform, defined, 15; 

branch, and branch-point, of a, defined, 
if 5is 

holomorphic, defined, 15 ; 

meromorphic, defined, 16; 

continuation of a, 61; 

region of continuity of, 62; 

element of, 62 ; 

monogenic analytic, definition of, 62 ; 

constant along a line or area, if uniform, 
is constant everywhere, 67 ; 

properties of uniform, without essential 
singularities, Chap. tv.; 

rational integral, 78; 

transcendental, 78; 

having a finite number of branches is a 
root of an algebraical equation, 200; 

potential, 439 (see potential function). 

Function possessing an algebraic addition- 
theorem, is either algebraic, or algebraic 
simply-periodic, or algebraic doubly-periodic, 
329 ; 

has only a finite number of values for 
one value of the argument, 337 ; 

if uniform, then either rational, or 
simply-periodic or doubly-periodic,337; 

satisfies a differential equation between 
itself and its first derivative, 338. 

Functional dependence of complex variables, 
form of, adopted, 7; 

analytical conditions for, 7 ; 
establishes conformal representation, 11. 

Functionality, monogenic, not coextensive with 
arithmetical expression, 155. 

Functions, expression in series of (see series of 
functions). 

Functions of two variables, 
theorem on regular, 194-6. 

Fundamental circle of Fuchsian group, 699 ; 

divides plane into two parts which are 
inverses of each other with regard to 
the circle, 700; 

essential singularities of the group lie 
on, 702. 

Fundamental equation for a Riemann’s surface 
is determined by algebraical functions that 
exist on the surface, 511, 

Fundamental parallelogram for double period- 
icity, 225, 231; 

is not unique, 231. 
Fundamental region (or polygon) for division 


Weierstrass’s 
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of plane associated with a discontinuous 
group, 686 ; 
can be taken so as to have edges of the 
first kind cutting the conserved line 
orthogonally, 690, 700 ; 
in this case, called a normal polygon, 
689 ; 
which can be taken as convex, 
690; 
angles of, 692 (see convex normal 
polygon) ; 
characteristics of, 694. 
Fundamental set of loops, 389. 
Fundamental substitutions of a group, 678 ; 
relations between, 679, 688, 694; 
one for each pair of conjugate edges of 
region, 688. 
Fundamental systems of isothermal curves, 674; 
given by a uniform algebraic function, 
or a uniform simply-periodic function, 
or a uniform doubly-periodic function, 
674; 
all families of algebraic isothermal curves 
are derived from, by algebraic equa- 
tions, 675. 


Galois, 677. 
Gauss, 2, 11, 95, 440, 584, 589, 593. 
General conditions for potential function, 442 
(see potential function). 
Generalised equations of Kleinian group, 707 
(see Kleinian group) ; 
polyhedral division of space in connec- 
tion with, 709 ; 
connected with polygonal division 
of plane by the group, 780. 
Generalising factor of transcendental integral 
function, 91. 
Genus of, algebraic equation associated with a 
Riemann’s surface, 377 ; 
between automorphic functions, 751; 
connected surface, 353 ; 
conserved under birational transfor- 
mation, 524; 
Fuchsian group, 704 ; 
Riemann’s surface, 377; 
of Riemann’s surface equal to deficiency 
of associated curve, 385 ; 
determined by Baker’s rule, 386. 
Genus zero, equations of, 530-536; 
unity, equations of, 536-544; 
two, equations of, 544-547; 
curve of, transformable into a quar- 
tic, 547. 
Gordan, 198, 235, 389, 397, 435, 500, 50), 
551, 561, 681. 
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Goursat, 163, 212, 213, 324, 512, 640, 644, 714. 
Graphical determination of, order of infinity of 
an algebraic function, 184 ; 
the leading term of a branch in the 
vicinity of an ordinary point of the 
coefficients of the equation, 186; 
the branches of an algebraic function in 
the vicinity of a branch-point, 189. 
Graphical representation of periodicity of func- 
tions, 223, 224. 
Green, 440. 
Greenhill, 217. 
Group of linear substitutions, 677 ; 
fundamental substitutions of, 678 ; 
relations between, 679 ; 
continuous, and discontinuous (or discrete), 
679 ; 
properly and improperly discontinuous, 680 ; 
finite, 681 (see finite groups) ; 
modular, with two fundamental substitu- 
tions, 682 ; 
division of plane into polygons associated 
with, 683 et seq.; 
relation between the fundamental 
substitutions, 685 ; 
division of plane for any discontinuous group, 
686 (see region) ; 
fundamental region for, 686 ; 
Fuchsian, 686, 702 (see Fuchsian group) ; 
when real, conserves axis of real quantities, 
686 ; 
fundamental substitutions of, connected with 
the pairs of conjugate edges of a region, 
688 ; 
seven families of, 702; 
conserved line in relation to the essential 
singularities, 703; 
Kleinian, 705 (see Kleinian group) ; 
dihedral, 719; 
tetrahedral, 721. 
Grouping of branches of algebraical function 
at a branch-point, 190. 
Ginther, 512. 
Guichard, 117, 166, 167, 243, 244. 


Gutzmer, 48. ed 


Gyldén, 141. 


Hadamard, 49, 70, 104. 
Half-plane represented on a circle, 600; 
on a semicircle, 601 ; 
on a sector, 601; 
on an infinitely long strip, 601 ; 
on a rectilinear polygon, 631 et seq. (see 
rectilinear polygon) ; 
ona curvilinear polygon, bounded by cir- 


771 


cular ares, 644 et seq. (see curvilinear 
polygon, curvilinear triangle). 

Halphen, 96, 291, 294, 304, 314, 324, 325, 554. 

Halphen’s birational transformation of plane 
curves, 554; used to transform cycle of 
branches of algebraic function, 554-559. 

Hankel, 144, 213. 

Hardcastle, F., 363. 

Harkness, 18. 

Harnack, 6, 10, 19, 55, 441. 

Heine, 213. 

Henrici, 441. 

Hermite, vii, 21, 87, 95, 104, 125, 156, 209, 
210, 212, 213, 285, 304, 306, 308, 315, 324, 
500, 513, 528, 529, 729, 7338. 

Hermite’s sections for integrals of uniform 
functions, 210. 

Herz, 593. 

Hexagon, symmetrical about one diagonal, 
area of, represented ou half-plane, 642. 

Hilbert, 125. 

Hobson, 6, 18, 94. 

Hoélder, 59. 

Hofmann, 396. 

Hole in surface, effect of making, on connec- 
tivity, 349. 

Holomorphic function, defined, 15; 

integral of, round a simple curve, 25; 
along a line, 25; 
when line is deformed, 27; 
when simple curve is deformed, 28; 
has a derivative for points within, but 
not necessarily on the boundary of, 
its region, 33; 
superior limit for modulus of derivatives 
of, 34; 
expansion of, in the domain of an ordi- 
nary point, 45, 55; 
within a ring of convergence by 
Laurent’s theorem, 49. 

Holzmiiller, 2, 373, 596, 605. 

Homén, 163. 

Homogeneous form of linear substitutions, 718. 

Homogeneous substitutions, 718 ; 

two derived from each linear substi- 
tution, 718; 
dihedral group of, 720. 

Homographic substitution connected with sphe- 
rical rotation, 717. 

Homographic transformation, or substitution, 
605 (see linear substitution). 

Homologous points, 225, 686. 

Homoperiodie functions, 250; 

when in a constant ratio, 250; 
when equivalent, 252; 
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are connected by an algebraical equation, 
263. 
Hoiiel, 2. 


Humbert, 501, 512. 
Hurwitz, 438, 548, 680, 683, 733, 754. 
Hyperbolic substitutions, 611, 613; 
neither periodic nor infinitesimal, 616; 
do not occur in connection with cycles 
of corners, 703, 710. 
Hyperelliptic equations or curves, 547. 
Hypergeometric series, solution of differential 
equation for, connected with conformal repre- 
sentation of curvilinear triangle, 649 et 
seq. 5 
cases of algebraical solution, 661 et seq. 


Icosahedral (and dodecahedral) division of sur- 
face of circumscribed sphere, 660; 
equation giving the conformal represent- 
ation on a half-plane of each triangle 
in the stereographic projection of the 
divided surface, 668. 

Identical substitution, 678. 

Imaginary parts of functions, how related to 
real parts, 9; 

equations satisfied by real and, 11. 

Improperly discontinuous groups, 680; 

example of, 711 et seq. 

Index of a composite substitution, 678 ; 

not entirely determinate, 679. 

Infinite circle, integral of any function round, 
38. 

Infinitesimal curve, integral of any function 
round, 36. 

Infinitesimal substitution, 679. 

Infinities, of a function defined, 16; 

of algebraic function, 182. 

Infinities of doubly-periodie functions, irre- 
ducible, are in number equal to the irreducible 
Zeros, 253; 

and, in sum, are congruent with their 
sums, 254; 

of pseudo-periodice functions (see second 
kind, third kind). 

Infinities of potential function on a Riemann’s 
surface, 477. 

Integral with complex variables, defined, 18; 

elementary properties of, 20, 21; 

over area changed into integral round 
boundary, by Riemann’s fundamental 
lemma, 22; 

of holomorphic function round simple 
curve is zero, 25; 

of holomorphic function along a line is 
holomorphic, 25 ; 
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of meromorphic function round simple 
curve containing one simple pole, 28 ; 
round simple curye, containing seve- 
ral simple poles, 30; 
round curve containing multiple 
pole, 33; 
of any function round infinitesimal circle, 
36; 
round infinitely great circle, 37; 
round any curve enclosing all the 
branch-points, 38. 

Integral of multiform function, between two 
points is unaltered for deformation of path 
not crossing a branch-point or an infinity, 205; 

round a curve containing branch-points 
and infinities is unaltered when the 
curve is deformed to loops, 206; 

also when the curve is otherwise deformed 
under conditions, 207 ; 

round a small curve enclosing a branch- 
point, 207; 

round a loop, 214; 

deformed path adopted for, 215; 

with more periods than two, can be 
made to assume any value by modi- 
fying the path of integration between 
the limits, 234. 

Integral of uniform function round parallelo- 
gram of periods, is zero when function is 
doubly-periodic, 247; 

general expression for, 248. 
Integrals, at opposite edges of cross-cut, values 
of, differ by a constant, 406; 
when cross-cuts are canonical, 408; 
discontinuities of, excluded on a Rie- 
mann’s surface, 409; 
general value of, on a Riemann’s surface, 
410; 
of algebraic functions, 418; 
when branch-points are simple, 420; 
infinities of, of algebraic functions, 421; 
first kind of, 426; 
number of independent, of first kind, 
427; 
®, are not uniform functions of position, 
427; 
general value of, 428; 
second kind of, 428 (see second kind) ; 
elementary, of second kind, 428 (see 
elementary integrals) ; 
third kind of, 432 (see third kind); 
elementary, of third kind, 484 (see 
elementary integral) ; 
connected with integrals of second 
kind, 435. 
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Integration, Riemann’s fundamental lemma in, 
22. 

Interchange, cyclical, of branches of a function 
affected by a branch-point, 175; 

of algebraical function, 200. 

Interchange of argument and parameter in 
normal elementary function of the third 
kind, 497. 

Interchange, sequence of, along branch-lines 
determined, 369. 

Interchangeable substitutions, 681. 

Invariants, derivatives of elliptic functions with 
regard to the, 294; 

as automorphic functions, 747. 

Inversion-problem, 499 ; 

of functions of the first kind with several 
variables leading to multiply periodic 
functions, 499 et seq. 

Inversions at circles, even number of, lead to 
lineo-linear relation between initial and final 
points, 617. 

Irreducible circuits, 356; 

complete system contains same number 
of, 357; 

cannot be drawn on a simply connected 
surface, 358; 

round two branch-points, 380. 

Trreducible equation and singleness of con- 
nected surface, 374. 

Trreducible, points, 224, 225, 686, 734; 

zeros of doubly-periodic function are the 
same in number as irreducible infini- 
ties, 253; 

likewise the number of level-points, 253; 

also of automorphic functions, 749 ; 

sum of irreducible points is independent 
of the value of the doubly-periodic 
function, 254. 

Isothermal curves, families of plane algebraical, 

671; 

form of equation that gives such families 
as the conformal representation of 
parallel straight lines, 682; 

three fundamental systems of, 682; 

all, are conformal representations gf 
fundamental systems by algebraical 
equations, 683; 

isolated, may be algebraical by other 
relations, 684. 


Jacobi, 100, 213, 218, 225 et seq., 265, 500, 
574, 598, 594, 

Jacobi’s theorem in algebraic equations used to 
deduce Abel’s theorem, 574-576. 

Jordan, 36, 212, 552, 678. 
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Kapteyn, 702. 

Kinds of edges in region for Fuchsian group, 
687 (see edges). 

Kinds of pseudo-periodic functions, three prin- 
cipal, 302, 303; 

examples of other, 324. 

Kirchhoff, 608. 

Klein, vii, viii, 144, 368, 399, 440, 435, 500, 
505, 508, 512, 527, 548, 561, 594, 605, 611, 
644, 668, 678 et seq., 715 et seq. 

Kleinian functions, 715 (see automorphic 
functions). 

Kleinian group, 705; 

conserves no fundamental line, 705 ; 
generalised equations of, applied to space, 
707; 
conserve the plane of the complex 
variable, 707; 
double (or fixed) circle of elliptic 
substitution of, 708 ; 
polygonal division of plane by, 708; 
polyhedral division of space in connec- 
tion with generalised equations of, 709; 
relation between polygonal division of 
plane and polyhedral division of space 
associated with, 710. 

Koénigsberger, 256, 501. 

Kopeke, 152. 

Korkine, 590, 593. 

Krause, 324. 

Krazer, 501. 

Kronecker, 144. 


Lachlan, 652, 656. 
Lacunary functions, 157. 
Lagrange, 590, 593. 
Laguerre, 101, 103, 104. 
Laguerre’s criterion of class of transcendental 
integral function, 103. 
Lamé, 310, 671. 
Lamé’s differential equation, 310; 
can be integrated by secondary periodic 
functions, 312; 
general solution for integer value of n, 
313; 
special cases of n=1 and n=2, 314. 
Laurent, 45, 49, 62, 53, 54, 76, 239, 240. 
Laurent’s theorem on the expansion of a funce- 
tion which converges within a ring, 49. 
Law of reciprocity, Brill-Néther’s, 510. 
Leading term of a branch in vicinity of an 
ordinary point of the coefficients of the 
equation determined, 186. 
Legendre, 218. 
Lerch, 152. 
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Lhuilier, 354. 

Lhuilier’s theorem on division of connected 
surface into polygons, 354. 

Limit, natural, of a power-series, 144. 

Lindemann, 385, 512. 

Linear cycles of branches of algebraic func- 
tions, 552; all cycles can be birationally 
transformed into, 559. 

Linear differential equations of the second 
order, connected with automorphic functions, 
753. 

Linear substitution, 605; 

equivalent to two translations, a reflexion 
and an inversion, 606; 
changes straight lines and circles into 
circles in general, 607; 
can be chosen so as to transform any 
circle into any other circle, 608; 
changes a plane crescent into another of 
the same angle, 608; 
fixed points of, 608; 
multiplier of, 608; 
condition of periodicity, 609; 
parabolic, 611; 
and real, 612; 
elliptic, 611; 
and real, 613; 
is either periodic or infinitesimal, 
OLS: 
hyperbole, 611; 
and real, 613; 
loxodromie, 611, 615; 
can be obtained by any number of pairs 
of inversions at circles, 617; 
group of, 677 et seq. (see group); 
normal form of, 677; 
identical, 678 ; 
algebraical symbols to represent, 678; 
index of composite, 678; 
infinitesimal, 679; 
interchangeable, 681 ; 
in homogeneous form, 718, 

Liouville, 180, 236, 244, 256. 

Liouville’s theorem on doubly-periodic fune- 
tions, 268. 

Lippich, 345, 363. 

Logarithmic differentiation of 
products is possible, 84. 

Logarithmic infinities, integral of third kind 
on a Riemann’s surface must possess at 
least two, 434. 

Loop-cuts, defined, 344; 

changed into a cross-cut, 349; 
effect of, on connectivity, 349; 
on number of boundaries, 353. 


converging 
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Loops, defined, 172; 
effect of a loop on a branch, is unique, 
174; 
symbol to represent effect of, 387 ; 
change of, when loop is deformed, 
388; 
fundamental set of, 389; 
simple cycle of, 390; 
canonical form of complete system of 
simple, 391. 
Love, 637. 
Loxodromic substitutions, 611, 615; 
neither periodic nor infinitesimal, 616; 
do not occur in connection with cycles 
of corners, 709. 
Liiroth, 389, 390, 533, 536. 


Magnification in conformal representation, 11, 

585; 
in star-maps, 593. 

Mair, 363. 

Major fractional factor, 459. 

Maps, 593. 

Mathews, 713. 

Maximum and minimum values of potential 
function for a region lie on its boundary, 458. 

Maxwell, 440. 

Mercator’s projection of sphere, 592. 

Meromorphic function, defined, 16; 

integral unchanged by deformation of 
simple curve in part of plane where 
function is uniform, 28; 
integral round a simple curve, containing 
one simple pole, 28; 
round a curve containing several 
simple poles, 30; 
round a curve containing multiple 
pole, 33; 
cannot, without change, be deformed 
across pole, 36; 
is form of uniform function with a 
limited number of accidental singu- 
larities, 79; 
all singularities of rational, are acci- 

*, dental, 81. 

Meyer, 671. 

Michell, 635. 

Minimum number of integrals in terms of 
which any number is expressible by Abel’s 
theorem, 581: the same as genus of equa- 
tion, 581. 

Minor fractional factor, 459. 

Mittag-Leffler, vii, 63, 64, 125 et seq., 166, 304, 
306, 308, 

Mittag-Leffler’s theorems on functions haying 
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an unlimited number of singularities, dis- 
tributed over the whole plane, 124; 
distributed over a finite circle, 131. 

Mobius, 354, 605, 668. 

Modular-function defined, 729; 
connected with elliptic quarter-periods, 

729; 
(see modular group); 
as automorphic functions, 754. 

Modular group of substitutions, 681; 

is improperly discontinuous for real 
variables, 680; 

division of plane into polygons, asso- 
ciated with, 682 et seq.; 

relation between the fundamental sub- 
stitutions of, 685; 

for modulus of elliptic integral, 730; 

for the absolute invariant of an elliptic 
function, 732. 
Moduli of periodicity, for cross-cuts, 409 ; 
values of, for canonical cross-cuts, 409 ; 
number of linearly independent on a 
surface, 410; 

examples of, 411 et seq.; 

introduced in proof of existence-theorem, 
469 et seq. ; 

of function of first kind on a Riemann’s 
surface, 480 et seq. ; 

relation between, of a function of first 
kind and a function of second kind, 
485. 

properties of, for normal function of 
first kind, 490; 

of normal elementary function of second 
kind are algebraic functions of its 
infinity, 492; 

of normal elementary function of third 
kind are expressed as normal functions 
of first kind of its two infinities, 495. 

Modulus of variable, 3. 

Monogenic, defined, 14; 
function has any number of derivatives, 

14; 
analytic function, 62. 
Monogenic functionality not coextensive with 
arithmetical expression, 155. 
Morley, 18. 
Multiform function, defined, 15; 
elements of, in continuation, 62 ; 
expression of, in vicinity of a branch- 
point, 177; 

defined by algebraic equation, 180 (see 
algebraic function) ; 

integral of (see integral of multiform 
function) ; 
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is uniform on Riemann’s surface, 366, 
372. 
Multiple circuits, 356. 
Multiple periodicity, 234; 
of uniform function of several variables, 
235. 
Multiplication-theorem, 326. 
Multiplicity of zero, 69; 
of pole, 73; 
of a function on a Riemann’s surface, 
403, 
Multiplier of linear substitution, 608. 
Multipliers of factorial functions at cross-cuts, 
514; 
forms of, when cross-cuts are canonical, 
514. 
Multiply connected surface, 342; 
defined, 342; 
connectivity modified by cross-cuts, 346; 
by loop-cuts, 349; 
and by slit, 350; 
boundaries of, affected by cross-cuts, 352; 
relation between boundaries of, and con- 
nectivity, 353; 
divided into polygons, Lhuilier’s theorem 
on, 354; 
number of circuits in complete system 
of circuits on, 359. 
Multiply-periodic uniform functions of n vari- 
ables, cannot have more than 2n periods, 235 ; 
obtained by inversion of functions of 
first kind, 497 et seq. 


Natural limit, of a power-series, 144; 
of part of plane, 653 ; 
for pseudo-automorphic function with 
certain families of groups, 739. 
Negative edge of cross-cut, 406, 481. 
Nekrassoff, 124. 
Netto, 678. 
Neumann, vii, 5, 6, 38, 172, 180, 345 et seq., 
376, 383, 440, 441, 500, 513, 517, 568. 
Neumann’s sphere used to represent the vari- 
able, 4; 
used for multiform functions, 172. 
Normal elementary function of second kind, 
491 (see second kind of functions). 
Normal elementary function of third kind, 492 
(see third kind of functions). 
Normal form of equations subject to birational 
transformation, 549-551. 
Normal form of linear substitution, 677. 
Normal functions of first kind, 490 (see first 
kind of functions). 
Normal polygon for division of plane, 690 
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can be taken convex, 690 (see convex 
normal polygon). 

Normal surface, Klein’s, as a surface of refer- 
ence of given connectivity and number of 
boundaries, 363, 395. 

Nother, 385, 510, 512, 552. 

Number of zeros of uniform function in any 
area, 69, 71, 76, 80; 

of periodic functions (see doubly-periodic 
functions, second kind, third kind); 

of pseudo-automorphic functions (see 
pseudo-automorphic functions). 


Octahedral (and cubic) division of surface of 
circumscribed sphere, 659 ; 
equation giving the conformal repre- 
sentation on a half-plane of each 
triangle in the stereographic projec- 
tion of the divided surface, 665. 

Open cycles of corners in normal polygon for 
division of plane by Fuchsian group, 692 
(see corners) ; 

do not occur in division of plane by 
Kleinian group, 709. 

Order of a function on a Riemann’s surface, 
402. 

Order of doubly-periodic function, 246. 

Order of infinity of a multiform function deter- 
mined, 183. 

Ordinary point of a function, 54; 

domain of, 54. 

Origin of cycle of 
function, 552. 

Oscillating series, 19. 


branches of algebraic 


Painleyé, 64, 125, 156. 
Parabola, area without, represented on a circle, 
598 ; 
area within, represented on a circle, 599. 
Parabolic substitutions, 611, 612; 
neither periodic nor infinitesimal, 616; 
occur in connection with cycles of cor- 
ners, 703, 709. 
Parallelogram for double periodicity, funda- 
mental, 225, 231; 
edges and corners in relation to zeros 
and to accidental singularities of fune- 
tions, 245. 
Parametric integer of thetafuchsian functions, 
746. 
Path of integration, 18; 
can be deformed in region of holomor- 
phic function without affecting the 
value of the integral, 27; 
on a Riemann’s surface, can be de- 
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formed except over a discontinuity, 
404, 
Periodic linear substitutions, 609 ; 
are elliptic, 613. 

Periodicity of uniform functions, of one variable, 

223 et seq.; 
of several variables, 235. 

Periodicity, modulus of, 409 (see moduli of 
periodicity). 

Periods of a function of one variable, 223 ; 

cannot have a real ratio when the func- 
tion is uniform, 225 ; 

cannot exceed two in number indepen- 
dent of one another if function be 
uniform, 230. 

Permanent equation in Abel’s theorem, 563. 

Phragmén, 125, 326, 439, 632. 

Picard, 59, 60, 157, 311, 325, 473, 512, 548, 
551, 713. 

Pincherle, 165, 681. 

Plane used to represent variation of complex 
variable, 2. 

Pochhammer, 212. 

Poincaré, viii, 35, 104, 105, 157, 163, 324, 
326, 548, 605, 612-614, 617, 678 et seq., 
702, 714 et seq. 

Poisson, 440. 

Poles of a function defined, 16, 55. 

Polyhedral division of space in connection with 
generalised equations of group of Kleinian 
substitutions, 710. 

Polyhedral functions, connected with conformal 
representation, 660 et seq. ; 

for double-pyramid, 661, 728 ; 

for tetrahedron, 662, 726; 

for octahedron and cube, 664 ; 

for icosahedron and dodecahedron, 667. 

Polynomials, adjoint, 427. 

Polynomials, analytic function represented by 
series of, 64, 125. 

Polynomials on a Riemann’s surface, adjoint, 
lead to special functions, 509. 

Position on Riemann’s surface, most general 
uniform function of, 399 ; 

their algebraical expression, 401 ; 
has as many zeros as infinities, 402. 
Positive edge of cross-cut, 406, 481. 
Potential function, defined, 439 ; 
conditions satisfied by, when derived 
from a function of position on a Rie- 
mann’s surface, 439 ; 
general conditions assigned to, 442; 
boundary conditions assigned to, 442 ; 
Green’s integral-theorems connected 
with, 443 et seq.; 
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is uniquely determined for a circle by 
general conditions and continuous 
finite boundary values, 445; 

integral expression obtained for, 
satisfies the conditions, 449 ; 
the boundary values for circle may 
have finite discontinuities at a 
limited number of isolated points, 
452 ; 
properties of, for a circle, 457. 
maximum and minimum values of, in a 
region, lie on the boundary, 458; 
is determined by general conditions and 
boundary values, for area conformally 
representable on area of a circle, 460; 
for combination of areas when it 
can be obtained for each sepa- 
rately, 462 ; 
for area containing a winding-point, 
467; 
for any simply connected surface, 468; 
introduction of cross-cut moduli for, on 
a doubly connected surface, 469; 
on a triply connected surface, 472 ; 
on any multiply connected surface, 
473 ; 
number of linearly independent, every- 
where finite, 477, 487; 
introduction of assigned infinities, 477 ; 
classes of, determined, 478; 
classes of complex functions derived from, 
with the respective conditions, 478. 
Power-series, as elements of an analytical 
function, 62 et seq., 148 et seq.; 
region of continuity of, consists of one 
connected part, 143 ; 
may have a natural limit, 144. 

Primary factor, 93. 

Primitive parallelogram of periods, 231. 

Pringsheim, 19, 83, 153, 226. 

Product-form of transcendental integral func- 
tion with infinite number of zeros over whole 
plane, 91. 

Products, convergence of, 83. 

Prym, 382, 388, 399, 441, 501, 513. 

Pseudo-automorphic functions, 739 (see theta- 
fuchsian functions). 

Pseudo-periodie functions, Chap. x11.; 

of the first kind, 302; 
of the second kind, 303; 
properties of (see second kind) ; 
of the third kind, 303 ; 
properties of (see third kind) ; 
on a Riemann’s surface (see factorial 
functions). 
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Pseudo-periodicity of the ¢-function, 283 ; 
of the o-function, 287. 
Puiseux, 187. 


Quadrilateral, area of, represented on half- 
plane, 640; 
determination of fourth angular point, 
three being arbitrarily assigned, 642. 
Quartic transformable into sextic curve, 528: 
into another quartic, 529. 


Raffy, 378. 
Ramification of a Riemann’s surface, 377. 
Ratio of periods of uniform periodic function 
cannot be real, 225. 
Rational function on Riemann’s surface, how 
to construct, 505. 
Rational representation of variables in equation 
of genus zero, 530. 
Rational transformation, 519, 561. 
Rausenberger, 324, 681. 
Real and imaginary parts of functions, how 
related, 9; 
equations satisfied by, 11; 
each can be deduced from the other, 12. 
Real potential function, 439 (see potential 
function). 
Real substitutions, 685 (see Fuchsian group). 
Reciprocity, Brill-Néther’s law of, 510. 
Reconcileable circuits, 356. 
Rectangle, area within, represented on a circle, 
595 ; 
and on an ellipse, 597; 
on a half-plane, 638, 639. 
Rectilinear polygon, convex, represented on 
half-plane, 632 et seq.; 
function for representation of, 634 ; 
equation which secures the representa- 
tion of, 635; 
three angular points (but not more) may 
be arbitrarily assigned in the repre- 
sentation, 636 ; 
determination of fourth for quadri- 
lateral, 641 ; 
three sides, 637 (see triangle) ; 
four sides, 688 (see rectangle, square, 
quadrilateral) ; 
limit in the form of a convex curve, 642. 
Reducible circuits, 356. 
Reducible points, 224, 225. 
Region of continuity, of a uniform function, 
62, 141; 
bounded by the singularities, 63; 
of a power-series consists of one con- 
nected part, 143; 


778 


may have a natural limit, 144; 
of a series of uniform functions, 144 et 
seq.; 
of multiform function, 169. 
Regions in division of plane associated with 
discontinuous group: 
fundamental, 686 ; 
uniform correspondence between, 686 ; 
contiguous, 686; 
edges of, 686 (see edges) ; 
corners of, 686 (see corners). 

Regular functions of two variables, Weier- 
strass’s theorem on, 194-6. 

Regular in vicinity of ordinary point, function 
is, 55. 

Regular polygon, area of, conformally repre- 
sented on a circle, 642. 

Regular singularities of algebraical functions, 
182, 

Regular solids, planes of symmetry of, dividing 
the surface of the circumscribed sphere, 658 
et seq. 

Representation, conformal, 11 (see conformal 
representation). 

Representation of complex variable on a plane, 
2; 

and on Neumann’s sphere, 4. 
Residue of function, defined, 44 ; 
when the function is doubly-periodic, the 
sum of its residues is zero, 248. 
Resolution of Riemann’s surface, 380 et seq.; 
how to choose cross-cuts for, 381; 
canonical, 384; 
when in its canonical form, 395. 

Revolution, surface of, conformally represented 
on a plane, 590, 

Riemann, vy, vii, 8, 10, 14, 22, 149, 204, 210, 
341 et seq., 364 et seq., 398 et seq., 403, 
435, 440, 441, 491, 500, 503, 509, 512, 525, 
527, 530, 549, 593, 620, 754. 

Riemann, J., 441. 

Riemann-Roch’s theorem on algebraic functions 
haying assigned infinities, 503; comple- 
mented by Brill-Néther law, 510. 

Riemann’s definition of function, 8. 

Riemann’s fundamental lemma in integration, 
22. 

Riemann’s surface, aggregate of plane sheets, 
364; 

used to represent algebraic functions,366; 

sheets of, joined along branch-lines, 367 ; 

can be taken in spherical form, 375; 

connectivity of, with one boundary, 376; 
with several boundaries, 378; 

genus of, 377; 


INDEX = 


ramification of, 377; 
irreducible circuits on, 379; 
resolution of, by cross-cuts into a simply 
connected surface, 380 et seq.; 
canonical resolution of, 384; 
form of, when branch-points are simple, 
393 ; 
deformation to canonical form of, 
394; 
resolution of, in canonical form, 396 ; 
uniform functions of position on, 399 ; 
their expression and the equation 
satisfied by them, 401; 
have as many zeros as infinities, 
402; 
integrals of algebraic functions on a, 405 
et seq.; 
existence-theorem for functions on a 
given, 437; 
functions on (see first kind, second kind, 
third kind of functions, algebraic 
functions), 

Riemann’s theorem on conformal representation 
of any plane area, simply connected, on area 
of a circle, 620. 

Ritter, 716, 

Roch, 503, 512. 

Roots of a function, defined, 16. 

Rotations, connected with linear substitutions, 
716; 

groups of for regular solids, 719; 
dihedral group of, 719; 
tetrahedral group of, 721. 

Rouché, 48. 

Rowe, 562. 

Runge, 125. 


Salmon, 385, 397, 506. 
Schlafli, 632, 
Schlesinger, 716. 
Schlémilch, 2. 
Schonflies, 644, 714. 
Schottky, 619, 715. 
Schréder, 153. 
Schwarz, vii, 13, 64, 152, 326, 437 et seq., 473, 
548, 598, 599, 620 et seq. 
Schwarz’s symmetric continuation, 64. 
Schwarzian derivative, used in conformal re- 
presentation, 623, 644 et seq. 
Scott, C. A., 560. 
Second kind of pseudo-periodie function, 303; 
Hermite’s expression for, 306, 308; 
limiting form of, when function is 
periodic of the first kind, 307, 
309; 
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Mittag-Leffler’s expression for, in inter- 
mediate case, 307, 309; 

number of irreducible infinities same as 
the number of irreducible zeros, 
309; 

difference between the sum of irreducible 
infinities and sum of irreducible zeros, 
310; 

expressed in terms of the o-function, 
310; 

used to solve Lamé’s differential equa- 
tion, 310. 

Second order of doubly-periodic functions (see 
also doubly-periodic functions), properties of, 
Chap. xt.; 

of second class and odd, 271; 
connected with Jacobian elliptic 
functions, 274; 
addition-theorem for, 275; 
of first class and even, illustrated by 
Weierstrassian elliptic functions, 277 
et seq.; 
of second class and even, 295 et seq. 
Second kind, of functions on a Riemann’s sur- 
face, 480; 
relation between moduli of periodicity of 
functions of, and those of a function 
of first kind, 485; 
elementary function of, is determined by 
its infinity and moduli, 491; 
normal elementary function of, 491; 
moduli of periodicity of, 492; 
used to construct algebraic functions 
on a Riemann’s surface, 502. 
Second kind, of integrals on a Riemann’s sur- 
face, 428; 

elementary integrals of, 428 ; 

general value of, 430; 

elementary integrals of, determined by 
an infinity except as to integral of 
first kind, 430; 

number of, 431; 

(see second kind of functions) ; 

sum of, expressed by Abel’s theorem, 
576. 

Secondary periodic function, 304 (see second 
kind of pseudo-periodic function). 

Sections for integrals of uniform functions, 
Hermite’s, 64, 156, 210. 

Sector on a half-plane, 601. 

Seidel, 153. 

Semicircle represented on a half-plane, 601; 

on a circle, 601. 

Sequence of interchange along branch-lines 

determined, 369. 
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Series, convergence of, 19. 
Series of functions, expansion in, 126 et seq. ; 
region of continuity of, 147; 
represents the same function throughout 
any connected part of its region of 
continuity, 148 ; 
may represent different functions in dis- 
tinct parts of its region of continuity, 
153. 
Series of polynomials representing analytic 
function, 64, 125. 
Series of powers, expansion in, 45 et seq.; 
function determined by, is the same 
throughout its region of continuity, 
148 ; 
natural limit of, 144, 
Serret, 678. 
Sextic hyperelliptic curve transformable into 
quartic, conditions, 528. 
Sheets of a Riemann’s surface, 364; 
relation between variable and, 366; 
joined along branch-lines, 367. 
Siebeck, 596, 674. 
Simple branch-points for algebraic function, 
198; 
number of, 199, 385; 
in connection with loops, 386; 
canonical arrangement of, 393. 
Simple circuit, 356. 
Simple curve, defined, 22 ; 
used as boundary, 351. 
Simple cycles of loops, 390; 
number of independent, 391. 
Simple element for tertiary periodic functions, 
of positive class, 320; 
of negative class, 322. 
Simply connected surface, 342; 
defined, 344; 
effect of cross-cut on, 345; 
and of loop-cut on, 349; 
circuits drawn on, are reducible, 358; 
winding surface containing one winding- 
point is a, 377. 
Simply infinite system of zeros, function having, 
94. 
Simply periodic functions, 223; 
graphical representation, 223, 237; 
properties of, with an essential singularity 
at infinity, 238 et seq. ; 
when uniform, can be expressed as series 
of powers of an exponential, 239; 
of most elementary form, 241; 
limited class of, considered, 243 ; 
addition-theorem, 


possess algebraical 
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Single connected surface associated with irre- 
ducible equation or with repetition of 
irreducible equation, 375. 

Singular line, 156. 

Singular points, 16. 

Singularities, accidental, 16 (see accidental 
singularity) ; : 

essential, 17 (see essential singularity) ; 

discrimination between, 56, 74; 

bound the region of continuity of the 
function, 62; 

must be possessed by uniform functions, 
72; 

of algebraical functions, regular, 182. 

Singularity of a coefficient of an algebraic equa- 
tion is an infinity of a branch of the function, 
183. 

Slit, effect of, on connectivity of surface, 
350. 

Special function on Riemann’s surface, 508 ; 
is quotient of one adjoint polynomial by 
another, 509. 

Species of essential singularity, 167. 

Sphere conformally represented on a plane, 
591; 

Mereator’s projection, 591; 
stereographie projection, 592. 
Spherical form of Riemann’s surface, 375; 

related to plane form, 375. 

Spherical surface with holes, connectivity of, 
350. 

Spheroid, oblate, conformally represented on 
plane, 593. 

Square, area within, represented on a circle, 
596, 639; 

on a half-plane, 638, 640; 
area without, represented on a circle, 639. 

Stahl, 501, 715, 750. 

Star-shaped region of continuity, constructed 
by Mittag-Leffler, 64. 

Stereographic projection of sphere on plane as 
a conformal representation, 591; 

of curvilinear triangle on the surface of 
a sphere, 657. 

Stickelberger, 294, 501. 

Stieltjes, 163. 

Stokes, 440. 

Stolz, vi. 

Straight line changed into a circle by a linear 
substitution, 607. 

Strip of plane, infinitely long, represented on 
half-plane, 601; 

and on a circle, 601; 
on a cardioid, 628. 
Subcategories of cycles of corners, 703. 
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Sub-rational representation of variables in 
equation of genus zero, 533, 

Substitution, linear or homographic, 605 (see 
linear substitution). 

Sum of residues of doubly-periodic function, 
relative to a fundamental parallelogram, is 
zero, 248. 

Sum of transcendental integrals, Abel’s ex- 
pression for, 567: examples of, 569-572: of 
first kind, 572: of second kind, 576: of 
third kind, 579 : minimum number equiva- 
lent to, 581. 

Surface, connected, 341; 

has a boundary assigned, 342, 350, 357; 
effect of any number of cross-cuts on, 345; 
connectivity of, 346; 

affected by cross-cuts, 348; 

by loop-euts, 349; 

and by slit, 350; 
genus of, 353; 
supposed bifacial, not unifacial, 354; 
Lhuilier’s theorem on division of, into 

polygons, 354; 

Riemann’s (see Riemann’s surface). 

Symbol for loop, 387 ; 

change of, when loop is deformed, 388. 

Symmetric continuation, Schwarz’s, 64. 

System of branch-lines for a Riemanun’s surface, 
369. 

System of zeros for transcendental function, 
simply-infinite, 94; 

doubly-infinite, 96 ; 

cannot be triply-infinite arithmetical 
series, 100; 

used to define its class, 101. 


Tannery, vi, 153. 

Tannery’s series of functions representing dif- 
ferent functions in distinct parts of its region 
of continuity, 153. 

Teixeira, 164. 

Tertiary periodic functions, 304 (see third kind). 

Test, analytical, of a branch-point, 176. 

Tetrahedral division of surface of circumscribed 
sphere, 659 ; 

equation giving the conformal represent- 
ation on a half-plane of each triangle 
in the stereographic projection of the 
divided surface, 663. 

Tetrahedral function, automorphic for tetra- 
hedral group, 726 (see polyhedral functions). 

Tetrahedral group, of rotations, 721; 

of substitutions, 723; 
in another form, 724; 
function automorphic for, 726. 
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Thetafuchsian functions, 738 ; 

exist either only within the fundamen- 
tal circle, or over whole plane, accord- 
ing to family of group, 739 ; 

their essential singularities, 738 ; 

pseudo-automorphic for infinite group, 
740; 

number of irreducible accidental singu- 
larities of, 740; 

number of irreducible zeros of, 744; 

parametric integer for, 746; 

quotient of two with same parametric 
integer is automorphic, 747. 

Third kind, of functions on a Riemann’s sur- 

face, 480; 
elementary functions of, 492; 
normal elementary function of, 491; 
moduli of periodicity of, 492; 
interchange of argument and para- 
meter in, 495; 
used to construct Appell’s factorial 
functions, 515 et seq. 

Third kind, of integrals on a Riemann’s surface, 

432; 
sum of logarithmic periods of, is zero, 
433 ; 
must have two logarithmic infinities at 
least, 434; 
elementary integrals of, 434 (see third 
kind of functions) ; 
sum of, expressed by Abel’s theorem, 
579. 
Third kind of pseudo-periodic function, 303; 
canonical form of characteristic equa- 
tions, 304; 
relation between number of irreducible 
zeros and number of irreducible infini- 
ties, 315; 
relation between sum of irreducible zeros 
and sum of irreducible infinities, 316; 
expression in terms of o-function, 317; 
of positive class, 317; 
expressed in terms of simple ele- 
ments, 319; 
of negative class, 320; 
expressed in terms of Appell’s ele- 
ment, 322; 
expansion in trigonometrical series, 
322; 

Thome, 512. 

Thomson (Lord Kelvin), 440. 

Three principal classes of functions on a 
Riemann’s surface, 480 (see first kind, second 
kind, third kind, of functions). 

Todhunter, 21. 
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Transcendental function, 78 ; : 

it has z= for an essential singu- 
larity, 82; 

with unlimited number of zeros over the 
whole plane, in form of a product, 
84 et seq.; : 

most general form of, 91; 

having simply-infinite system of zeros, 
94; 

having doubly-infinite system of zeros, 
96; 

Weierstrass’s product form of, 99; 

cannot have triply-infinite arithmetical 
series of zeros, 100; 

class of, determined by zeros, 101; 

simple, of given class, 104. 

Transcendental integrals, Abel’s expression for 
sum of, 567: examples of, 569-572: of first 
kind, 572: of second kind, 576: of third 
kind, 579. 

Transcendents, Abel’s theorems relating to, 
561-583. 

Transformation, birational, 519-561 ; effect of, 
on irreducible equation, 521. 

Transformation, homographic, 605 (see linear 
substitution). 

Transformation, rational, 519, 561; effect of, 
on irreducible equation, 522. 

Transformation, uniform, 397; birational (see 
birational transformation). 

Triangle, rectilinear, represented on a _half- 
plane, 637; 

separate cases in which representation is 
complete and uniform, 637 ; 
curvilinear, represented on a half- 
plane, 649 (see curvilinear tri- 
angle). 

Trigonometrical series, expansion of tertiary 
periodic functions in, 322, 

Triply-infinite arithmetical system of zeros can- 
not be possessed by transcendental function, 
100. 

Triply-periodic uniform functions of a single 
variable do not exist, 230; 

example of this proposition, 417. 

Two equations of genus, 544-547. 

Two-sheeted surface, special form of branch- 
lines for, 372. 

variables, 


Weierstrass’s theorem on 


regular functions of, 194-6. 


Two 


Unconditional convergence of series, 19; of 
products, 83. 

Unicursal equations or curves, 530. 

Unifacial surfaces, 354, 362, 
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Uniform convergence of series, 19; of pro- 
ducts, 83. 

Uniform function, defined, 15. 

Uniform function, must assume any value at 
an essential singularity, 56, 58, 106; 

has a unique set of elements in continua- 
tion, 62; 

is constant everywhere in its region if 
constant over a line or area, 67; 

number of zeros of, in an area, 71; 

must assume any assigned value, 72; 

must have at least one singularity, 72 ; 

is polynomial if only singularity be 
accidental and at infinity, 77; 

is rational and meromorphic if there be 
no essential singularity and a finite 
number of accidental singularities, 
73; 

transcendental (see transcendental func- 
tion) ; 

Hermite’s sections for integrals of, 210; 

of one variable, that are periodic, 225 et 
Seq. 5 

of several variables that are periodic, 
233; 

simply-periodic (see simply-periodic uni- 
form functions); 

doubly-periodic (see doubly-periodic uni- 
form functions), 

Uniform function of position on a Riemann’s 
surface, multiform function becomes, 365, 
372 ; 

most general, 400; 
algebraic equation determining, 401; 
has as many zeros as infinities, 402. 

Uniformly converging function-series can be 
differentiated, 147. 

Unity, equations of genus, 536-544. 

Unlimited number of essential singularities, 
functions possessing, Chap. vIt.; 

distributed over the plane, 125; 
over a finite circle, 131. 


Vivanti, 104. 

Von der Mithll, 593, 671. 
Von Mangoldt, 715, 750. 
Voss, 588. 


Weber, 213, 605, 715, 729, 733. 

Weierstrass, v, vii, 14, 46, 55 et seq., 59, 62, 63, 
84 et seq., 108 et seq., 125 et seq., 157, 164, 
194, 264, 282, 326, 340, 500, 501, 510. 

Weierstrass’s @-function, 279; 

is doubly-periodic, 280; 
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is of the second order and the first class, 
281; 
its differential equation, 282 ; 
its addition-theorem, 290; 
derivatives with regard to the invariants 
and the periods, 293. 
Weierstrass’s o-function, 277; 
its pseudo-periodicity, 287; 
periodic functions expressed in terms of, 
288 ; 
its quasi-addition-theorem, 289 ; 
differential equation satisfied by, 294 ; 
used to construct secondary periodic 
functions, 310; 
and tertiary periodic functions, 317. 
Weierstrass’s ¢-function, 278; 
its pseudo-periodicity, 283 ; 
periodic functions expressed in terms of, 
284; 
relation between its parameters and 
periods, 285; 
its quasi-addition-theorem, 289. 
Weierstrass’s product-form for transcendental 
integral function, with infinite number of 
zeros over the plane, 84 et seq. ; 
with doubly-infinite arithmetic series of 
zeros, 99. 
Weierstrass’s theorem on regular functions of 
two variables, 194-6. 
Weyr, 95. 
Wiener, 152. 
Williamson, 21, 41. 
Winding-point, 374. 
Winding surface, defined, 374; 
portion of, that contains one winding- 
point is simply connected, 377. 
Witting, 105. 


Zero, equations of genus, 530-536. 

Zero of a function on Riemann’s surface, how 
estimated in multiplicity, 403. 

Zeros of doubly-periodic function, irreducible, 
are in number equal to the irreducible infini- 
ties and the irreducible level points, 253; 

and in sum are congruent with their 
sums, 254. 
Zeros of uniform function are isolated points,68; 
form of function in vicinity of, 69; 
in an area, number of, 69, 71, 76, 80; 
of transcendental function, when simply- 
infinite, 94; 
when doubly-infinite, 96; 
cannot form triply-infinite arith- 
metical series, 100, 


CAMBRIDGE ; PRINTED BY J. AND OC, F. CLAY, AT THE UNIVERSITY PRESS. 


er ee 
VE REE : 
i a were” 


<* ath . P h«: e 


of 


otal so 
~~ + “Aeon ee 


abo" no ete atv 


2. ~ jt,’ 
* é: a! “ane e . 
" nN oan ati RIAN: Mane vest ¢ m 


” si: el dietitian aed Ways Ares . 
SF 2k a ee 
+ p oe A 


Ce de Be 
_ FFE 
/9ovo 


= 


iq 


PRET 


Arete AS ES 
EER seties reas y 


Uae 
RF A 
PPR 
a 


ie 


PAT be 
oritet ete 


AS 4 ee 
PEM 
AE A 


Falke Bin 3p. 
ot Peop asia ae 


eke, 


FP FP TF 
Pakye tale 
Rake py 


aby ia 


her the 


fuente 
Paniit: 


Cie 


faz ae 


